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PREFACE TO THE THIRD EDITION X 
N^ 


It has been our constant endeavour to mà ‘ ^the ‘book 
increasingly more and more useful to our readers. So in this 
edition distinct changes will be noticed in the text. In the light of 
recent experiences wherever ny improvement was thought 
necessary, that has been done without any consideration for the 
cost of production. The three appendices, namely Aeronautics, 
Trigonometrical Ratios, and Graphs,to the last edition of this volume, 
will not be found in the present edition, for the same had been 
already transferred to Volume I taking such grouping to be more 
reasonable. Short sketches of the lives of many eminent Physicists, 
with their portraits in most cases, have been introduced in this 
edition of Volume II as well as in the case of Volume I. If this 
makes the book more interesting to our young learners and 
arouses in them any urge for more intimate acquaintance with the 
work of these master minds, we shall deem our labours amply 
repaid. Many additional blocks have been included, and some old 
blocks replaced by corresponding new ones with a view to making 
the illustrations more effective, The text has also been enlarged 
here and there to meet the requirements of some more Universities, 
The book now covers the syllabuses of Intermediate Studies of 
most of the Indian Universities. We invite here the attention of 
‘all concerned to the fact that all the worked-out sums, and the 
answers of the problems added to the end of each chapter have 
been checked up again in this edition. 

We must ‘record here our indebtedness to the teachers of 
Physics all through India, Pakistan, Nepal and Burma for their 
wide appreciation of the book. Some of them have also helped us 
by suggesting improvements here and there. We are taking the 
opportunity of thanking them all on this occasion. Prof. Tarapro- 
sad Chatterjee of Victoria College, Coochbehar, deserves our 
special thanks in this connection. 


. Calcutta, j S. C. Ray Chowdhury 
July, 1952 D.j B. Sinha, 
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PREFACE TO THE FIFTEENTH EDITION 


In this edition, the book has again been tried to be thoroughly 
revised and checked up. To meet the syllabus requirements of 
the Orissa, Bihar, U. P. and Assam Universities, a number of new 
additions and alternative treatments of some existing topics 
supported by suitable diagrams have been introduced to make the 
book more useful. Some additional matters for Vol. I of this book, 
meant for the above Universities have also been included which 
will be found in the Appendix. 

Take this opportunity to record here our indebtedness and 
sincere thanks to Dr. R. K. Mitra of the Institute of Radio Physics 
and Electronics, University of Calcutta, for the most valuable help 
he rendered in the revision work. 


Calcutta, April, 1974 ' Publishers 
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PART IV 


LIGHT . 
CHAPTER I 
Fundamentals: Rectilinear Propagation : Photometry 


^ 1. Light :-Our knowledge of the various objects in this world 
and of the different phenomena that occurin nature is derived irom 
the impressions they produce upon our senses. The eye is the 
sense organ which enables us to see the objects around us. Though 
there is no visible link between our eyes and the objects, still from 
the objects something reaches our eyes which creates the sensation 
of vision, This something which enables us to see the objects 
around us is known as light. Light is therefore, the external cause 
of the sensation of sight. Itis a form of radiamt energy to which 
our eyes are sensitive. y 
The branch of Physics which deals with the phenomena of light 
is known as Optics, The subject of Optics is divided into two 


parts— 

(a) Geometrical Optics.—Here the formation of images is 
explained in accordance with certain observed laws purely.by 
geometrical methods without entering into any theory regarding 
the nature of light. The law of rectilinear propagation, the law 
of reflection, the law of refraction, and the Fermat’s principle are. 
the fundamental laws on which this branch of Optics is founded. 

(b) Physical Optics.—It deals with the theories regarding the 
nature and propagation of light and explains the experimental 
facts with the help of those theories. The phenomena of inter- 
ference, diffraction, polarisation, etc. come under this head. 

2. (i) Light is Energy :—Light is a form of energy and it obeys 
the law of conservation of energy. Like all other forms of energy, 
light is also indestructible and can be transformed into different 
forms of energy, such as, mechanical, chemical, electrical, etc. it 
can also be derived from any other form of energy. 

(a) Light energy and Mechanical energy.—The production of 
fire by the rubbing of two pieces of stone, or by pressing a piece of 
metal against a rotating stone wheel, is an example of how mecha- 
nical energy can be first converted into heat energy, which is then 
transformed into light energy. The reverse process, where light is 
transformed into mechanical energy, can be found in the fact that 
when light falis on a surface it exerts pressure on the latter. Io 
1900 Lebédew actually made a thin vane rotate by this mechanical 
pressure. 

(b) Light energy and Chemical energy.— The burning of a 
candle, of a gas in the case of an incandescent gas lamp, etc. are 
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examples where the substances combine chemically with the oxygen 
of the air, and the energy of the chemical combination is transfor- 
med into heat and light. 

The reverse phenomenon, when light energy is transformed into 
chemical energy, occurs in ordinary photographic plates where 
chemical decomposition takes place of certain silver salts when 
exposedto light. The changes so produced are then developed by 
chemical treatment to reveal the picture 

(c): Light energy and Electrical energy.—Modern electrical 
glow lamps are examples which illustrate how electrical energy is 
transformed first into heat and then into light energy. 

Light energy can also be converted into electrical energy. It 
has been found that electrons are readily emitted by certain metals, 
e.g. potassium, caesium, etc, when light falls on them, This pro- 
perty of the above photo-sensitive metals has been utilised to 
produce currents by Photo-cells, which are extensively used in 
modern ‘talkies’ and ‘television’ (vide Ch, X, Part VII, for the 
production of electric current). 

(ii) Light is Invisible.—Light is itself invisible. But it makes 
things visible to us. Light as such is not seen, but the objects 
around are seen with the help of light. The track of a beam of 
sunlight entering through any slit into a dust-free room cannot be 
visualised, but when dust particles are scattered in the path of the 
beam, the track becomes noticeable. The light falls on the parti- 
cles, which arc then scen by an observing eye by the light scattered 
by the particles. 

3. Some Definitions :— : 

Ray.—A ray of light is the path along which the light travels. 
Rays are invisible. They travel straight in the same homogeneous 
medium and can thus be represented by straight lines with arrow 
heads which indicate the direction of travel of the light. 

Beam : Pencil.—4A collection of adjacent rays along a definite 
direction is called a beam. A narrow beam is called a pencil of 
light. -A ray is single and a beam is a bundle of rays. 


A beam of light may be 
(a) parallel, (b) convergent, 
or (c) divergent (Fig. 1). 

Parallel Beam —A beam 
is said to be parallel when 
the rays making thc beam 
L are parallel to cach other, 

" ie. when the rays do not 

per meet each other if produced 
barkward or forward. When light comes from a source placed at 
a very large distance, the adjacent rays are nearly parallel. For 
this reason, the sun’s rays are taken to be parallel. 


Parallel 
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Convergent Beam.—When the rays making a beam are directed 
towards a point, i.e. when in the forward direction the mutual dis- 
tance between the rays decreases gradually and progressively, the 
beam is said to be convergent. 

Divergent Beam.—When the rays making a beant originate from 
a point and diverge out, i.e. when the mutual distance between the 
rays increases gradually and progressively as the light travels for- 
ward the beam is divergent. The rays from any point of asource of 
light spread out in all directions in the form of a divergent pencil. 

The point F (Fig. 1) of convergence or divergence of a pencil 
of rays is called its focus, and the central ray of the pencil is 
usually referred to as the axial ray. 

A substance, or any portion of space through which light can 
pass, is called an optical medium, or simply medium, 

A medium is called isotropic or homogenevus when it has the 
same optical property everywhere ; and a medium having different 
optical properues at different points or regions is called hetero- 
geneous. 

Luminous and Non-luminous Bodies.—All bodies around us are 
either luminous or non-luminous. A body is said to be self-lumi- 
nous or simply luminous, if it itself emits light. It may be used as 
a source of light, The sun, a burning candle, burning coal, etc, are 
luminous, A non-luminous body is that which cannot emit any 
light by itself. lt becomes visible by means of light which it recei- 
ves from other luminous bodies. Most bodies around us are non- 
luminous, eg., Wood, stone, paper, water, etc. The moon is also 
non luminous. It is seen by us by the solar rays scattered by it. 

Non-luminous bodies may be transparent, traaslucent, or 
opaque. 

Transparent bodies ace those through which light can pass with 
only negligible absorption and, às such, an object can be seen dis- 
unctly through them e.g. glass, air, etc. 

Translucent bodies are those which allow a part of the light 
incident. on them to pass through and scatter or absorb the rest. 
Through them other bodies can be scen but not so distinctly as in 
the case of transparent bodies, Greased or oiled paper, ground 
glass, waxed paper, etc. are translucent, 

Opaque bodies are those which do not allow any light to pass 
through them and so no object can be scen through them, eg. 
stone, wood, etc. 

The'difference between transparent and opaque bodies is often 
a question of thickness. Thus a thin leaf of silver can transmit 
some light, but a thick slab of silver is opaque. Though water is 
transparent, an object at a great depth of water cannot be scen. 

Visibility of an object — For us to sec any point of an object, 
some rays from the pomt must reach the eye. In the case of a 
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luminous body, rays diverge out from each point of it in all possi- 
ble directions and some of them reaching the eye makes the point 
visible. But a non-luminous body, in order to bə visible, must 
receive light from other sources of light, some of the incident light 

_ being scattered by it. Any point of the body will be seen, if some 
of the rays from the scattering point reach the observing eye. 


4. Rectilinear Propagation of light :—In a homogeneous trans- 
parent medium light travels in straight lines, In other words, pro- 
pagation of light is rectilinear. 


Expt.—To show that light travels in straight lines, take two 
cardboard screens A and B 


c B (Fig.2) and make a small pin- 
TEN UR a an ieas E "Ft hole in each. Place a candle 
flame C and the two screens 


in such a way that the two 

holes A and B and the middle 

4 Fig. 2 of the flame are in the same 

straight line. Now, placing the eye E behind the screen B in the 

same straight line, the flame will be visible. If, however, any of 
the screens is displaced, the light is immediately cut off. 

The most common illustrations of the rectilinear propagtion 

of light are, (1) the formation of shadows, and (2) the formation 

of inverted images by a pin-hole. 


5. Shadow :—When an opaque body is placed in front of a 
source of light, the rays in that direction are intercepted and conse- 
quently the space beltind the body, where light cannot enter, is in 
darkness, The boundary of this darkness, formed ona screen. held 
behind the body, is a geometrical form and is called the shadow of 
the body. Thus a shadow is a consequence of the rectilinear pro- 
pagation of light. Formation of shadows is possible, because light 
cannot bend round the corners of an opaque body, as sound can. 


Different Cases of Shadow Formation.— 


(i) Point Source and Extended Obstacle.—Let L (Fig. 3) be a 
point source in front of which a spherical opaque object AB is. 
placed and S,a screen held 
behind AB. Let LA and LB be 
two tangents drawn fromL to 
the spherical body, and let 
LA and LB meet the screen at 
A’ and B' respectively. If 
light travels in straight lines 
in an isotropic medium (e.g. 
air), the cone of light ALB 
will be intercepted by the Fig. 3 
body AB. The projection of this cone on the screen S will be a 
circular plate of darkness A'B’, which, therefore, is the shadow of 
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AB, The shadow, in this case, is a diverging one, for it increases 
in area as the screen S is shifted to greater and greater distances. 


(ii) Extended Source smaller than the Obstacle.—Let S be a 
source smaller than the opaque spherical object G (obstacle) 
behind which the screen DA is placed (Fig. 4). The extended 
source S may be regarded as a collection or assemblage of point 
sources only. Two extreme points (atthe ends of diameter) are 
taken on the source S, corresponding to each one of which a cone 
of light is stopped by the obstacle G, Thus the area limited by C 
and A on the screen does not receive any light from one of the 
points referred to above, and again the area limited by D and B 
does not get any light from the other point. 


The area, limited between D and A, generally known as the 
shadow, is not uniformly dark everywhere. The nature of shadow 
will be a circular plate of complete darkness of diameter CB 
surrounded by a less dark ring of internal diameter CB and 
external diameter DA. Thus the circular area of diameter CB 
does not receive any light from either of the 
two extreme points of the source, i e. it does 
not receive any light from any point of the 
source at all and is, therefore, completely 
dark. This region is called the umbra of 
the shadow, No part of the source can be 
seen from any- point within this umbral 
cone. The area of the ring limited between 
the internal diameter CB and the external 
diameter DA is under a different condition. ^ Fig. 4—Umbra and 
Such areas receive light from some parts of Penumbra, 
the source but do not get light from the other parts. These areas, 
are therefore, partially dark or partially lightened. From such 
regions, some parts of the source can be seen while the other parts 
are invisible. Such regions are called penumbra. The umbra and 
the penumbra in this case increase or decrease as the distance of 
the screen from the obstacle increases or decreases, ie., they are 
diverging in character. 


Umbra and Penumbra.—Umbra is that portion of the shadow 
of an object which is completely 
dark and from which no part of 
the source of light is visible. 
Penumbra is that portion of the 
shadow which is only partially 
dark and from which some parts 
of the source are visible. 


(iii) Extended Source 


Jarger than the Obstacle.—Let 
Fig. 5 S be the source, G the obstacle 
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and DA the screen (Fig. 5). Bv considering two extreme points 
(at the end of a diameter) on the source, it will be found that the 
two divergent cones of light from them, which, are intercepted by 
the obstacle G, produce the umbra CB and the‘penumbra CD and 
BA, The penumbra is divergent, but the umbra, convergent. If the 
screen is shifted away from the obstacle, the umbra progressively 
reduces in size and finally, when the screen is at apex of the 
umbral cone, the umbra reduces to a point. After the crossing of 
the apex when the screen is at D,A,, an area C,B, is found which 
is not at all in shadow but is lighted. If an observer looks to the 
source from such a region, the middle portion of the source will 
not be seen due to the obstacle G but the peripheral portion (outer 
portion) of the source will be visible. 


6. Eclipses :—When the shadow of one celestial body falls on 
another, an eclipse occurs. The lunar eclipse and the solar eclipse, 
which we sometimes observe, are natural instances which illustrate 
this truth, The shadow formation being a result of the rectilinear 
propagation of light, the phenomena of eclipses establish the truth 
of the rectilinear propagation of light generally. 

To understand the solar and the lunar eclipses it is well to 
remember that the sun is a very large luminous source round 
which the earth moves in its orbit with a definite periodic time, 
while the moon moves round the earth, in an orbit inclined at an 
angle of about 5 degrees with respect to the orbit of the earth, in a 
definite period of its own. 


Luner Eclipse.—It occurs during the full moon period, i.e. when 
the earth lies between the sun and the moon (Fig 6). As the sun 
is larger than the earth (which 

acts as an obstacle), umbra and 

X penumbra will be produced, 

as shown in Fig. 5, where the 
umbra isconverging. The size 
of the earth is such that apex 
O of the umbral cone is always 
: ; well beyond the moon’s orbit. 

Fig. 6—Lunar Eclipse. When the moon, in course of 
f: its rotation ‘round the earth, 
s completely into the umbra of the earth's shadow, the moon 

is totally out of view from the earth’s surface, and the pheno- 
menon is called the total eclipse of the moon. If the moon is 
pay in the umbra and partly in the penumbra, as is depicted ‘in 
ig. 6, the eclipse observed is partial. Before an eclipse starts, 
there should be a period of diminished brightness for the moon ; 
for, preceding an eclipse, the moon has to pass through the pen- 
umbral region when it does not get light from all parts of the sun, 
Again, when it emerges out from the state of total eclipse, it does 
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not at once attain its full brightness, for it has to cross the pene 
umbra] region where it does not get light from all parts of the sun, 


The lunar eclipse does not occur at every full moon, because the 
shadow of the earth is not always formed on the moon, the orbit 
of the moon being inclined to that of the earth by about 5 degrees. 


Solar Eclipse.— It occurs during the new moon period, i.e. when 
the moon lies between the sun and the earth (Fig. 7). The moon 
acts as an obstacle and, as it is very small compared to the sun, the 
umbra produced is too much con- 1 
vergent, The umbral cone is cut 
by the surface of the earthatsome 
position a little earlier than the 
apex. A small ‘portion CB of the 
earth s surface, by whichthe um- 
bral cone is intercepted by the 
earth) is in complete darkness I 
though facing the sun. To the i 
people in this area, the sun will Fig. 7—Solar Eclipse. 
be completely out of view and for them it will be a case of total 
eclipse of the sun. To the people of the penumbral zones like CD 
and BA round the zone BC of total eclipse, the sun will be only 
partially in view and for them it will be a case of partial eclipse 
of the sun. The nature of the partial eclipse will depend on the 
position of the observer. ; 


The umbral and penumbral cones do not touch the earth's 
surface at every new moon, because (i) the plane of the moon's 
orbit is inclined to that of the earth by about 5 degrees, and (ii) the 
distances of the earth from the sun and the moon vary and conse- 
quently the earth often goes too much beyond the umbral cone, 
So the solar eclipse does not occur at every new moon. 


Áhnular Eclipse of the Sun.—1f the earth is placed a litle 
beyond the apex of the umbral cone of the moon during the new 


Fig. 7(a)-—Annular Eclipse of the Sun. 
moon period. which of course, is not a frequent event, an observer 
P (Fig. 7(a)}, lying within the geometrical prolongation of the 
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umbral cone limited by C and B, will only see the outer ring of the 
sun's disc round the central part GH which will be in complete 
darkness due to intervention of the moon. Such a phenomenon is 
called the annular eclipse of the sun. 

Eclipse of a Satellite — The other planets of the solar system 
have their own satellites, which revolve round them just as the 
moon, which is the satellite of the earth, revolves round the earth, 
"When in course of its motion a satellite enters into the shadow 
cone of the planet, an eclipse occurs. It will be found in Chapter 
VIIL that Róemer determined in 1676 the velocity of light from a 
study of the eclipses of the innermost satellite of the planet 
Jupiter, 

7. The Pin-hole Camera :—This is another interesting appli- 
‘cation of the rectilinear propagation of light. It consists of a 
rectangular box EFGH (Fig. 8) having a hole O of the size of a pin 
prick in the front wall and a ground glass screen FG at the back. 
The interior of the box, except the screen FG, is preferably painted 
black to avoid internal reflections. Consider a luminous object AB. 
Light is emitted from every point of the object in all directions. 
Of this, a narrow pencil of rays 
passes through the aperture O 
of the camera and produces on 
the ground glass screen placed 
at FG, a small patch of light 
B,A,, which is the image of 
" object. On the screen, A, 
: > is tbe image of a point A and 

„bibe Fig: EPI bove Camera. B, that of the polat, B, assum- 
ing light to travel in straight lines in the same medium. Thus an 
inverted image is obtained on the screen, The inversion of the 
image, which has been possible due to the rays proceeding. straight 
and cutting each other at the pin-hole, establishes the truth of 
. fectilinear propagation of light. The size of the image is directly 
proportional to the distance of the screen from the aperture for, 


_AB _ distance of object from the pin-hole 

A,B, distance of image from the pin-hole 
Effect of Enlargement of the Hole.— By making the aperture 
larger, a bright image is obtained, but it becomes blurred ; ana if 
the aperture is made very large, then, instead of any image being 
uen on the screen, only a general illumination on a portion of 
, € screen will be prodüced. For, a large aperture may be consi- 
ades be made up of a number of small apertures, due to each 
s eor € —-— rige the screen ; by the overlapping of 

e boundary of the resuli i 

blurred and no distinct image is D rm ae oed becomes 


Sometimes round or oval patches of sunlight are formed on the 
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wall of a room. They are nothing but images of the sun formed 
by rays which enter into the room through small holes or aper- 
tures in the opposite wall. ` 

A photograph may be taken with the-help ofa pin-hole camera 
by substituting a photographic plate for the screen, but the size of 
the aperture being small, a much longer exposure will be required 
than with the usva) lens-camera. The similarity of the photograph 
in every detail of the picture with corresponding positions of the 
object, is also a result of the rectilinear propagation of light. 


8. Radiant Energy and its Nature :—The radiations emitted by 
a hot body are composite in character and they have varied 
popne The appropriate radiations among them exhibit effecte 
ike heat effect, light effect, chemical effect, and so on. But these 
radiations, whatever might be their individual effect, have the 
same fundamental form. As far as our present knowledge goes, 
the form bas, however, dual aspects. In a class of phenomena, 
the radiations behave as waves while in others they bebave as 
particles, These waves are transverse electro-magnetic waves 
The different effects, heating, lighting, chemical, etc. depend on the 
wavelength. Very long waves (having wavelength between 25,000 
to 5 metres! are suitable for wireless transmission, shorter waves 
(0:04 cm. to 0°0008 mm.) give radiant heat or light; still shorter 
waves, namely, the ultra-violet waves, exhibit chemical effects. and 
soon. Besides this similarity as waves, radiant energy whether ín 
the. form of heat, or light, travels in vacuum at the same speed, 
namely at 186,000 miles per second, the speed being slightly less 
in material media. 

It is generally believed now-a-days that as wavelength diminis- 
hes, radiant energy takes on more and more particle-likebehaviour. 

A beginner need not, however, go into such enquires. It is 
well enough for him to look upon light as a form of transverse 
wave-motion. A medium is necessary for such waves to be set. up 
and propagated. The medium must have some essential properties, 
Huygens assumed the existence of such à medium and called it 
ether (also written as eather), It pervades all gum whether à 
vacuum or a solid, liquid, or gas. The existence of ether has been 
neither proved nor disproved. But the idea remains a grand one 
and is very convenient for the beginners, 

In the radiant energy emitted by a hot body a portion only is 
in the form of light. 

Light is, therefore, defined as that part of energy radiated from 
a body which produces the sensation of vision upon the human eye. 

With increase of temperature, the proportion of radiant energy 
emitted from a body increases, and at the same time the wave- 
fength of the shortest wave emitted diminishes. The ratio, 

energy radiated in the form of light 
total energy radiated by the body 
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is known as the luminous efficiency of radiation by the body. The 
luminous efficiency, therefore, should increase with increaseof tem- 
perature of the body, as the short waves which excite vision also 
increase. But this efficiency attains a maximum value when’. the 
temperature is such that the shortest wavelength emitted is 0°0004 
mr., the limiting wavelength for vision ; for, a further increase of 
temperature only increases the total energy radiated without 
increasing the percentage of light. We know of no source of light 
for which the luminous efficiency is cent per cent. 

In connection with radiant bodies, terms like red-hot, white-hot, 
etc. are often used. Their meanings are quite simple. As already 
pointed out, one should remember that of the radiations emitted by 
a body only a limited range of wavelengths (red rays to violet rays) 
excite the human eye. The radiations emitted by a body are in the 
form of heat rays only and have no light effect, as long as the 
temperature is below that at which it becomes red-hot. A body is 
red-hot when its temperature is such that it begins to emit red rays 
in addition to the heat-rays and these red-rays reaching the eye of 
an observer make the body look red-hot to him. As the tempera. 
ture increases further, waves of smaller wavelengths are produced 
more and more and the appearance of the colour of the body 
changes. At quite high temperature, the whole range of wave- 
lengths of the visible region, from red to violet, is emitted and 
their combined effect on the eye is that the body looks white hot. 


For a body to act as a source of light, its temperature should 
be generally high. The sun which is a huge mass of incandescent 
matter is at a very high temperature and forms tbe source of all 
natural light available to us, ' 


9. Some Photometric Definitions : — 

Unit Solid Angle.—In a sphere of radius r, the angle subtended 
by an area, r?, on its surface, at the centré of the sphere is called 
an unit solid angle, 

Obviously, the solid angle subtended at the centre of this 
sphere, by an area A,on the surface, is o— A/r*. If the total surface 
of the sphere is A, then the total solid angle subtended by it at the 
centre, w= 4nr?/r? — 45 ; because the surface of a sphere = 4nr?, 


Luminous Flax.— r 


We have noted above that only a small portion of the total 
energy radiated by a body is capable of producing visual sensation. 
If we can evaluate an amount of energy in terms of its capacity to 
produce visual sensation, we would obtain what is termed the 
luminous flux which is the light equivalent of the radiant flux. The 
basis of the evaluation is an internationally agreed set of values 
So the ‘luminous flux’ may be defined as the light equivalent of 
energy radiated per second. í 


FUNDAMENTALS : RECTILINEAR PROPAGATION : PHOTOMETRY 11 


Luminous Intensity.— 


If a body is a luminous source, it would appear as more or less 
intense according as it cmits more or less luminous flux. A con- 
venient measure of this property is the amount of lup inous flux 
radiated by the body per unit solid angle. If the body is an 
extended one, this property would depend also on the direction of 
flow of the luminous flux. So in specifying the light giving pro- 
perty of a body there must be a reference to the direction of the 
flow of the radiated flux. The term ‘luminous intensity in a parti- 
cular direction’ is used to convey the above meaning and is detined 
as the amount of luminous flux given out by a body per unit solid 
angle in that direction. The above definition applies equally to 
self-luminous or non-luminous bodies. Formerly, the expressions 
‘illuminating power’ or ‘intensity of emission’ of a source were used 
to mean what is described above as luminous intensity. 


If Q is the amount of luminous flux emitted by a body uniformly 
in all directions its luminous intensity in any direction is @ since 4n 


is the total solid angle around the body. 


Illumination.—- 


If a hollow sphere of radius r encloses a source of light at its 
centre, the amount of luminous flux falling per unit area of the 


internal surface of the sphere will be dapi Where Q=total flux 


emitted by the source. This quantity represents the illumination of 
a surface which may thus be defined as the amount of luminous flux 
incident on unit area of a surface, the area being placed normally to 
the direction of flow of the flux. 

Previously the practice was to use the term intensity of illumina- 
tion to mean the above but now-a-days only ‘illumination’ is used 
to mean the same thing, the purpose being to avoid confusion with 
and to differentiate from the other term ‘luminous intensity’. 

Sometimes the term ‘brightness’ is used to mean the same pro- 
perty as ‘illumination’. The modern practice, however, is to 
restrict the use of the term ‘brightness’ to only those cases of mea- 
surements where the subjective impressions which the illumination 
produces are also taken into consideration. 


10. Difference between luminous intensity and illumination :— 
The essential difference between ‘luminous intensity’ and ‘illumina- 
tion at a surface’ is that the former refers fo a source and is 
measured by the emitted flux per unit solid angle of it while the 
latter is the incident light flux per unit area of a receiving surface. 


11. Laws of Illaminationt—From the above definitions of 
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illumination the two important laws of illumination given below 
follow directly. 


(i) The Law of Inverse Squares.—When illumination on a 
surface is due to normal incidence of rays, its variation with 
distance is given by this law. 


Let S (Fig. 9) denotes a point source of light placed at the 
centre of a hollow sphere A of radius r,, and B, a concentric 
hollow sphere of radius r; by which the sphere A may be 
replaced. 

Let us successively consider the illumination of the internal 
surfaces of each of the two spheres, A and B, due to the same 
source S. If Q is the total flux emitted 
by S, the illumination of the surface of 


A will be, I iS 
1 


z» and similarly that 


of B will be Ip = 2. Now if P is the 
4ar 

luminous intensity of the source, then by 

definition, P= £ . 


Thus, he and Ip = 


In other words, the illumination at a 


point due to a source of light varies inversely as the square of the 
distance of the point from the source. This is often referred to as 
the law of inverse squares. 


(ii) Lambert's Cosine law for Oblique Illumination.— 


This law is really derived from the definition of illumination, 
the ‘illumination’ being defined as the measure of the light flux 
incident on a unit area of the surface when this area receives the 
rays normally. 


1f, therefore, a small plane surface AB (Fig. 10) ri Aoi S 
inclined at an angle @ to the 
direction of incidence of the 
light rays.coming from a point 
source O be considered, then 
the illumination /' on the 
surface (for oblique incidence 
of rays) the area S being 
small, will be given by l'—Q'IS, where Q'. if ine flux contained 
within the cone AOB. Now had the surface been normal to the 
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direction of incidence, the area receiving the same amount of flux 
Q' will be S cos ô so that the illumination for normal incidence 


I will be given by, 
I= Q'|S cos 0 
That is, I'—Icos 0. 


In other words, if a surface is inclined with respect to the 
direction of flow of flux by an angle 6, the illumination of the 
surface will be reduced in the ratio cos 0 : 1. This is Lambert's 
Cosine law of illumination. 


12. Units and Standards :— . 


The three basic terms in photometry are luminous flux, luminous 
intensity and illumination. For measurement and comparison it is 
necessary to have a reference standard of at least one of these three 
quantities and also a suitable unit for it. In photometry, the 
primary standard maintained is that of ‘luminous intensity’. To 
realise this standard practically various prototypes have been pro- 
posed and used up to now. They may be classified under two 
heads (a) flame standards, and (5) temperature standards. 


(a) Flame Standards. — 


The following three flame standards are historically the most 
important, 

(i) The Standard Candle (ii) Vernon Harcourt Pentane Lamp 
and (iii) Hefner Standard Lamp. 


(i) The Standard Candle.— 


It is a candle made of a spermacetic wax, f inch in diameter 
weighing one-sixth of a pound and burning at the rateof 120 grains 


per hour. 

The illuminating power (luminous intensity) of this candle in the 
horizontal direction was the old British standard for illuminating 
power and its illuminating power was called unit illuminating 
power and designated as one candle-power,CP.). So the term 
candle-power, used almost universally in photometry, owes its name 
to the standard candle. 


Note.—This standard was subsequently found not to fulfil the requirements 
of a true standard, for its illuminating power was found to vaty, though slightly, 
with factors such as, pressure, temperature, humidity. CO,-content of the air, 
the shape of the wick, etc. So it stands abolished to day asa standard though 
the name candle-power still remains to represent the luminous intensity of a 


light source. 
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(ii) Vernon Harcourt Pentane Lamp.— 


Supply pipe for pentane vapour This lamp superseded 
the old British standard 
candle and is still used 
as the British standard 
of luminous intensity, 
and until January, 
1948, served ako as 
the international stan- 
dard. 


By this lamp (Fig. 11) 
a flame is produced by 
burning the vapour of 
pentane oil (a light volatile 
oil derived from paraffin) 
and the lamp has no wick 
in it. 

The illuminating power 
of other sources used to be 
referred to this lamp as 
a primary standard until 

Fig. 11 -The V.H. Pentane Lamp. January, 1948, and its 
illuminating power was taken as 10 c.p., fore flame of standard 
specifications. 


(iii) Hefner Standard Lamp.— 


This lamp (Fig. 12) is the German standard of illuminating 
power. A specially construc 
ted wick of untwisted cotton 
is used in thislamp and the 
fuel used is a pure grade of 
amyl acetate When pro- 
perly adjusted, the illumi- 
nating power of the flame, 
reduced to standard condi 
tions of pressure, humidity and 
CO,-content is one Hefner 
candle-power. One Hefner 
candle-power is equal ,to 0:9 
old British candle-power Vig. 12—The Hefner Lamp. 

» Temperature Standard. — 

, is is the most recent standard and its working principle li 

in the fact that a body at high temperature emi PE d. 
te luminous intensity of à source of freezing platinum constitutes 

this standard. This standard was introduced on January 1, 1948, 


by the Comité International des Poids et Me i 
t > asures, and is 
internationally accepted standard, Tee 
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Units 
Unit of Luminous Intensity. —The modern unit for it is called 
the candela which is dg of the luminous intensity of the new interna- 
tional primary standard (freezing platinum). 


If it is stated that luminous intensity of a source is 25 candelas, 
it means that the stated luminous intensity is 25 of the luminous 
intensity of the primary standard. 

[ N.B.—-Relation Between ‘Candela’ and the old unit ‘candle- 
power’. The primary standard has been found to have a luminous 
intensity of about 59 units of the original candle-power per square 


centimetre of the source. Thus one candela equals $0 of one c.p. 


(original) }.. 
Depending on the design of a source, the luminous intensity of 


a source varies in different directions and so the following two 
terms have been found to be important in photometry from 
practical considerations. 

Mean Horizontal Candle-Power (M.H.C.P) 

ìt is the average value of the luminous intensity (measured in 
candle- powers) of a source of light in all directions in the horizon- 
tal plane passing through the source of light. 

Mean Spherical Candle-Power (M.S.C.P.) 

It is the average value of the luminous intensity (measured in 
candle-powers) of a source of light in all directions round thc 
source, and is therefore, the same as the candle-power of an ideal 
source of light which radiates the same luminous flux uniformly in 
all directions. 

Unit of Luminous Flux.—It is called the Lumen which is defined 
as the amount of luminous flux emitted per unit solid angle by a 
source having a luminous intensity of one Candela. 

Thus the total flux emitted per second by a source of luminous 
intensity of 1 candela is 47 lumens, 

Unit of Illumiaation.—Here the unit is defined as that illumina- 
tion (previously called intensity of illumination) which is produced 
on a surface of unit area placed normally to the direction of flux 
at a distance of unity from a source emitting one lumen of luminous 
flux. 
In the above definition, the unit is called one foot-candle if unit 
arca is taken as one square foot and the uait distance as one foot. 
It is called a metre candle (or lux), if unit area is taken as one 
square metre and unit distance as one metre. It is called a centi- 
metre-candle (or phot) if unit area is taken as one square centimetre 
and unit distance as one centimetre. 
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Conversion Table 
1 metre-candle=1 Lux =1 lumen per sq. metre, 
1 centimetre-candle=1 Phot =1 lumen per sq. cm. 
=10* lux. 


1 foot-candle=1 lumen per sq. ft. =10°764 lux, 

So, Lumens -:foot-candles xarea in sq. ft. 
=metre-candles xarea in sq. metres, 
=centimetre candles xarea in sq. cms. 


It may be noted that illumination on the earth surface due to 
the Full Moon is approximately equal to 1 foot candle, and that 
due to the sun is 60,000 foot-candles. The average eye can see 
conveniently and without strain if the object it is looking at has an 
illumination of 3 to 6 foot-candles. 


13. Photometry :—The science of measurement of light is called 
photometry (Gk. photos, of light, metron, a measure), and the 
photómeter is the instrument for doing the measurement. There 
are different types of photometers for different measurements, For 
the measurement of ‘luminous intensity" (called illuminating 
powers formerly) two simple photometers are described below : 


14, Photometers :— 

The Optical Bench.— It is a long and narrow bench, metallic or 
wooden, placed on stands having levelling screws by means of 
which the bed of the bench may be made truly horizontal (Fig.13). 
A scale is attached to the bench or etched on it along its entire 
edge. On the bench there are some sliding carriages each provided 
with a stand or upright which can hold an optical element such as 
a lens, mirror, slit or screen. Each carriage has on its front face 


Fig. 13—An Optical Bench. 
à vertical mark, called the index-mark which gives the position of 
the optical element the carriage holds, and the position of this 
optical element on the bench is determined by the reading of this 
mark against the scale, Any error made in the fixing of this mark 
introduces an error, called the index error in the determination of 
the position of the optical element concerned. 


nated by the gas lamp 
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The index error, for the distance between two optical elements 
mounted on the stands, is determined as follows. A thin rod, 
called the Index rod, whose length is accurately measured by 
means of a scale is held between the two objects parallel to the 
bench such that the ends just touch the two objects. Thus the real 
distance, say b, between the objects at those positions is equal to 
the length of the rod. Read the positions of the two index marks 
on the carriages concerned against the- scale of the bench and hence 
find out the apparent distance, say b,, between the objects. So 
(b, — b,) is the index error, and the correction to be applied will 
be (b, —b,),to be added algebraically to the apparent distance, 
This error, and so the correction, will remain constant even if the 
distance between the objects is changed provided the objects always 
remain normal to the bench, 

(a) Rumford’s Photometer.—In this photometer an opaque rod 
C is vertically fixed in front of a ground glass screen S (Fig. 14), 
Two lights A and B whose illuminating powers are to be compared 
are placed in front of the rod, and their distances from the screen 
are so adjusted that the two shadows A,, B,, which are formed 
side by side on the screen corresponding to them, are made equally 
dark, Both the shadows being equally dark the intensity of illu- 
mination on thé screen (i.e., in the position of the shadows) due to 
both the sources must be the same. 


For, the shadow cast by the rod cutting off rays from one 
source is illuminated 
by the other source, 
that is, the shadow of 
the candle A is illumi- 


B, while the candle 
illuminates the 
shadow corresponding 
to the gas lamp. 

‘If P, be the illumi- 
nating power of the 
candle and d, be the 
distance of the candle Fig. 14—Rumford's Photometer. 
from the shadow cast 
by the gas lamp, Ps be the illuminating power of the gas lamp and 
d, be its distance from the shadow cast by the candle then the 
intensity of illumination on the’ screen due to the candle=P,/d,*, 
and that due to the gas lamp=P,/d,?. E P^ 
Since the intensities are equal, we have, a ; or, i m m 

1 2 
That is the illuminating powers of the two sources of light are 
directly proportional to the squares of their distances from the 
screen at the position of balance. 


Vol. II (L)—2 
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(b) Bunsen’s Grease-spot Photometer.—I[n this photometer 
(Fig. 15), on an optical bench EF the two sources of light, A and B, 
are placed on opposite sides of a white paper screen C. Tho 
screen „C, called the photometer head, consists of a piece of white 
paper with a spot of grease or oilin the middle. The heights of 
the two sources of lieht and the grease-spot are so adjusted that 


Fig. 15—Bunsen’s Photometer. 


their centres are on the same horizontal line. The grease-spot 
being more translucent than the rest of the paper allows more 
light to pass through it, and so, if the screen is illumained by one 
of the sources only and observed from the same side, the spot sends 
back less light to the eye by reflection than the rest of the paper 
and'so the spot appears darker than the rest of the paper. When the 
Observer looks at it from the other side, ie. by transmitted light, 
the spot appears brighter than the rest, The same thing happens in 
case only the other source is used. If now the screen is illuminated 
by both the soprces, one from each side, and distances of the 
two sources from the grease-spot are so adjusted that the spot is 
made equally bright on either side, i.e., both sides look alike, the 
illumination at the screen due to both the sources is equal. If d, 
and d, be the distances of the two sources (having illuminating 
powers P, and P.) from screen, we have, 


Pi di* 


P. d” 


Even at the position of balance the grease-spot will be less bright 
than the rest of the photometer head.— When the intensities of 
illumination dn the two surfaces of the spot are equal, each surface 
will lose by transmission to the other side and gain by transmission 
from the other surface such quantities of light as will be identical 
in case of both the surfaces. So the condition of equal intensity 
will be the condition of equal brightness of the two surfaces. At 
this condition of cqual brightness of two surfaces of the spot, each 
surface will however, be less bright than the rest of the white paper 


i 
| 


= 
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of the screen. For, considering any one face, the light incident on 
the rest of the paper is almost wholly reflected, whereas, of the 
light incident on the greased portion the loss due to transmission to 
the other side will not be wholly compensated for by the light 
gained by transmission from the other side, because an appreciable 
portion of this transmitted light will be absorbed by the grease or 
oil. So, for each face of the screen, the quantity of light reaching 
the eye of the observer from the grease-spot will be less than that 
from the rest of the white paper, That is why the grease-spot will 
be less bright than the rest of the paper. 


In other words, the position of the photometer head for equal 
illumination on either side will really be the case of equal contrast 
in illumination between the opaque and transparent portions of the 
screen. 


Improved - Photometer Head.—In Bunsen’s photometer the 
screen with the grease-spot 
is often provided with two Grease spot screen 
plane mirrors inclined at 
equal angles on the two 
sides of it, so that an 
Observer may ‘see both the 
faces of the grease-spot at 
the same time by reflection 
from the two mirrors as in 
Fig. 16, each face of the 
screen being logked at by 
one eye. This arrangement 


helps the observer in make- 
ing his judgment of equal To the eye 
illumination by observing Fig. 16 


both the surfaces simultaneously without movement of the eye, 


15, To verify the law of Inverse Squares with the help of the 
Bunsen's Photometer :—Take four candles (arranged close together) 
on one side and one candle on the other. Proceeding as suggested 
in the above experiment, it will .be found that the row of four 
candles will require to be twice as far from the grease-spot as the 
single candle for equal illumination. 

PM . t 

Then, we have, WT 4 DUE 


Similarly, if two electric bulbs of different candle powers, say 
P, and P, (which are known), are fitted on the stands on the two 
sides of the spot and their positions adjusted for equal illumination 
of the spot, it will be found that the ratio of P, and P, satisfies the 
ratio of the squares of their respective distances from the spot. 


The law is thus verified. 
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16. Mathematical Treatment of the Bunsen’s Photometer :— 
Let q,, qa be the quantities of light falling per second on unit area 
of the screen C (Fig. 15) from the sources A and B respectively, 
Suppose a is the fraction of unit quantity of incident light diffusi- 
vely reflected from the greased portions of the screen. Then (1 -a) 
will represent the fraction that should be transmitted. But, owing 
to the partial opacity of the spot, exactly this fraction will not be 
transmitted. Let k(1—a) be transmitted, where, k is a constant, less 


than unity, depending on the power of absorption of light by the 
grease. . 


Hence, the total quantity of light reaching the eye, on the side 
of the source A, from unit area of the greased surface=q, Xa by 
reflectior+q,k(1 — a) by transmission. Similarly, the quantity of 
light reaching the eye on the other side—(q3 x a)--q, k(1— a). 

., At the position. of balance, we must have, 

. 14+4,K(1—a)=q.a+q,k,(1-a), 
“+ Qia-kl-a}=q,a-k(1-a}. .. q,-q,. 


Considering the ungreased portion of the screen, the same result 
may also be arrived at. The only difference in the two cases will 
be in the values of the constants a and k, and the total quantity of 
light reaching the eye on either side of the screen in this case will 


be greater. Therefore, at the position of balance, q, being equal 
to qz we have, 


272,75, - 4 where P,, P, are illuminating powers of 
1 2 


the lamps, and d, and d, the respective distances of the lamps 
from the photometer head at the position of balance. 


17. Lummer-Brodhun Photometer:—The Lummer-Brodhun 
photometer is extensively used in accurate measurements on 
Photometry based on the visual Observation. The attached figure 
(Fig. 17) shows an arrangement of the photometer, Ais a screen 
of some pure white material like barium sulphate. The two sur- 
faces of 4 are illuminated by two sources S, and S,, whose lumi- 

_ nous intensities are to be compared. P, and P, are two isosceles 
right-angled prisms and D is a combination of two right-angled 
prisms which are in. contact only in the central region of their 
bases with Canada balsam, The outer region of the bases are 
separated by a thin film of air. The whole arrangement is to be 
enclosed in a chamber blackened inside. T is a teléscope for recei- 
ving light from D through a window in the chamber. First let us 
Suppose that the rays from S, only fall on the left face of A. 
They are then scattered from A and some of these ‘scattered rays 
XL, 2, 3) fall on the prism P, and next on the left component of D. 
The rays 1 and 3 here get totally reflected at the glass-air interface 
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of fhe base but the ray 2 enters T directly without any deviation. 
So in the telescope the central region becomes brighter and the 
outer portion comparatively darker. Again if we suppose that the 
rays from S; only fall on the right face of A. The scattered rays 
4, 5, 6, falling on P, get reflected therefrom and finally fall on D. 
The ray 5 passess out straight through the central region and the 
rays 4 and 6 are totally reflected from the outer region of the base 
of D. They are finally | 
received by T. So in 
the telescope the cent- 
ral region is darker and 
the outer region appe- 
ars bright. Now if both 
S, and S; are simulta- 
neously effective and if 
their distances from Æ 
are properly adjusted, 
the illumination ot the 
central region which ig. 
purely due to the rays 
from the left face of A 
canbemade exactly equal 
to that atthbeouter region 
which is contributed by 
the rays from the right 
face of A. When the 
matching is perfect the 
field of the telescope 
becomes uniformly illu- T 
minated, When such matching condition is attained the illumina- 
tions on’ both the faces of A are identical. Hence if J, and I, be 
the luminous intensities of S, and S, at distances 7, and rs from 
A, then from the principle of photometry it follows that 


Fig. 17 


Rr 
“l=. Thus J, and J, can be compared. 
a To 


If the diffusing powers of the two faces of A are not the sam het 


the result may be faulty: To compensate for this A is rotaud.- 
through 180° and the experiment repeated. The mean of two 
gives a more accurate result. x 


18. Notes on Photometers :—In Rumford's photometer only 
side of the screen is used for comparison, and so diffuse light co 
ing from sources of light other than those compared, affects both 
the shadows equally. Therefore, in this case, a dark room is not so 


much necessary. 
s.d. M. WR. SRARE 
Data hi, 2, 2005 a Ae 
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In Bunsen’s photometer, opposite sides of the screen are opti- 
cally matched and these two sides may not be equally affected by 
diffuse light from other sources. So in this case a dark room is 
necessary. 


When comparing the illuminating powers of two lights by any 
of these photometers, it is assumed that light is radiated uniformly 
in all directions, This assumption, however, is not quite 
correct. 


Most sources. of light differ greatly in colour in consequence of 
which it becomes difficult with all types of photometers to compare 
the shadows produced by them, For instance, a candle or a gas 
flame gives yellowish light, and a metal filament is rich in bluish 
light. ‘Due to this, the sbadow cast by the candle will appear 
different from that cast by the filament lamp even when the inten- 
sities are matched. For this reason in photometer experiments, 
the light to be compared should be of the same colour. 


When the lamps to be compared give lights of the same or 
similar colour, the Bunsen’s photometer gives good results. Where 
greater accuracy is required, a Lummer-Brodhun photometer is 
used. If the colours of the two lights differ appreciably, a 
“Flicker photometer” should be used. : 

19. Determination of Percentage of Light transmitted by a Glass 
Plate:—A Bunsen's photometer is set up as usual between two 
sources of light and the distances between the sources are adjusted 
until their illuminations are equal. The glass plate. is thén placed 
between the photometer and any of the two sources. So the 
illumination (as seen on the photometer screen) due to the source 
of light near the plate is diminished, and so it will be necessary to 
move this source towards the photometer in order to make the 
illuminations again equal. 


If d, be the initial distance of this source from the photometer 
and d, the final distance when the glass plate is interposed, the 
intensity of illumination in the beginning is P[d, ?, where P is the 
illuminating power of the source, while the final value is xP/d,*, 
where x is the fraction of light transmitted by the glass plate. The 
other source being at the same place as before, these iluminations 
are equal, that is, 


Hence the percentage of light transmitted by the plate is 
100x=100d2°/d,?. 
Fir? 
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20. Count Rumford (1753—1814) :—Rumford’s original name . E! 
was Benjamin Thomson. He CANE, 
was a North American of Eng- 
lish origin. In Bavaria, the 
country of his adoption he was 
much loved by the people who 
gave him the title “Count Rum- 
ford". After the death of Carl 
Theodor, his chief patron, he 
left Bavaria for Paris where 
Napoleon Bonaparte feceived 
him with honour. He died at 
sixty-one. 


Amongst his manifold acti- 
vities of varied life, he remai- 
ned a scientific enquirer all 
through. His endeavours to 
discover the nature of heat led 
bim to discover heat as a mode Có 
of motion, which was later con- unt Rumford 
firmed by the work of Mayer 
and Carnot. This he carried 
out in the munition workshop at Munich. A method of compen- 
sation for heat-loss in calorimetric experiments also goes by his 
name. 


EXAMPLES.—/. Two electric lamps of 64 and 16 candle-powers respectively 
are, placed 200 cms. apart. Where would you place a screen on the line joining 
them in order that it may be equally illuminated by each of them ? (Pat. 1929) 


Ans. Let x cm. be the distance of the screen from 16 c.p. lamp. Then its 
distance from the 64 C.p. lamp is (200 —x) cms. Now for equal illumination 


on the screen, we have, 16. ~ 04... whence 3x* 4400x — 40000 = 0, i.e. x=66'6 
x (200—x)* 


cms.; or —200cms. 


This means that there are two possible "positions for the screen: (1) 666 
cms. from the 16 c.p. lamp, and (200—66'6) cms. or 1334 cms. from the 64 
c.p. lamp ; (2) 200 cms. to the left of the 16 c.p. lamp on the line joining the 
two and 400 cms. from the 64 c.p. lamp. "The former corresponds to the 
Bunsen's photometer, while the latter to Rumford's photometer. 


2 Ina greater (Bunsen) photometer, light from a lamp with a dirty 
chimney is exactly lanced by that of a candle distant 10 cms. from the spot. " 
the chimney is cleaned the candle has to be shifted by 2 cms. to obtain a balance. 
Calculate the percentage of light absorbed by the dirty chimney. 

(Pat. 1931 ; cf. All. 1924) 


Ans. Let P, be the illuminatimg power of the lamp with the dirty chimney, 
P, that with the clean chimney, and d, the distance of the lamp from the 
grease-spot. Then, we have, P',/di 1/10* A a (i) 
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Next, the distance of the candle becomes (10—2) cms. when the chimney is 
cleaned, Hence, we have, P,/d1 —1,8* HS “FA (2) 


From (1) and (2), Ps ac ea JUS pad 2 
: 1 64 36 i 
-—— adn 1 s 
Hence the dirty chimney absorbs (C 1 ) or, 10 of the total light. So 


the percentage of the light absorbed = 35 * 100=36%. 


3. A photographic print, is found to be satisfactory when the exposure was for 
15 seconds at a distance of 2 feet from a 16 candle-power lamp. At what distance 
must the same paper be held from a 32 candle-power lamp in order that an exposure 
of 20 seconds will give the same result ? 


4 (Pat. 1928 ; Del. U. 1938) 


Ans. The amount of the light falling perpendicularly upon unit area of 
the photographic plate in one second, ie. the intensity of illumination at 
a distance of 2 feet from the 16 c.p. lamp=16/2* ; hence the amount of light 
falling in 15 seconds=16/2* x15. 


Again, if the paper be held at a distance d feet from the 32 c.p. lamp, the 
amount falling in 20 seconds —32/d* x 20. 

In order that the result in both the cases be equal, 32/d* x20 
216/21 x 15—60. 


d.- 32x20 -32. " 
Ort cire whence d—327 ft. 


4. A book is to be read from a distance of 5 ft. from an electric lamp, Yor 


which the best intensity of illumination is taken to be 5 ft.-candles. Assuming 
20% of the light reaching the book does so by reflection at the ceiling and walls, 


calculate the candle-power of the lamp which shohld be used for the purpose. 
Ans. Direct rays from the lamp reaching the book provide 80% of the light, 


or 


whose intensity of illumination 5 Xft candles=4 ft.-candles. 


If x be the candle-power of the lamp required, the intensity of illumination 
at a distance of 5 fg ft. candles. .”. an. That is x=100 c.p. Hence 


a 100 c.p. lamp will be requird. 


5. A standard candle and a gas flame are placed 6 ft. apart, the gas flames 
being of 4 candle-power. Where must a screen be placed on the line joining the 
candle and the gas flame so that it may be equally illuminated ? 


(C. U. 1931) 


Ans. Let d ft. be the distance of the screen from the standard .candle and 
(6d) ft. the distance from the candle-power source. For equal illumination on 


the screen due to both the sources, we have, Oe 
: di (6-dy 
whence, d?--4d—12—0; i.e. d—2; or, —6. 


This shows that there are two possible positions for the screen ; (1) 2 ft. 
from the standard candle and 4 ft. from the gas flame ; (2) 6 ft. to the left of 
the standard candle on the line joining the two and 12 ft. from the gas flame. 


6. In the Rumford's photometer the screen is at distance of 100 cms. and 64 
ems. respectively from a gas burner and a candle when the illumination due to the 
gas burner is matched to the extent of a quarter only by the illumination due to 
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the candle. Find the candle-power of the gas burner. (Pat, 1930) 

Ans. The intensity of illumination on the screen due to the candle=1/64* 
and that due to the gas burner=G) 100", where the candle is of 1 c.p. and the 
gas burner is of G c.p. 


According to the condition given in the exam. l yA Gx dibir 
EM pe A [7 
or, Ge 4X100X100. 76 c.p. That is, the gas burner is of 9°76 


64x64 
candle-power, 


Questions 


1. Distinguish between Umbra and Penumbra. Indicate the formation of 
Umbra and Penumbra due toa spherical obstacle, when the source of light is 
a luminous sphere, (a) when the latter is larger than the obstacle, (b) when 
it is smaller, and (c) when the spheres are equal. 

* (C. U. 1918, '29, 50) 

2. The diameter of the sun being taken as 9 x 10* miles, and its distance 
from the earth 9 x 107 miles, and the diameter of the moon 2,100 miles, find 
tbe distance of the earth from the moon at the time of a solar eclipse 
when the eclipse is total only at a single point on the earth. Also, find the 
diameter of the area on the earth within which, the eclipse is total when the 
distance of the moon from the earth is 2,09,000 miles. The earth is assumed 
flat for this purpose. (G. U. 1957) 

[Ans.: 2,10,000 miles ; 10 miles. 

3. A small opaque sphere is placed between a large luminous sphere and 
a white screen. Explain with the help of a diagram, the changes inthe 
appearance presented by the shadow of the small sphere as the screen is 
brought up from a distance. (Pat. 1948) 

4, What is the effect of (a) enlarging the hole of a pin-hole camera (b 


doubling the distance from the small hole to the: sensitised plate or translucent 
screen ? (Pat. 1931 ; C. U. 1930, '53) 


5. A solar eclipse can be watched if a’ beam of sun-light is allowed to 
enter a room through a very fine hole, but it is a failure when the hole is big. 
Explain this, (Pat. 1932) 
SRN Explain carefully, with the aid of diagrams, what happens to the image 
in a pin-hole camera— 

(a) when the camera is made longer 2 

(b) when the pin-hole is square instead of round, and 

(c) when the pin-hole is gradually increased in size ; 5 

what are the advantages and drawbacks of such a camera ? 

‘A’ pin-hole camera consists of a box blackened on the inside. The distance 
from the pin-hole to the plate is 8 in. How far from a tree. 20 feet high, 
must the operato: stand to get the whole tree in the picture, if the vertical 
dimension of the plate is 6 in. ? (G. U. 1949) 


[Ans.: 80,3 ft] i MAN 
7. What do you mean by the intensity of illumination and illuminating 
power ? y (G. U. 1949 ; Dac. 1932 ; cf. C. U. 1947, 749, 57 ; Utkal, 1950) 
State the relation between them. (C. U. 1549) 
R. Distinguish between «illuminating power” and ‘intensity of illumination’. 
Which of the two do you-determine with a photometer ? Describe the use of 
any one kind of photometer. (C. U. 1951) 


26 INTERMEDIATE PHYSICS 


9, What is meant by the intensity of illumination at à point? How would 
you verify the laws governing this intensity ? 
(Pat. 1926, 36, '37 ; cf. C. U- 1931) 


10. A draftsman’s table, which can be rotated abeut a horizontal axis 
passing throvgh its centre, is illuminated by a small 100 candle-power lamp 
suspended vertically above the centre of the table at a distance of 4 ft. Find 
the reduction of the intensity cf illumination at the centre of the table when 
it is tilted from the horizontal position through 30°. (C U. 1957) 


pams.: 134%] 


11. Two lamps of 10 and 20 c.p. respectively are placed 100 cms. apart. 
Show that there are two positions on the line through the lamps 1n which a 
screen may be placed so as to receive equal illumination from each. 


12. Explain the principle of a grease-spot photometer.” What is meant by 
candle power ? (G. U. 1928, 47 ; cf. Dac. 1943) 


13. "A 10 c.p. lamp is placed one metre from a surface. At what distance 
musta gas flame of 18 c.p. be'placed so as to produce an equal illumination 
of the surface ? $ (C. U. 1928) 


[Ans. : 134 metres] P 


; 14. How would you compare the: illuminating powers of two sources of 
ight ? i 
(G. U. 1949 ; All. 1931 5 C. U. 1957 ; Utkal, 1947 ; ef. Del, U. 1940) 


There are two electric lamps directly above'a table ; one of 32 c.p. is at 
aheight of 4 feet and the other of 50 c.p. àt a height of 10 feet Compare 
the illuminations of the table when both lamps are alternately burning 1931) 


Ans, 4, 2420 


15. Two sources of light whose candle-powers are in the proportion cf 2 : 1 
are 2 metres apart. At what position myst a screen be placed in order that 
both sides may be equally illuminated ? x 


[Ans.: 1172 cms. from higher c.p. source.) 


16. Define *candle-power' and foot-candle’. Describe how you would 
compare the cand]e-powers of two pocket torches by means of a shadow 
photometer. Would it be necessary to use a dark room for the experiment ? 

(Utkal, 1954) 


17. Describe a simple method of comparing the candle-powers of two 


lamps. Explain the theoretical principles underlying the met ty 
(Dac. 1933 ; C. U. 1947) 


18. Two sources of light each of 2 c.p. are placed on the same side ofa 
Bunsen grease-spot photometer. One is at a distance of 1 foot from the spot 
and the other at 2íeet. Where.musta a third source of 5 candle-powers be 
(€ in order that the appearance on each side of the photo meter may be 

e same ? : 


[Ans, : At 1°414 ft. on the other side of the screen.] 

19. If a-photogtaphic print can be made with 4 sec. exposure at a distance 
of 4ft. from a 32 c.p. lamp, what exposure will be required if the negative 
is held at 2 ft. froma 16 c.p. lamp? UTER (G. U. 1949) 

[Ans.: 2 secs.) 


20. Two lamps balance on a shadow photometer ‘at distancés of 60 and 
42 cms, from the screen, The.stronger lamp is, then, covered with a glass 


Taa 
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shade which transmits 80% of the incident light. How far must the other 
lamp be displaced in order to restore balance ? (Pat. 1042) 

[Ans. : 4'95 cms.] 

21. A lamp produces a certain intensity of illumination on screen when 
situated at a distance of 85 cms. from it. On placing a sheet of glass 
between the lamp and the screen the lamp must be moved 5 cms. neárer to 
the screen to produce the same illumination as before. What percentage 
of light is stopped by the glass ? 


[Aas. i 11°42%) 


i 


CHAPTER II 


Reflection of Light 

21. Definitions :— 

Reflection.—-When light travelling in one medium falls on a 
second medium the following three effects may be produced— 

(a) A portion of the incident light is turned back, i.e. reflected 
from the surface of the second medium into the first medium-again; 

(b A portion is absorbed by the second medium ; 

(c) The remaining third portion passes through the second 
medium. 

22. Two kinds of Reflec- 
tion:—There are two kinds of 
reflection : (i) regular reflection, 
and (ii) irregular or diffused 
reflection (ot scattering). 

(i) Regular reflection takes 
place when a beam of light falls 
on a smooth surface, as for Cx- 
ample a mirror, etc. (Fig. 18(a)]. 
It is so called because the phe- 
nomenon is governed by definite 
laws, called the laws of reflec- 
tion. 


(i) Irregular reflection tokes (5 
place when the gurface is not El 
smooth, as for example, à wallor (a) Regular Reflection 
the ceiling of a room, ora Eira O Irregulac (or Diffused) 
of unglazed paper, unpe 's d Reflection (or scattering). 


wood, ground Or matglass, etc. 
(Fig. 18 (b)). A beam of light, 
when incident on such a surface, does not proceed alonga definite 
direction after reflection but the rays are reflected in diverse 
directions depending on the nature of the surface. 

All opaque bodies are rendered visible to an observing eye by 


diffused or scattered light. 
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So the incident light=reflected light (regular and irregular) 
+ absorbed light + transmitted 
c A light: In- the case. of a polished 
metal reflector no part of the inci- 
dent light is transmitted (unless the 
metal is very thia) and very little 

of it is absorbed. 


23. Regular Reflection :— Let a 

ray of light AB (Fig. 19) strike a 

reflector at B and be reflected along 

Fig. 19 BC. Draw a line BN at the point B 
perpendicular to the reflecting surface. 


Here AB is called the incident ray and BC the reflected ray. 
The incident ray is the direction in which the light travels before 
striking the reflecting suface. 


The reflected ray is the direction of the path of the ray after it 
is turned back into the first medium by the reflecting surface. 

The line BN which as at right angles to the reflecting surface at 
the point of incidence B is called the normal at the point of 
incidence. 

The angle between the incident ray and the normal is called 
the angle of incidence. The angle between the reflected ray and 
the normal is called the angle of reflection. — ' 


Thus the angle ABN is the angle of incidence Zi and the angle 
NBC is the angle of reflection Zr. 


24. The Laws of Reflection :— Regular reflection takes place 
according to the following two laws— 


(I) The incident vay, the normal to the reflecting surface at the 
point of incidence and the reflected ray lie in one plane. 


(2) The angle of incidence is equal to the angle of reflection. 

Normal Incideace.—In the particular case when a ray is incident 
normally on the surface of a reflector, i.e, when the angle of 
incidence, Zi=0, the reflected ray returns along the same path 
because, in this case, the angle of reflection, Zr=0 (Fig. 19) 
according to the sécond law of reflection. So a normal ray retraces 
its own path. 


25. Verification of the Laws of Reflection :— 


(a) Pin Method.—Fix a sheet of white paper on a drawing 
board and draw a line AB on it(Fig 20). Place a thin plane 
mirror on the paper in a vertical fashion such that its silvered 
surface falls on the line drawn (see note on next page). Fix 
two pins S and C vertically on the paper. C touching the surface 
of the mirror^in such a way that the line through S and C is 
oblique to the plane of the mirror, ie. to 4B. Move your eye 
and fix a third pin D such that the reflected. image S' of the pin 
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S in the mirror and the pins C and D appear continuous, i.e. they 
appear to lie in the same straight line. Take off the pins after 
marking their positions on the paper 
and remove the mirror. Draw the 
line SC which represents the inci- 
dent ray and CD which represents 
the corresponding reflected ' ray. 
Draw CL normal to the mirrorat . 
C. Measure the angles SCL and 
LCD, which will be found to be 
equal. Thi$ proves the second law. 
-The lines SC and CD joining the 
feet of pins, S and C, C and D, 
representing the incident and the : 
reflected rays respectively, lie in Fig. 20 
the plane of the paper; and the line CL, which represents the 
normal is also in the plane of the paper. This proves the first law. 
Note.—The rays are only partially reflected from the front 
.surface of the mirror. Most of the reflection takes place from the 
silvered surface which is at the back of the mirror. Due to 
refraction (see Chapter IV), the mirror willact in such a way that 
the reflecting surface will be roughly at two-thirds of its real 
thickness measured from its front surface. 


Hence the reflecting surface should be taken at one-third of the 
thickness of the glass from the back of the mirror. 
(b) Hartle’s Optical Disc Method :—Hartle's disc (Fig. 21) is 
essentially a plane circular disc D vertically mounted on a heavy 
stand and is capable of rotation in 
the vertical plane about a horizon- 
tal axis passing through the centre 
of the disc. 

The disc is divided into four 
quadrants by a horizontal and a 
vertical diameter. Each quadrant 
is divided into 90 equal parts, each 
being a degree. The vertical dia- 
meter is marked 0°-0°, and the 
horizontal 90°-90°. Around the 
edge of the vertical disc isa curved 
metallic screen which is provided 
with an adjustable aperture (not 

. shown in the figure), The aperture 
can be closed by means of a slide 
which has one or more slits through 
which light from a source can be 
made to pass tracing its path along 
the disc. 


Fig. 21—Hartle's Disc. 
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An optical element, say a piece of a plane mirror, M, may be 
held at the centre of the disc, with the plane normal to the disc, 
ves the 90* — 90" line by means of suitable clamp attached to the 

isc. : 

An adjusted thin pencil of light is made to pass through the slit 
in the screen and trace its path álong the disc and fall on the 
mirror at the centre of the disc so that the 0° — 0° line may be 
taken as the normal at the point of incidence. The trace of the 
reflected pencil is seen on the other side of the normal. Because 
the incident ray and the reflected ray lie in the same plane in 
hos cR normal lies, i.e. in the plane of the disc the first law is 
verified. 


The angle of incidence, as also the angle of reflection, can be 
read off from the circular scale along the edge of the disc and they 
are found to be equal, On rotating the disc (the screen containing 
the slit remaining fixed), the angle of incidence is changed and the 
corresponding angle of reflection is found as above. It is seen that 
in every case the angle of incidence equals the angle of reflection 
whatever be the angle of incidence. This verifies the second law. 


26. Fermats Principle:—A ray of light, as it is reflected or 
refracted at a plane surface, always traverses a minimum path, 
So the time taken by light to move from one point to another 
after any number of reflections or refractions at plane surfaces is 
atso minimum, Thus the principle of least path may also be 
called the principle of least time. If reflection or refraction occurs 
at spherical surfaces, the path may be either maximum ‘or minimum 
ie, the path is stationary. So in the generalised form, the princi- 
ple is known as the principle of stationary path. 


(Note: The Fermat's principle, stated in its more general form is that 
the actual path followed by light has a stationary value. When a ray of 
light traverses several media undergoing a number of reflections and refrac- 
tions, the path from one point to another is such that the total optical path 
(Zyl) is stationary for smail variations in the path, where / is the length of 
the, path in the medium of refractive index p. So it is evident that the 
principle demands that the actual path differs from a neighbouring path by 
an infinitesimal amount when the starting and ending points are the same 
for both the paths. The above optical path which is stationary may as well 
be minimum or maximum. Since in ordinary cases of reflection and refrac- 
tion at plane surfaces the optical path is a minimum, the principle is ordinarily 
called the principle of least path, which is strictly speaking, only a particular 
case of the Fermat's principle. As the optical path is the product of the 
velocity of light and time, of which the former multiplicant is a constant 
the principle is reflection and refraction at surfaces other than plane, the 
optical path is, however, not the least but is merely stationary.] 


27. Principle of Reversibility of Light :—The principle is that 
when the direction of a ray of light is reversed, the ray retraces its 
own path. It is easy to follow that it also results from the. 
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Fermat's principle. Suppose, a ray of light starting from A 
traverses successive points, B,C D.E during its propagation (Fig. 22). 
According to Fermat's principle, the time taken by it to travel 
from A to E will be minimum. If, now, on reversal of direction, 
it starts from E to A, it must follow the same path in order that the 
time again may be the minimum. 

. _By applying the principle of reversibility of light we find that 
in Fig. 19, any one of the rays AB and BC, or in Fig. 20, any one 
ofthe rays SC and CD, may B 

be taken as the incident ray ; 
when the other one will be 
the corresponding reflected 
tay, for the path of light is 


, reversible. Thus, if a ray 


starting from a point P Fig. 22 
reaches another point Q along any path either by reflection or. by 
refraction (Chapter IV) or by both, then the ray will travel back 
to P along the same. path ‘if the source be placed at Q, all other 
conditions remaining the same. 

28. Optical Image:—lf rays diverging from a point source 
suffer changes of direction due to reflection (or refraction) such 
that the reflected (or refracted) pencil either actually converges to, 
or appears to diverge from, a second point, the second point is 
called the optical image of the first point. 

Real and virtual images.—When a pencil of rays diverging 
from a point appears, after reflection, or refraction, to diverge from 
a second point, the second point is called the virtual image of the 
first point. 

When the pencil of rays diverging from a point, after reflection 
or refraction, actually converges to a second point the second 
point is called the real image of the first point. 

A real image is formed by the actual intersection of the rays 
and can always be received on a screen. But the virtual image is 
formed by only the imaginary intersection of the rays. It cannot be 
received on a screen as it has no real existence, ? 

The image of S seen at S' (Fig. 20) by an eye directed along DC 
is virtual, for it is not formed by the actual intersection of the rays 
and has got no real existence, But if a convergent pencil of rays 
bounded by DC and FE strikes the mirror, the rays will be reflected 
and the image will be formed at S by the actual intersection of the 
rays. Soan eye placed near S will see a real image. It should 
be remembered that this is the only case in which a plane mirror 
gives a real image, otherwise a plane mirror always gives a virtual 
image. 

In Chapters IH and V, formation of real and virtual images 
by spherical mirrors and lenses have been respectively dealt with, 
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Note.—The image formed by a pin-hole camera is not an optical 
image at all for the following reasons—(i) the course of the rays 
of light passing through the hole is not changed in any way by 
reflection, refraction, etc. ; (ii) the rays do not intersect on the 
screen in forming the image; (iii) the image is formed at any 
distance from the hole ; in the case of an optical image, the image 
‘is formed at some particular distance only. 

29. Image formed by a Plane Mirror :—The image of a point 
source formed by reflection from a plane mirror is (a) as far behind 
the mirror as the object is in front of it, (b) on the perpendicular 
drawn from the object to the mirror; (c) always virtual. 


Verification :— 


(1) Pin method (Sighting Method)—Proceed as in the experi- , 


~ ment in Art. 25 and determine the directions of the reflected rays 

corresponding to the incident rays SC, SE (Fig. 20). Remove the 
mirror and produce the reflected rays backwards. They will 
converge to a single point S', which is called the image (virtual) of 
the point S. So an eye situated so as to receive some of these 
reflected rays will see the pin at S’. 

We have, ZSCL= ZLCD ; ^. £SCA=ZDCB=Z ACS’. 

Jo ZSCE=ZS'CE: similarly, ZSEC—-ZS'EC; and CE is 
common to the triangle SCE and S'CE. 

.. These triangles are equal in all respects. .. SC=S'C. 

Again, in the triangles SCM and S'CM,.SC—S'C; MC is 
common to both; and ZSCA=ZS'CA. .. The triangles are 
equal.in all respects. .'. SM=S'M; and ZSMC= ZS'MC=one 
rt, angle, and so SS" is normal to AB, 

Hence, the image of a point is as far behind the reflecting surface 
as the object is in front of it along the normal to the surface drawn 
from the point, The image S' is virtual, because the reflected 
rays do not actually pass through S’, but only appear to diverge 
from it. 

(2) Parallax Method—Consider for a moment that you are 
looking at a clock just at 11-30. If you look at it from the right it 
will possibly be 11-31, while from the left it will appear to be 
11-29, It is because there is parallax between the minute hand 
and the printed figures on the dial. So parallax is the relative 
‘displacement of objects, not in actual contact, when seen from the 
different directions. For example hold two parallel rods in the 
upright position in front of the eyes and move the head to the 
right or to the left, It will be noticed that the more distant rod 
appears to follow the motion of the head while the nearer one 
moves in the opposite direction. If however, the rods are made 
to approach each other, the apparent relative displacement of the 
rods would gradually diminish and finally disappear when the rods 
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are closest together. The relative change in position of the rods 
with the change in position of the eye is known as parallax and the 
motion of the rods relative to each other with the movement of the 
eye is known as parallax motion. 


When any two objects are coincident, there is no relative motion 
between them due to any movement of the observing eye. So oy 
the method of parallax coincidence of two, objects can be tested. 


Expt.—Fix a paper on a drawing board and place a mirror M 
perpendicularly to the plane of the paper (Fig. 23). Stick a long pin 
P ip front of the mirror and 
place another long pin P' on 
the other side of the mirror 
opposite to P, so that the 
image of the lower part of the 
pin. P appears to be continuous 
with the upper part of the pin 
P', seen above the top edge of 
the mirror, and, moving your Fig. 23 
eye from side to side, locate 
the exact position of the pin P' such ‘that there is no relative 
displacement between the two, that is there is no parallax as it 
is called. Remove the mirror and join the positions of P, P' on the 
paper, It will be observed that the position of P' is on the prolonga- 
tion of the normal drawn from P to the mirror and that the 
distance of P from the mirror is equal to that of P' from the mirror. 

The above method of locating the position of the virtual image 
is called the Method of Parallax, 

30. Tracing the Rays by which an Eye cau see the Image :— 

(a) In order that an eye E 
(Fig. 24) can see the image J of a 
point O formed by a plane mirror 
M, it must receive rays of light 
reflected from some part of the 
mirror. Hence to see the image (i) 
the source O is placed anywhere 'in 
front of the mirror, M; (ii) the 
eye must be placed within the space 
enclosed by straight lines drawn 
from the image through the boun- 
dary of the mirror. 

- Here the eye E will be able to 

Lam FE. 24 see the image J of the object O 
formed by tic mirror M as long as the eye E is placed within the 
space enclosed by*/A and JB, that is, lines drawn from the image / 
through the boundary of the mirror. 

In the case of an extended object, each of the two extreme 
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points of it should be treated as the point O and the same principle 
should be adopted. 
(b) The Image of an Object (ie. an extented Body) formed by 

a Plane Mirror.— The image of a point source has been considered, 
but when an actual object is put in front of a mirror every point of 
it may be regarded 'as a source of light. Thus the image of the 
object is formed by the point images of all its parts. 
31. Lateral Inversion of Image :— When we look at the image 

of our body in a big mirror we find that the whole of the right 
side of the image appears to 

be the left side of the body ;_ 

A if we move our right hand, 
(7 the image appears to move 
"d its left; that is, the image is 
inverted as regards side. This 

g Q is called lateral inversion.’ 
pe This happens because every 

point image is at the same 
Fig. 25—Lateral Inversion, distance behind the mirror 

as the point object is in front and the front of the image faces the 
front of the object with the result that the sides of the object 
appears to be changed in the image. 


The size of the image is, however, equal to the size of the 
Object. The images due to bodies having symmetrical sides such. 
as a spherical ball or letters like H, I, O, T, etc. are not affected by 
lateral inversion but images due to non-symmetrical bodies are 
seriously affected. Thus, in Fig, 25 the image of the letter 'p' is 
laterally inverted and appears as the letter ‘g’. It should be noted 
that this is due to the image of every point of the letter ‘p’ being 
tormed at the same distance behindthe mirror as the point is in front. 

Using two mirrors we can produce two lateral inversions and 
thus get the ordinary view of things. Also, if a piece of writing is 
blotted, and if tbe piece of blotting paper is held up in front of a 

. mirror the writing being reversed twice becomes legible again. 

: 32. Rotation of a Beam of N N 

^Light by a Plane Mirror :— "CU 
When a plane mirror is rotated gn 
through an angle, a ray of light i 
reflected from it is rotated. P. 
through twice that angle. 

Let a ray MO be incident 

on the mirror AB at an angle 2 
i to the normal ON ‘Fig. 26). JE 
The angle of reflection NOP 8 5 
i$ equal to Zi. n eL 


Hence Z MOP-—2i. When 


n J Fig. 35 
the mirror is rotated through an angle @ into the new position 


»* half is silvered (Fig. 27). 
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A'B’, the normal ON is also rotated through 6, to the position 
ON', so the angle of incidence for the ray MO, in this case, is i 4-6. 
The new angle of reflection N'OP' is also equal to i4-6. 

. The Z MOP'=2(i+6). So the ZPOP'= 7 MOP ~ 7 MOP 
-2(i--8)-2i— 26=the angle through which the reflected ray is 
rotated. Thus if the mirror is rotated through 6, the reflected ray 
is rotated through 26. ` 
. This principle is utilized, in practice, in measuring small deflec- 
Uons of mirrors in the case of reflecting galvanometers (vide Art. 
35, Part VIL, sextants. etc. 


4,93. The Sextant :—This instrument, the working of which is 
"based on the principle of double rotation of the reflected ray when 
a mirror is rotated, is used 
for measuring the angular P; 
separation of two distant 
‘objects. Its important use 
is in measuring the altitude 
of the sun and other hea- 


venly bodies from DOM Guns oo eee 
tions on the sea, as the " 
instrument is not affected 
by the motion of the ship. 

.It consists of a rigid 
frame to which is attached 
at right angles a mirror M, 
of which the upper half is N 
transparent and the lower T 
Another mirror M,, also Q " 
fixed at right anples to the — m as a S 
frame, is attached to a Fig. 27—The Sextant. 
radial index arm QV fitted 
with a vernier V, which moves over a circular scale AB, the arc 
being 60°, i.e., one-sixth part (hence the name, Lat. sexant) of the 
complete circle. A telescope T is also attached to the frame directed 
towards M, as shown in the figure.’ If the index arm QV is moved 
to the zero position B of the scale, the mirror M, becomesparallel 
to the mirror M,. 

To find the altitude of the sun, or of a star, the instrument is. 
placed in a vertical plane and the telescope is focussed so that a 
distant object in the horizon is viewed through the transparent 
portion. The mirror M, is now turned by means of the arm QV 
until light from the horizon, after reflection at Q and R, also enters 
the telescope, and the position of V on the scale is noted when 
these two images coincide. The arm QV is now rotated into the 


position shown in the figure, so that light from the lower edge of 
the sun, or from a star, after reflection at Q and R alongthe path 


^ 
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PQRT, forms an image coinciding with the horizon. The new 
position of V is noted and the angle BOY through which the mirror 
M, is rotated from the zero position is also noted, The altitude of 
the sun, i.e. the angle PQS, is twice the angle through which the 
mirror M, is rotated, The movement of the vernier V over the 
graduated scale is therefore half the altitude of the sun's lower 
edge. Asthe instrument is used to read the altitude directly, each 
half degree on the scale is labelled as a whole degree ; the arc 
which is usually 60° is therefore numbered upto 120°. 

It is evident’ that the instrument may be used to measure the 
angle subtended at an observing eye by any two distant points ify, 
the instrument is placed in the proper plane.  ' 

34. (a) Deviation of a Ray produced by One Reflection from a 
Plane Mirror :—In Fig. 26 it will be seen that the ray MO which, 
in the absence of mirror AB, would have travelled straight in the 
direction MO, has taken the path OP due to reflection at the point 
O. The direction of the ray MO has, therefore, been changed by 
the angle (*- MOP)— (s - 2i). This will be the deviation produced 
in any ray after being reflected once at the plane surface, < 

(b) Deviation of a Ray due to Two Successive Reflections at 
Two Inclined Mirrors :—Iustead of one reflection if the ray be 
reflected twice, i.e. say, by the two 

mirrors (Fig. 28) inclined at the angle 
0, the change of direction due to the 
first reflection at P is (n— 2i), and that 
at Q is (x—2i'). Hence the total devia- 
tion produce by two reflections would 
be (x —2i n - 2i') - 22 — 2i+i'), where 
i’ is the angle of incidence at the 
second mirror. It is assumed, how- 
ever, that the ray always lies in one 

Fig. 28 plane. On drawing the diagram it will 
easily be Fus that @=i+i'. Thus, after two reflections, deviation 
-(2x — 20). 

That is, the deviation of a ray "undergoing two reflections depends 
only upon the angle between the reflecting surfaces. 

EXAMPLE, — Rays of light strike a horizontal plane mirror at an angle of 45°. 
Show how you would arrange a second mirror in order that the reflected ray may 
finally be reflected from the second mirror horizontally. (Pat. 1932) 

‘Ans. Here, in order that the final ray may be horizontal after two successive 
reflections, the deviation suffered by the ray will be=180°+45°=225°, Hence. 
if the second mirror be inclined at 6° to the first, we have, 

27-20-2255; or 20=360°—225°= 135"... «<. 6=67°5°. 

35. (i) Image Formation by Two Mirrors inclined at any 
Angle :— Let OA and OB represent two'plane mirrors facing each 
other and inclined at an angle AOB (Fig. 29). Let Pbe a source of 
light. The image of P formed by reflection at the mirror OA is at 
P, on the normal PNP, to the mirror, This virtual image is 
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formed as a result of reflection of the rays diverging from the 
point P and incident on the mirror OA, It can be shown with the 
help of geometry that OP=OP,. Therefore, P, lies on a circle 
drawn with O as centre and radius OP. It will be seen that other 
‘images formed will also lie on this circle, Now, P, serves as an 
object in front of the mirror OB. Draw a normal P,P, on OB so 
that P,P, is bisected by OB. Then P, is the image of P, formed 
by the mirror OB, and OP, will be equal to OP,. Similarly, P; 
serves as an object in front of the mirror OA, and an image P; is 
formed on the other side of OA so that OP, is equal to OP}. ` Ps 
falls behind both the mirrors and no further image is formed. 

» In the same way, another series of images P, P', P", etc. will 

be formed, the first image being formed by mirror OB. The process 


Fig. 29—Two mirrors inclined Fig. 30—Two mirrors at rt. 
at an angle, angles, 


of formation of images by successive reflections ‘at the surfaces of 
the mirrors goes on until an image is formed behind both the 
mirrors, i.e, within the angle A'OB', 

The number of images formed depends on the inclination of 
the mirrors, and can be proved to be equal to ies - 1)where 6 is 
the angle between the mirrors. Thus, when the angle is 99°, the 
number of images is 3 (Fig. 30), when -ð is 60", the number of 
images is 5, and so on. 


If à is not a submultiple of 25, i e. if 2z/0 is not a whole num- 
ber, the total number of images is the integer next greater than 


G- l 


(il) Two Mirrors at Right Angles.—In Fig. 30, two mirrors M, 
and Mz are placed at rt. angles to each other and facing the object 


38 INTERMEDIATE PHYSIOS 


P. Rays of light diverging from P have been drawn showing how by 
successive reflections images produced by M, and M, are seen by an 
observer whose eye is suitably placed, P, and P; are the first images 
produced by M, and M; respectively. Each of P, and P, acts as 
a virtual object for the other mirror and produces images P» and 
P, respectively. In the case of two mirrors at right angles to 
each other, as shown in the figure, P, and P, merge into one 
image. So there are three images altogether seen by the eye. 


36. Kaleidoscope :— This is a toy constructed on the principle 
of successive reflections from inclined mirrors, The idea was 
originally due to Brewster. The arrangement in this toy generally 
consists of three equal strips of plane mirrors mounted in a cylin- 
drical tube at ah angle of 60° to each other. At one end several 
bits of variously coloured glass are kept enclosed between two 
glass-plates, while there. is a hole at the centre of the other end, 

When one looks through this hole and the tube 

| is rotated, beautiful symmetrical patterns are 

Mure? seen. They are due to multiple reflections of 

light (passing through the colouted beads) from 
the inclined mirrors. 


M 

37. The Simple Periscope:—This is am 
application of the principle of reflection. Fig. 31 
explains the principle ofa simple periscope which 
is formed by fixing two plane mirrors at angles 
of 45° to the axis of a tube, but parallel to and 
facing each other. Rays of light from distant 
objects are first reflected from the upper mirror 
down the axis of the tube and then, being reflec- 
S ted by the lower mirror, come outin the horizon- 
tal gegin acts the eye of the observer, 
4 r thereby giving him a view of the distant objects. 
Es pine The instrument is used for looking over the heads 
of crowds by ráising the upper mirror of the instrument above the 
obstacles, for observing enemy movements in trench warfare 
without any danger to the observer, for observing a performance 
jn an enclosure from outside, etc,  Periscopes using totally reflect- 

ing prisms are used in submarines. 


38. Reflection at Two Parallel Mirrors :— Place two plane 
mirrors parallel to and facing each other (Fig. 32). Let P be a 
Juminous point situated between them. Through P draw a straight 
line perpendicular to both the mirrors and produce the line both 
ways, meeting the mirrors LK and MN at A and B respectively. 
The image of Pformed by the mirror LK will be at P, such that 
AP,—AP. Rays diverging from P will appear to come from 
P, after being reflected by the mirror LK. Some of those 


reflected rays will fall on MN and will appear to diverge 


geste = - 
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from P5, being the image of P, which serves as an object in front 
of the mirror MN, so that 
BP, =BP,. Again in the same 
way, the image of P, is for- 
med at P, behind LK. Start- 
ing with the rays first reflec- 
ted from the mirror MN, 
another series of images will 
be produced as in the above 
case. 


Theoretically, the number Fig. 32 
of images thus formed in’ the case of parallel mirrors will be 
infinite, but as the images after each reflection get fainter and 
fainter due to loss of light by absorption, the number of visible 
images is only limited, but quite large. In Fig. 33 the positions of 


¥ 


Fig. 33 
the images formed by successive reflections from the two parallel 
mirrors have been shown. They extend, theoretically, to infinite 
numbers on either side. . i 
39. Multiple Images formed by a Thick Glass mirror :—When 
a candle flame at S is viewed obliquely in a mirzor of thick glass 


silvered at the back, a 

train of images, S,, Sa, 
s Sa etc. is seen in the 
mirror (Fig. 34) Of 
these images the first is 
faint, the second S, is 
usually the brightest, 
and the others gra- 
° ce dually diminish in 

brightness, 

Fig. 34 »When an incident 
ray SA from a source, suppose à candle flame falis on the mirror 
at A only z small portion of the light is reflected at the surface in 
the direction AB forming a faint image S,, while a larger portion 
enters into the mirror and is refiected back from the silvered 
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surface C ; and, of this again a large part emerges out of the glass 
in the direction DE forming the second and the brightest image 
Sa. The rest is reflected to the back surface again and the pro- 
cess is repeated giving other faint images. Allthe images lie on 
the normal from the object to the mirror. 


Whén incidence is nearly normal, by far the greater part of 
the ray emerge along DE making the second image the brightest. 
When we look to our image ina thick mirror, there i$ no confu- 
sion arising out of multiplicity of images, because the images fore 
med by the two surfaces overlap on each other almost exactly, the 
incidence of rays being almost normal, With the obliquity of inci- 
dence increasing more and more light is reflected at the first sur- 
face and, with very oblique rays the first image becomes the 
brightest. 


40. Irregular (or diffused) Reflection: How Objects become 
Visible: - If in a dark room a beam of light is reflected. regularly 
from a polished surface, say, a mirror, it produces an'image of 
the source of light and an observer in the path of the reflected 
beam sees bright image of the source, If the observer is outside 
the beam the mirror will not be visible to him and he will not see 
the image either. But if the beam falls on a rough surface, the rays 
are scattered in all directions ; there is no regularly reflected 
beam and, therefore, no image. The surface is visible from all 
directions. So, when the mirror is replaced by a sheet of white 
paper the whole surface of the paper becomes more or less’ illumi- 
pated and becomes visible from different parts of the room ; 
because in this case the surface is rough, the rays of light are 
reflected from various parts of the paper in all directions, and 
what is seen is not an image of the source of light but the different 
parts of the paper. Such irregular of diffused reflections make 
the objects around visible to us. 


The amount of diffused light mentioned above depends upon- 
the nature and colour of the surface on which it is incident and 
also on the colour of the incident light. 

White wslls and ceiling of a room diffuse larger amount of 
incident light while dark coloured walls reflect less and absorb 
more. So, for proper illumination in a room, its walls and ceiling 
should be periodically white-washed. A surface coated with 
magnesium oxide, plaster of Paris, etc. diffuse light very uni- 
formly. 

"T e 

The rays of the sun are visible on account of the dust particles 
floating in the air which diffuse the light. 1f the dust particles 
were removed, the rays would be invisible, So, we see things 
because they diffuse light to our eyes, but light itself is invisible. 
Light is a form of energy and is not visible, but it is the surround- 
ing objects illuminated by light that are visible. 


"- 
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41, Twilight :—This is caused by diffused light. After sunset 
at a place though no direct rays are received there from the sun 
some rays falling upon dust particles or other particles floating in 
the air are diffused in different directions. Some of these diffused 
rays reach the place and continue the illumination for sometime 
after the sunset. This is the twilight period. Twilight ends and 
darkness ensues when such diffused rays fail to reach the place. 


42. Some Interesting Cases of Reflection :— 


(1) Movement of Object and Mirror.— Prove that if an object 
in front of a plane mirror moves through a distance ‘d’ away from 
the mirror, the image moves through the same distance ; whereas if 
the mirror moves parallel to itself through a distance ‘d’ (the object 
remaining fixed) the image will move through a distance ‘2d’. 

(C. U. 1923, '46 ; Dac. ’28) 


(a) When the object moves.—If the initial distance of the object 
be x in front of the mirror, then, when the object moves through 
a distance d away from the mirror, the distance from the mirror 
becomes equal to x+-d. Therefore, the distance of the image from 
the mirror will now be equal to x+d, i.e. the image also moves 
through the same distance d. 

(b) When the mirror moves.—1f the mirror moves through a 
distance d away from the object, the distance between mirror and 
the object becomes=x+d, and the distance between the mirror 
and the first position of image=x-d. Therefore, the distance 
between the two images—x-rd - (x - d) 2d, i.e. the image moves 


through a distance 2d parallel to itself, \ 

(2) Minimum Size of Mirror required.—(a) Show by means 
of a diagram that a man can see the whole of his person in a mirror 
the length of which is half is own height. (C. U. 1915, '25, 29 ; Pat, 
1919 ; G. U. 1949). i 


Let MN represent the 
man, and E be the position of 
his eye (Fig. 35). Let mn be the 
image of the man formed by 
the mirror PQ. Both Mm and 
Nn are bisected by the surface 
of the mirror, or of the mirror 
produced. Fig. 35 

. The man sees the image m by means of rays coming from M, 
which, after reflection at P, appear to diverge from m, Similarly, 
the image n is seen on account of rays coming from N, which, 
after reflection at Q, appear to diverge from n. 

So, PQ is the minimum length of the mirror required to see the 
complete image mn equal to MN. 


` 


42 INTERMEDIATE PHYSIOS 


From the similar trian: le Ei E PQ PE .. 
imi iangle EPQ and mn, ma mE (1) 
Again, from the similar triangles mPR and mEM, mP mR ; 
y mE mM 
or, nE-mP, mM-mR PE RM. 
DES La ^ mE mM 2 
E | ; 1 
F Lu 5 =. m=; 
rom (1), PEN TEL or, PQ jm 3MN 
(5 mn=MN), ie. the minimum size of the mirror required is 


half the height of the observer. : 

(b) Calculate the minimum size of a plane mirrror fixed on the 
wall of a room in which an observer at the ceritre of the room can see 
the full image of the wall behind him. (C. U. 1929) 

Let PQ be the plane of the mirror (Fig. 36) which is fixed on 
the wall AB and let ED be the observer whose eye is at E, MN 
being the wall behind the observer, 

From M, the top point of the wall, draw MA perpendicular on 
AB and produce it to M' making AM’=AM. Join M'E meeting 
the wall AB at P. Join MP. So the ray MP, from the top point 
M, will be reflected from the point P of the mirror to reach the 
eye. So M' is the image of M. Similarly, N' is the image of the 
lower most point N of the wall. So the minimum size of the mirror 
required is PQ. 


Because the man ED stands in the centre-of the room, BD 3 
BN=} BN’=\DN' 


Now in the ADEN’, 
BD=} DN’, and DE is 
parallel to BQ; so, by 
geometry, EQ=} EN". 
Similarly, EP—1 EM’, 

Hence in AEM'N, 
PQ-—1M'N-iMN, i.e. 
the minimum size of the 
mirror=} of the size of 


Fig. 36 
(3) PQ is an incident ray, the wall, 


and OR the reflected ray for a plane 
surface (Fig. 37). If Q' is any point 
on the reflecting- plane show that 
PQ--QR is less than PQ'+ Q'R. 
(C. U. 1913) 
From P draw PN normal to 
the mirror and produceit to meet 
RQ produced backward atP'. Join 
P'Q'. wow P' being the image of 
P, PN=PN; hence in the As 
PON and PON, PQ —P'Q. 
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Similarly, by taking As PNQ' and P'NQ', we have po'-PQ' 
Now P'Q'c Q'R'—PFR, ie., >PO+OR; .PQ'QR 
>PO+OR. 


It, therefore, follows that the path taken by a ray jn regular, 
reflection is always the least. This is the principle of least path or 
the principle of least time, or the Fermat's principle (Art. 26), in 
the case of reflection of light at a plane surface. 


Questions 


1. Distinguish between a real and a virtual image. How would you ex- 
perimentally find the position of a vertual image. 
(Pat. 1919, '40; cf. 33; G. U. 1949) 

2. Given a graduated scale, a stand, a source of light and a narrow slit, 
how would you measure small deflections of a plane mirror ? .(Pat. 1927) 

3. Prove that when a plane mirror is rotated through any angle the 
reflected ray is rotated through twice the angle. = 

(C. U. 1927, '46 ; Dac. 1928, 34 ; R. U. 1949) 

4. Describe a sextant and clearly explain its use in measuring the height 
of a mountain peak, (R. U. 1949) 

5. What is_ the relation between the turning of a mirror and that of a 
ray of light reflected from it 2 Apply this property to the coustruction of 
the sextant. (C. U. 1941) 

6. Write a brief note on Kaleidoscope. (U. P. 1943) 

7. Two plane mirrors are placed at right angles to each other, and an 
object stands between them facing their reflecting surfaces. 

Draw a diagram to show how the images are produced by the mirrors. 
Draw a second diagram to show how the light travels to an eye looking at the 
Jast image through one of the mirrors (see Fig. 30). (C. U. 1949) 

8. Two plane mirrors are inclined at an angle to each other. A ray of 
light parallel to one of the mirrors travels, after two reflections parallel to 
the other. Find the angle between the mirrors. (G. U. 1949) 

[Ans ; 607] i 

9, A ray of light is reflected successively from two plane mirrors inclined 
at rt. angles to each other.. Prove that the ray after the second reflection is 
parallel to its original direction. ; (Utkal, 1952) 
. 10. Show bya diagram (carefully drawn as large as your paper will allow 
how many reflections of a pin yeu can obtain in two plane mirrors place 
at an angle of 60°. 

[Ans. : 5)" 

11. Explain with the help of diagrams, the formation of multiple images 
by two mirrors, (a) when they are parallel, (b) when they are inclined to each 
other at 90°. (C. U. 1919, *39, 47) 

12. Show, with the help of a neat diagram, that if two adjacent walls of & 
rectangular rodm ate mirror surfaces, au observer will see exactly three 
images of an object in the room. ‘ x 

How many images are seen, if two opposite walls are mirror surfaces T 

(C. U. 1957) 


13. State the chief facts relating to images formed by plane mirrors. 
‘A man sits in a room between two mirrors, one on the wall in front of him 
and the other on the wall behind him. An electric lamp is glowing over 
his head. Describe what he sees in the front mirror. How can he tell 
whether the mirrors are parallel 1? 

fHINTS.—He will see a number of images of the lamp one behind the other. 
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M the mirrors are parallel then the line in which the images will a ris 
perpendicular to the wall, otherwise it will be inclined] TON a 


14. Explain the formation of the series of images of an object placed 
between two parallel mirrors. Draw a diagram showing the pencil of rays by 
which an eye sees an image formed by one reflection at each of the mirrors. 
Why is.there a limit to the number of images visible ? (Pat. 1918) 


15. Explain how a number of images is visible when a bright object is 
held in front of thick mirror slivered at the back. Illustrate your answer by a 
neat diagram for a given position of the eyes. (Pat. 1932) 


16. A plane mirror 2 ft. high is fixed om one wall of a room, the lower 
edge being 4 ft. 6 in. from the floor. If the opposite wall of the room is 14 ft. 
distant and 10 ft. high, draw a diagram to show from what point a man must 
look in order to see reflected inthe mirror the whole height of the opposite 
wall, from floor to ceiling. 


{HINTS.—Draw the diagram to scale as in Art..42(2) (b) Æ will be the 
position of the observer, the distance AP=3'6" ; QP—2" ; QBx-4'6".] 

17. Aman running towards a plane mirror at the rate of 5 ft. per sec. 
approaches his image at the rate of 10 ft. per second. Explain. (C. U. 1943) 


‘18. A large plane mirror stands vertically at a certain distance from a man 
"who views his reflection in it. Campare the rate of motion of the image with 
the rate of motion (a) of the man when moves towards the mirror ; (b) of 
the mirror, when the mirror is moved towards the stationary man. 


CHAPTER III 
Spherieal Mirrors 


43. Preliminaries :—A mirror, in practice, may either be 
plane or regularly curved when it forms part of the surface of a 
regular geometrical shape, such as a sphere, a cylinder or a para- 
boloid. Mainly spherical mirrors are discussed below. 


Spherical Mirror.—A spherical mirror is a reflecting surface so 


curved that it forms part of a regular hollow sphere. It may be 
concave or convex. 


Concave Spherical Mirror.—A spherical mirror is concave when 
the reflection takes place at the hollow side of the sphere of which 
the mirror is a part. 


* 

Convex Spherical Mirror.—A spherical mirror is convex whén 
the reflection takes place at 
the bulging or the raised side. 
Obviously, when such a mirror is 


point will be nearest to the, eye. 

The pole of a mirror APB is 
the middle point P of its reflecting 
surface (Fig. 38). 

The Centre of Curvature of a 
mirror APB Fig. 38 is the centre C 
i : of the sphere of which the mirror 

Fig. 38 forms à part, and the radius CP of 
‘the sphere is called the radius of curvature of the mirror. Rays 


placed facing the eye, its middle ` 


————— 
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travelling along the continuation of a radius meet the mitror 
normally, and so, after reflection, they travel back along their own 
paths. = 

Principal Axis of a mirror APB, Fig. 38, is a direction which 
may be obtained by the line joining the centre of curvature C and 
the pole P of the mirror. 

Secondary Axis.—Any direction obtained by a line passing 
through the centre of curvature C and any point P’ of the reflec- 
ting surface of the mirror other than the pole P is called a secon- 
dary axis of the mirror. 

Any axis principal or secondary, is perpendicular to the mirror. 

Principal Section.—When a spherical mirror is intersected by a 
plane passing through the principal axis, the out-way section is a 
circular arc APB called the principal section of the mirror (Fig.38) 

A mirror is ordinarily represented by its principal section. 

Aperture.— If A and B, Fig. 38, are the extreme points of the 
principal section APB of a mirror whose centre of curvature is C, 
the line joining 4B is called thediameter of the mirror and is often 
referred to as the aperture of the mirror. The angular aperture is 
given by angle ACB which is subtended at the centre of curvature 
C by the diameter AB ofthe mirror. That is, angular aperture 


mar AER. 
radius CP i i 
Spherical mirrors of small aperture (not exeeeding 10? of arc) 


only will be considered in this chapter. 
| Parallel rays 


= P 
39 


(b) Convex Mirror. 


(a) Concave Mirror. ` 
Fig. 

Principal Focus and Focal Length.—A pencil of rays parallel 
to the principal axis of a spherical mirror will after reflection, 
either converge to [as in the case of a concave mirror, Fig. 39(a)) or 
appear to diverge from [as in the case of a convex mirror, Fig.39/b)] 
a fixed point F on the axis. This fixed point F iscalled the principal 
focus of the mirror, and the distance of the focus F measure from 
the pole of the mirror is called the focal length (AF in Fig. 39). 

Focal Plane.— The plane passing through the principal focus of 
a spherical mirror at right angles to its principal axis is called the 
focal plane of the mirror. a 
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44. Relation between Focal Length and Radius of Curvature :— 
The focal length of the spherical mirror, which is usually denoted 
by the letter f, is approximately half of the radius of curvature r 
of the mirror. A ray AB parallel to the Principal axis PC (Fig. 40) 
of a spherical mirror will, after reflection, either actually pass 
through the principal focus, F, as in the case of the concave mirror 
(Fig. sXe), or appear to emerge from F, the principal focus as in 
the case of the convex mirror [Fig 40(b). In both the cases, BC, 
. the radius of curvature of the spherical surface, is normal to the 
mirror at the point of incidence. 


(à Concave Mirror, (b) Convex Mirror, 


Fig. 40 

(i) Concave Mirror.— 

AB and PC arc parallel ; so Z ABC= / BCF. 
But Z ABC = Z FBC, (2nd law.of reflection) : 
S ZBCES ZFBC ; 4. FC=FB, 
(li) Convex Mirror, = 

AB and PC are parallel; ,’, Z ABE = Z BCF. 
But / ABE= / DBE, (2nd law of reflection) : 
S0 2BCF= ZDBE= 2 FBC (vertically opposite angle) ; 

<. FC=FB, 
If B is very near the pole, FB= FP, approximately in both the 
above cases, 


“, FC=FB, ie, FB=} CP ; or, f-; 


That is, focal length is half the radius of curvature. 

45. Roles for Signs : 

(i) All measurements must be made from the pole of mirror. 

ti) Take measurements against the direction in which the inci- 
dent light travels as positive and those in the same direction as the 
incident light as negative. In other words measurements towards 


(iii) When solving any problem do not substitute the signs in 
the formula unless the actual value of the quantity is given. 

46, For New Convention of Signs, see Art. 100 II (b) :— 
According to this new convention all real distances are positive and 
all virtual distances negative, 


" 47. General Formula for Spherical Mirrors : 
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(1) Concave Mirror,—Let O represents the position of a lumi- 
nous point on the principal axis of a concave Mia. (Fig. 41). The 
ray OP coming along the axis will be reflected back along PO as it 
is normal to the surface. The 
ray OA incident at A will be 
reflected along AJ making the 


angle of reflection CA/ equal VIA 

to the angle of incidence CAO, NRN 
because AC is normal at A, C 1s—y Toy 
being the centre of curvature of N 


the mirror. The intersection of 
the two rays determines the 
paia 1 of the image of the Fig. 41—Concave Mirror, 
m "Uc * Consider- 
be ed be small, we may write, /4«/P, and OAmOP 
approx. 


Since AC bisects the angle /40, we have 


rios! HP (a 

De OP” Oc (1) 
Let OPmu; IP=y, and CP>r, Then, we have, from (1), 
Pii seal de Or, Viu r)muir- V) ; Or urd vr Quy, 
u u-r 


Dividing by uvr throughout, we have, l+ : - : . 


But, if F is the principal focus, PF» FC. Therefore, r= 2f 


(where f= PF =the focal length); or, bej 
Hence } +1 23-1 E A (2) 


(2) Convex Mirror.—In this case, every ray from a point O 


= on the principal axis appears, after reflection from the mirror, to 


diverge from a point on the principal axis, and so the image is 
Rs In Fig. 42 the ray OP reflects back along PO, since OC is 
the principal axis and the incidence is normal. Any other ray OA 
reflects along AB. The two reflected rays seem to intersect at / 
which gives the position of the virtual image formed in this case. 
AN is the bisector of the exterior angle OAB of the triangle 
140 ; so, 

IA LIC. 

OA OC * 
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Considering AP to be small, we may write 14—IP, OA=OP 
IC 


(approx.) s" op Oc Sub- 
stituting with proper signs, 
SEM) 
Peg utir} 
ee teey 
Fig. 42—Convex Mirror. u-r 
or, e —* ; Or, ur 4-vrz2uv. 
u u-r 
Try TE 2 1 
Dividing by uvr throughout we have, = i B y 


48. Conjugate Points :—Two points on the axis of a spherical 
mirror are said to be conjugate with respect to one another when an 
object placed in one produces the image at the other. 


In Fig. 41 a real object at O produces a real image at J and the 
positions are interchangeable. In Fig. 42 a real object at O produces 
a virtual image at J. A virtual object at 7 will produce a real 
image atO. Such points O and J are called Conjugate Foci. Pairs 
of such points occur on the principal axisof a spherical mirror, 
their distances from the mirror being respectively u and v, satis- 
fying the equation, erp where the values of u and v may be 
interchanged between them without violating the equation. So 


this equation is also often called the conjugate equation for a 
mirror, 


49. Rules for Tracing the Image in the case of Spherical . 
Mirrors :— 


(1) Draw a ray from the top of the object parallel to the prin- 


cipal axis. This ray after reflection will pass through, or appear to 
pass from, the focus. 


(2) Draw a ray from the top passing, or appearing to pass, 
through the centre of curvature of the mirror. This ray being normal 
to the mirror will be reflected back along the same path. If the 
bottom of the object be not on the axis, the position of its image may 
be determined exactly as above. 


(3) The point to which any two of these reflected rays converge 
or from which they appear to diverge, is the required image. 


(4) A ray passing through the principal focus, and incident on 


the mirror, will be reflected in a direction parallel to the principal 
axis. i 
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50. Determination of the Position of Image of an Extended 
Object formed by a Spherical Mirror :—An extended object may 
be supposed to consist of an 
assemblage of points only 
and when the image corres- 
ponding to each point is 
found, the image of the 
whole object is obtained, 
When the point source is on 
the principal axis, the image 
is also on it, and when it is 
not on the axis (as P in Fig. T 
43)the image is obtained Fig. 43.—1mage by a Concave Mirror. 
by the rules given in Art. 49. 

Let AB be the principal section of a mirror (Fig. 43 and Fig. 
44) of which A is the pole, C, the centre of curvature, AC, the prin- 
cipal axis, and F, the principal focus. Let PQ be the object perpen- 
dicular to the axis placed at Q beyond the centre of curvature. 
Draw a ray PB parallel to the axis which, after reflection, will 
pass through F, che principal focus. Then BF is the reflected ray 
in Fig. 43 (the reflected ray in Fig. 44 being produced backward 
passes through F). Draw another ray PC through C, the centre of 
curvature, which will be 
reflected back along the same 
path. The point P of inter- 
section of the rays is the 
required image of P. So P'Q" 
is the image of PQ, where 
P'Q'is drawn perpendicular 
to AC. The size and position 
of PQ’ will depend on the 
position of PQ with respect 
to the mirror. Following the above method of construction, 
different cases may be examiifed, 

Note.—(i) In case the object PQ is very long, and the mirror 
is very small, the two rays PB and PC (or any one of them) may 
not meet the mirror. In such a case the image should be obtained 
graphically by extending the trace of the mirror. It shouid be 
remembered that the image is actually formed by a large number of 
rays proceeding from each point of the object, and so it does not 
matter whether the two particular rays fall on the mirror or not.. 


(ii) The focal length of a concave mirror is positive. The focal 
length of a convex mirror is negative. The focus in the case of a 
convex mirror is a virtual focus. 

(iii) Real‘images are always inverted, while virtual images are 
always erect. : 


Fig. 44—1mage by a Convex Mirror. 


vor. i1(1)—4 
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51. Magnification : —The magnification mof the image pro- 

duced by a mirror is defined as follows— 
_ size of image 
size of object 

Here size refers to linear dimension (e.g. length, or breadth, or 
height) and not to erea, or volume. Also, m gives the magnitude of 
the linear magnification only. 

(a) Magnification in the case of a Concave Mirror producing 
Real image.— 

In Fig. 43 join PA and P'4. Then F’A is the reflected ray 
corresponding to PA, since P’ is the image of P. AC is the normal 
at A. The two triangles PAQ and P'AQ' are equiangular and, 
therefore, similar. So, 


Fo 24 =— This is deduced from the property of triangles. 

PO OA” property g 
It is necessary'to ace at this stage a convention regarding the 
signs of erect and inverted bodies. Let us say that an erect body 
bears a positive sign and so consequently an inverted body must 
have a negative sign attached to it. Since, P'Q' is inverted with 
respect to PQ, it should then be mathematically represented by 
giving a negative sign before it. 

; size of image _ PO) i. 


size of ovject. FQ” w 
m : Y 
Thus, for a concave mirror producing real image, m= ES 


The magnification in this case is negative. It means that the 
image is inverted. 


(b) Magnification in the case d a Concave Mirror, or a Convex 
Mirror producing Virtual Image. 


ig 


ü) JTN ss fora (i) Virtual image for a 
Concave Mirror. Convex Mirror. 
Fig. 45 


In Fig. 45 a concave mirror (left) and a convex mirror ( right) 
have been shown cach to produse a virtual image. Since P is the 
image of P, the ray PA reflected at A as AE will pass, when 

+ 
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produced backwards, through P, From the two similar triangles, 
PAQ oe PAQ (since ZLPAQ= ZQAE=ZP'AQ’ and ZQ=90° 
= 20’), " 


ER a4? ler. 
PQ 4AQ "wx 
m= Size of image P'O v. 


size ot object PQ” u 
Thus, for the virtual images produced by a concave or a convex 


. s; - y 
mirror also, m= — n1 


Note: Concave mirrors can produce both real and virtual 
images, whereas convex mirrors can produce only virtual images 
(Art. 54). Deductions for magnification in (a) and (b) above 
cover all these facts. The deductions, it must be marked, 
lead to the same single expression for the magnification, 


namely m S In using this expression, it must be remembered 


that m will be positive for erect images and negative for inverted 
images, since v itself is negative in the former case and positive in 
the latter case, Since erect images are virtual, and inverted 
images are real, m will be positive for virtual images and negative 
for real ones, 


Expression of Magnification in Various Ways, - 


We may also find other expressions for the magnification, m, 
in terms of u, v, f, and r as follows— 


1.14074 
(i) We have, baa 


Multiplying each term by v, we have 1+% ur. 
s mtani) 


mm ate tof čs > (1) 


(ii) Also, multiplying each term of the general equation by u, 
we get lon or, T -y 


J 
m m--L--(ui) \ 
Pe o us a (2) 
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(iii) Again, taking the equation, = +t -h 
we have b - te Eis, tuor Mss P LL EISE 
r vr ur 
y - = 
a Sees hatin or, eee [s y 
u ur u-r u u-—r 
v r-v 
LEE FUP T, 3 
u u-r ( ) 


(c) Plane Mirror.—The same equation for magnification has 
been obtained for both concave and convex mirrors. It should also 
hold for a plane mirror, which is only a spherical mirror of infinite 


radius. So the equation in the case of a plane mirror becomes, 


141.2.2 <9, and so in this case, Y— —u ; 
res 


That is, the size of the image in a plane mirror is equal to the 
size of the object. Since m is positive, the image is errect and 
virtual. 


52. Complete Description of an Image :—For the complete 
description of an image the following data are necessary— 


(a) Its distance from the mirror ; (b) whether erect or inverted ; 
whether real or virtual ; (c) its magnification. 


Remeber the Signs of u, v, f and m— 


u Um .. always 
n (Ea the direction of light 
Me *l- in the direction in which light is incident. 
1 i for concave mirror, 
are tl - for convex mirror. 
A f for erect images. Image virtual. 
i "| for inverted images. Image real. 


53. Sphericail Aberration (Caustic Curve):—All the rays 
parallel to the principal axis of a concave spherical mirror will 
meet at a point, called the principal focus, after reflection, only 
when a small portion of the surface is used as a mirror, i. e., only 
when the aperture of the mirror is small ; otherwise the rays will 
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fail to converge to a point. This failure of a mirror to bring the 
light rays to a point- focus is called 
spherical aberration of a 4 
mirror. 


It will be seen that when a 
large portion of a mirror is used, 
i.e, for a mirror of wide aperture Seow apes. “Tae 
the reflected rays, do not pass 
through F, the focus, unless they 
are incident near about the pole 
(vide Fig. 46). As the aperture Y 
increases the reflected rays cut the 
principal axis at points which 
are decidedly inside of F. The 
curve drawn tangentially to the reflected rays is called a caustic 
curve. 

A caustic curve is seen well when sunlight is allowed to fall on 
the side of a cup nearly filled with milk. i 

The spherical aberration of a mirror may be remedied by dimi- 
nishing its aperture by covering the outside margin with black 
paper so that the reflection takes place only near about the pole. 
Such a covering is called a stop or diaphragm. 

The spherical aberration may, however, be avoided by using 
a paraboloidal mirror, where all the rays after reflection pass 
through the focus (vide Art. 58). 


Fig. 46—Caustic Curve for a 
Concave Mirror. 


54. Nature, Position, and Size of the Image in Spherical 
Mirrors :— The nature, position and size of the image formed by 
a spherical mirror depend on the position of the object with 
respect tothe mirror. i 

(1) Typical cases are explained by the following diagrams 
drawn according to the rules stated in Art. 49. 


(a) Concave Mirror.— 


(i) Object at Infinity.—Rays coming from any point of an 
object placed at an infinite distance are practically parallel. These 
parallel rays, after reflection, converge to a point in the focal plane 
of the mirror (Fig. 47). The image is real, inverted, and very dimini- 
shed. 

(ii) Object between Infinity and the Centre of Curvature C 
(vide Fig. 43).—FQ is the object placed beyond C. P'Q' is the image 
formed between C and principal focus F, and is real, inverted, and 
diminished. 

(iii) Object at the Centre of Curvature C.—P( is the object at 
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C (Fig. 48). A ray from P parallel to the axis, after reflection, 
passes through F, and another ray PB’ passing through F, after 
reflection, passes parallel to the axis. These two rays intersect at 


Fig. 47—Object at Infinity. Fig. 48—Object at Centre of 
Curvature of a Mirror. 


P which isthe image of P. Asall rays from Q pass through Q 
after reflection, so the image of Q is formed at Q. P'O is thus the 
image of PQ which is real and inverted : and it can be easily 
proved that PQ-P'Q. So the image is of the same size as the 
object. 


(iv) Object between the Centre C and the Focus F.—The ray 
i PB is taken parallel to the 
axis and the other CP is 
taken through C (Fig. 49), 
These two after reflection 
intersect at P' which is the. 
image of P, and Q'isthe 
image of Q. So the image 
is formed at P'Q' which 
Fig. 49—Object between C and F. is real, inverted and 


enlarged. 


(v) Object at Focus (Fig. 50).—This case is the converse of case 
(i). Two rays from P, one 
parallel to the axis and the 
other in a direction through C, 
after ^ reflection, become 
parallel and therefore meet 
at infinity. The image is real, 
inverted, and infinitely 
enlarged, — 

(vi) Object between Focus 
and Mirror (i.e. distance less Lig. 50—O6jeet at F, 
than the focal length).—The ray PB(Fig. 51), parallel to the axis passes 
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through F after reflection, and the other ray incident on the mirror 
in a direction through C 
Tetraces its path after reflec- 
tion and passes through C. 
The rays form a divergent 
pencil and meet at P behind 
the mirror, when produced 
backwards, P’ is the virtual 
image of P. The image 
P'Q'inthis case is virtual, 
erect and magnified. Fig. 51—Object between F and A. 


(b) Connex Mirror.—This case is given in Fig. 44, where it 
has been found that the image P'Q' is virtual, erect, and diminished 
and it will be found also from Fig. 52 that for all positions of the 


Fig. 52 


object, the image is virtual, erect and diminished. Three different 
positions marked, I, II and III, of the object PQ and the corres- 

- ponding positions marked 1, 2 and 3 of the images are shown in 
Fig. 52. As the object PQ is brought from infinity towards the pole 
A, the image P'Q' increases from a point size to a size almost equal 
to PQ. 


Remember that in the case of the concave mirror, when the 
object is at infinity, the image is formed at the focus F (Fig. 47), 
and as the object moves from infinity to the centre of curvature 
C, the image moves from the focus to the centre of curvature C, 
being always real, inverted, and smaller than the object, gradually 
increasing in size. When the object is at C, the image is at C, 
being real, inverted, and of the same size (Fig, 48). As the object 
moves from C towards F, the image sets out from C to infinity, 
being always real, inverted, and enlarged (Fig. 49); and when the 
object is at F, the image is at infinity (Fig. 50). As the object 
moves from F towards the pole of the mirror, the image moves 
from infinity, appears behind the mirror and approaches the pole, 
being always virtual, erect, and gradually diminishing in size. 
When the object is at the pole, the image is also at the pole, being 
virtual, erect, and of the same size. 
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' (2) Summary of Results— 


Figures 
for 
Mirrors 


Position of Size 


Image 


Position o 
Object 


Nature of 
Image 


s Real, Inverted| Diminished 


Between œ 
and C 


AtC 


Betwen O 
and F 


Same size 


Enlarged 


At F | 
Between F Behind the 
and pole * mirror 


At Pole At Pole 


æ% 


F 


Between 
pole and œ 


Between F 
and pole 


(3) Verification from the Formula.— (a) The positions of the 
image formed by a concave mirror may be obtained from the 
formula as follows :— : 


(i) Object at infinite distance ; Here u=% ; or, tno, 


S. v=f, i.e. image is at focus. 


(ii) Object betweea œc and centre C. Here u>2f and «cc. 


.. From the general formula (Art. 47), i and <! 


2f F 


4. Y«2f and >f, i.e. image between F and C. 


(iii) Objectat C. Here u=r=2f. 


v=r, i.e. image at C. 
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(iv) Object between C and F. Here u>f and «2f. 


11 pus ui 
<, and >>, gt} 
bud 


uf 
II] 1 1 
ie <->- and «.- ie ->0 and «7. 
pio uera ne) icem 2f 
v<cc and >2f, i.e. image between C and oc, 
: 1-113 
(v) Object at F. Hereu=f. .'. ~ -7.—; s» 0; 
foy) 


ie. v=, i, e. image at oc. 
(vi) Object between F and pole, i.e. mirror. Here u<f. 

321713 is negative, ,' is negative, i.e. the image is 

= fi uy Sec AS dd Bi , le. 
behind the mirror. 

Note. It should be noted carefully that in order to obtain a 
sharp image with any sperical mirror, only mirrors of small 
aperture must be used. For, by using a mirror of large aperture 
all rays parallel to its principal axis, after reflection, will not pass 
through a single point focus and no sharp image is possible (vide 
Art. 53). 

(b) Case of Plane Mirror.—If the radius of curvature ofa 
spherical surface becomes infinity, then the surface may be taken to 
be a plane surface. So by putting r— o in'eq. (2), Art. 47 we get, 


14122 29 ; OF, int ;or,v-— —u. 
vou c 2rd 
i.e. the image is formed on the side of the mirror opposite to the 
object at a distance equal to the object distance u. 
(c) Case of Convex Mirror.— 
Here Lil - ; , since f for a convex mirror is negative 5 


fe. i. 2 -L Therefore, all values of u, v is negative, i.e. 


the image is always virtual. 

(i) When u2 «,v- —f. That is the image is at the focus. 

(it) When u>0<%, Le. the object lies anywhere between 
infinity and pole, »<—f. 

Thus, the image formed by a convex mirror lies between focus 
and pole. It is always virtual, erect, and diminished, 


55. Graphical Representation of . Conjugate Positions for a 
Spherical Mirror :— 
The graphs shown in Fig. 53 give a complete picture of how the 
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position of the image changes when the object distance is changed 
in the case of a spherical mirror. For real objects, the curve has 
been drawn with a continuous line, while for virtural objects, the 
curve has been drawn with broken lines. Both of those curves are 


(à) Convex Mirror (b) Concave Mirror 
Fig. 53 


rectangular hyperbolas extending upto infinity where they tend to 
meet the f, f lines. 

56. Conjogate Foci with the Principal Focus as the Origin 
(Newton's Formula) :—The equation (2), Art. 47, can be written in 
the following way. 


fal ua ; or, uys- uf + Yf; 


or, uy —uf -yf +f? ef? ; or, uy—f) -fv Jal? + 

or, (u— f) (v - f)* » f* ony ose e (1) 

So, if the distance of the object and its image due to a spherical 
mirror are measured from the principal focus, and are represented 
by x and y respectively, then x=(u—f), and y=(v—f); so the 
equation (1) becomes xy = f?. cM et . (2) 

Here f? is always positive, where f is positive or negative ; so 
x and y must be of the same sign, i.e. they arc on the same side of 
the principal focus. 


57. Experimental Method of finding the Radius of Curvature (or 
Focal Length) of Concave and Convex Mirrors : — 


(1) CONCAVE MIRROR 


(a) U-V Method.—Mount the mirror M on a stand S placed 
on a table (Fig. 54) and place a lighted candle 4 in front of 
it so that the tip of the flame is on the axis of the mirror. Inverted 
image C of flame is received on the screcn B on the same 
side as the object, when the object is placed at a distance greater 
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than the focal length. Move the screen until the image is quite 
distinct, Measure the distances : 

of the flame and its image 
from the mirror, Use the 


equation, 
1, 1,2, 
Sa 7 Ta 


to find r or f. The experi. 
ment may be better perfor- 
med in a dark room on an 
optical bench. 

(A pin, suitably mounted Fig. 54—u-v Method 
can also be used as the object and another pin may be placed 
so that it coincides with the image and there is no parallax between 
the two, i.c. the image and the second pin move together on moving 
the eye side to side. "In this case no dark room is "— fa 

(b) Geometrical Method ;— Determine at least 5 and 6 values 
of u and their corresponding values of v by the above method. In 
Fig. 55, OX and OY are the two axes of co-ordinates. Plot u and 
vonthe X-and Y-axes respectively, with the same scale for both. 
Let u OA and v= OB, join AB by a straight linc, In this way, draw 
straight lines 4'B', A'B^,.. etc, With other values of u and v, All the 
lines Ps intersect at C, then CDe CE f, where f is the focal 
lengi 


Fig. 55 
If OAwx and OB=y; and because OA=u and OBwv, we- 
get, A el - EE ^ a 
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position of the image changes when the object distance is changed 
in the case of a spherical mirror. For real objects, the curve has 
been drawn with a continuous line, while for virtural objects, the 
curve has been drawn with broken lines. Both of those curves are 


(a) Convex Mirror (b) Concave Mirror 
Fig. 53 


rectangular hyperbolas extending upto infinity where they tend to 
meet the f, f lines. 

56. Conjugate Foci with the Principal Focus as the Origin 
(Newton's Formala) :—The equation (2), Art. 47, can be written in 
the following way. 


dere. 2s : 
edad 1; or, uy—uf 4 vf; 


or, uy— uf -vf +f 9f? ; or, uv f) -fv -D f" ; 

or, (u—f) (v - f) «f? A EE e (1) 

_ So, if the distance of the object and its image due to a spherical 

mirror are measured from the principal focus, and are represented 

by x and y respectively, then x—(u—f), and y=(v —fj; so the 

equation (1) becomes xy=f?. Ns E (2) 

Here f? is always positive, where f is positive or negative ; so 

x and y must be of the same sign, i.e. they are on the same side of 
the principal focus. 


57. Experimental Method of finding the Radius of Curvature (or 
Focal Length) of Concave and Convex Mirrors :— 


(1) CONCAVE MIRROR 


(2) U-V Method.—Mount the mirror M on a stand S placed 
on a table (Fig. 54) and place a lighted candle 4 in front of 
it so that the tip of the flame is on the axis of the mirror. Inverted 
image C of the flame is received on the screen B on the same 
side as the object, when the object is placed at a distance greater 
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than the focal length. Move the screen until the image is quite 
distinct. Measure the distances 
of the flame and its image 
from the mirror. Use the 
equation, 


i; da2.4 
Pe VW 


to find r or f. The experi. 
ment may be better perfor- 
med in a dark room on an 
optical bench. 

(A pin, suitably mounted Fig. 54—u-v Method 
can also be used as the object and another pin may be placed 
so that it coincides with the image and there is no parallax between 
the two, i.e. the image andthe second pin move together on moving 
the eye side to side. "In this case no dark room is necessary). 

(b) Geometrical Method :—Determine at least 5 and 6 values 
of u and their corresponding values of y by the above method. In 
Fig. 55, OX and OY are the two axes of co-ordinates. Plot u and 
vonthe X-and Y-axes respectively, with the same scale for both. 
Let u=OA and v=OB, join AB by a straight line. In this way, draw 
straight lines A’B’, A"B',...etc, With other values of u and v. All the: 
lines nm intersect at C, then CD=CE=f, where f is the focal 
length. 


70 Y 


O— jo 20 A30 4) 5) 60 70 


Fig. 55 
If OA=x and OB=y; and because OA=u and OB=yv, we- 
Xa eas SL E 1 
get, u HE ( X, 
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Since LH -j on multiplying every term by f, we have 
Lyf =1 wee (2) 
FER 
By comparing equations (1) and (2), we get, 
xf and y=f. 


So, all the straight lines will intersect at C whose co-ordinates 
are f, f, ie. CD- CE-f. 


(c) Radius of Curvature and Focal Length from the Graph.— 


Plot graphs of (i) uand v [Fig. 56 (a)] and (ii) l and 1 


[Fig. 56 (5)]. 


Fig. 56 (a) Fig. 56 (b) 
It is better to choose the same scale for u and v. 


(i) From the graph of u and v, which isa rectangular hyper- 
bola we can find r ; for, when v=u, each=r=2f. 


aie Sire ee ee EN 
i it-2- 
On the curve the point, for which v—u, is that where the line 


bisecting the angle between the axes cuts the curve (when u and v 
are given in the same scale). 


1 


1 1 T xo 
ii Ll- izy; = = 
(i) Let y ~> and L—y; then the equation —+— f takes 


1 
the form, y+x= 7 =a constant, This is the equation of a straight 


line. Now, from the graph of 1/u and 1/v which is a straight line 
(Fig. 56(b)], we can find f because it cuts each axis at a distance 


1 
equal to for, when u=«, Lo, and D or, v=f. In Fig. 
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——— 


56(b), OA represents the distance for 1/v when I/u=0. .', OA (or 
the intercept on the 1/v axis) 1/f. Similarly, the intercept on the 
l/u axis is also 1/f. 


(ii) Draw a graph with u along the y-axis and u/v (or 1/m) 
along the x-axis. Since aum e on multiplying every term by w 


we have PHEE or, ux» f 4-f(1/m). This is of the form y=f-+fx ; 


so the graph will be a straight line. When x=0, yef;sofis 
obtained by taking the intercept on the y-axis, when xm, 


(iv) wand T (or m). But if the values of u are plotted on the 


X-axis and the corresponding values of zon the Y-axis, the graph 


will be a rectangular hyperbola. 
: l1 S P 
Sine | eps pic E oni etel or, : (or maL> 


if yor and x=u, then, 


ya d or xy=fiyt+))s 


again, if >= 1, then vu and u=2f=0B from.the graph. 


Y y 7t Graph 


when © <1 
u 


u=2f 


gnification 


X ma 
u 


5 : x 
O "(0 20 30 40 so 60 70 
Fig. 57 
(9) wand uty,.— Plot u and the sum of u and the correspond- 
ing values of v along the X-and Y axes respectively. For the 
minimum value of u--v, uz v—2f and BA-u42-v- 4f. 
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(i) v and Z (or m).—Plot of v and > on the X-and Y-axes 


respectively is a straight line (Fig. 58), which cuts the X-axis at B, 
Graph uty —w 


Y urv(min)=4 f for u-2f 
80 ` 


70 


4 
E 
v 

= 
m 
* 
x 


10820 30 40 50 60 70 
image distance— v 
Fig. 59 


sv 2 1 
t=», vax scu E. then from the above relation, 


use ME 
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y=mx-—c, here c=1, if y=0, then x= Laf; or OB» f. 
(vii) u+v and uy.—The graph is a straight line (Fig. 59) 


Bi u uty? 
or, w=flu+y), if x=uty, yu» and f=m, 


AB vc lcd 
wheres; =f. From the relation = Her? f= 


AB 
then, y=mx and m=tan 8—ac 


(d) Parallax Method or the Method of Self-Conjugate Point.— 
In experiment (1) above, using two pins, one as object and the 
other for location of image, after getting the inverted image move 


Ce 


Fig. 60 


the object pin in such a way that the image and the object become 
coincident in position, no matter from whatever position they are 
viewed, that is, find the position for no-parallax (Fig: 60). This is 
possible only when the object is placed at the centre of curvature. 
Hence, the distance of the object from the mirror is the radius of 
curvature of the mirror, and one-half of this value will be the 
focal length. 


(e) By Spherometer.—Read the distance h through which the 
central leg of the spherometer is to be loweredfrom the horizontal 
plane in order to touch the mirror surface and then calculate the 
radius R of the mirror as explained in Art. 18(C, 2), Part I. Vol. I. 
Then find out the focal length which is R/2. 


(2) CONVEX MIRROR 


(a) Direct Method.— Clamp the mirror on a stand and place 
it on a table. Take a piece of paper and draw three clear papallel 
straight lines (AB, OP, ED) about half an inch apart (Fig. 61). Fold 
the paper perpendicularly across the lines drawn and arrange the 
paper, mounted on the edge of a drawing board, so that its plane, 
when continued, would pass through the centre of curvature of the 
mirror, The crease of the paper should touch the surface of the 


2237 

eH oe 

um ak l | 
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graph, u= — 2v, be now plotted, it will intersect the former 


graph 


at D (Fig. 64). Ifa perpendicular is drawn from D on OX, then 


the distance of the foot of the prep. from O is u and u=f. 


(iii) 1 1 -—The graph will be a straight line which meets the 


x 


=incm. 
“EE, lul AR s 
06,00! 002 003 004 06 007 008 
4 
10:07 
i008 
ioo 
E joo 
H 
£i 
ay? M 
{012 
1013 
iona 
Vois 
Y 
Fig. 65 
OY.axisat A. This distance, - O4— Lu 65). 
(iv) -uand 2 (=m).—The graph is a hyperbola. 
F EGONEAN phe a 


35 -40 45 SO 55 60 


) 5 10 15 20 25 30 35 45 Po 0 —— —X 


Fig. 66 
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If -= , then f= 
3 t n f: u. 


In this way other graphs may be plotted. 


(c) Conyex Lens Method.— Take a conve i 

V) of focal length shorter z lons Z (vide Come 
than the radius of curva- 
ture of the convex 
mirror M and place it 
in front of the mirror 
(Fig. 67. Then put a Fig. 67 

pin PQ in front of the 

lens at a distance greater than the focal length of the lens, when 
a real image of the pin will be formed on the same side of the 
lens after being reflected back by the mirror. Now adjust the 
position of.the object pin till the image coincides with the object 
and there is no parallax between them. For this condition the rays 
of light from P, after refraction through L, must fall normally on 
the mirror, when they will be reflected back along tbe same path, 
and this would happen when the distance MO is the radius of 
curvature of the mirror. 

Thus after proper adjustment is made, measure the distance LM, 
keeping everything undisturbed, and then remove the mirror, Now, 
take another pin and locate, by the method of parallax the position 
© of the real and inverted image of PO formed by the lens alone 
without disturbing the position of the object PQ and the lens L. 
Therefore, the radius of curvature of M 

=LO-LM=MO=2 x focal length of M. 


Take several readings as above and take the mean value as the 
correct focal length. (This method should be read after Chapter V). 


(b) Spherometer.—[Vide Art. 18(C), Part I, Vol. I). 


58. Distinction between Mirrors :—A plane, a concave, and a 
convex mirror, can be distinguished from each other by the images 
formed by them. 


(1) Plane Mirror.—A plane mirror gives an erect image of the 
same size as the object situated as far behind the mirror as the 
object is infront. Our looking-glasses are plane mirrors, A good 
looking-glass should be of uniform thickness and have a plane surface. 
The silvering at the back should also be good. Costly mirrors are, 
sometimes, made by silvering the front face. Ordinary cheap 
looking-glasses are neither plane nor of uniform thickness. 

If the surface is not plane, concavity or convexity of different 
amounts, though small, will be present at different parts. Asa 
result different magnifications will be caused at different parts of 
the image which thus will appear distorted, 
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ff the thickness is non-uniform, the angle between any two re- 
flected rays will not be the same as between the relevant incident- 
rays Asa result, the image and the object will not look alike. 


If the silvering at the back is good, the image formed by rays, 
reflected at the back, will 

r be much more bright than 
T- tu the faint image formed by 
reflection at the front face 
and there will be no con- 
fusion resulting from mul- 
tiple images. Due to defects 
of silvering and use of low 
quality glass, ordinary 
Fig. 68 cheap mirrors give unsatis- 

factory images. 


(2) Concave Mirror.—A concave mirror gives a magnified , 
erect image (virtual), if it is brought very near to the eye (Fig. 68).3 
otherwise an inverted image is formed, if the observer PQ stands 
farther from the mirror than the focus F. 


Uses of a Concave Mirror.— 


A concave mirror is sometimes used as à shaving-glass. A 
virtual magnified image of the face is produced when the mirror is 
brought near it, the distance being less than the focal length. 


Sometimes surgeons, while examining the internal parts of the 
ear, nose, or thoat, use a small concave mriror to throw a narrow, 
but sharp beam of light into the affected parts. A small concave 
mirror with a small hole in the centre is used in the Doctor’s 
Ophthalmoscope. The Doctor looks through the hole from behind 
the mirror while a beam of light from a lamp reflected from it is 
directed into the pupil of the patient’s eye in order to examine the 
retina which thus becomes visible. 


Concave mirrors consisting of bright surfaces are very often used 
behind a source of light (placed at, or a little behind, the focus of 
the mirror) as reflectors. Rays which would otherwise proceed 
backwards and prove useless are thrown in the forward direction 
by such reflectors, Thus it increases the intensity of light in the 
forward direction. Reflectors of table lamps belong to this class. 


Paraboloidal Mirror.—In a concave i i i 

. paraboloidal mirror (Fig. 69), 
all parallel rays, after reflection from any part of ihe Een pass 
tiout the focus, and reversibly the rays from a point source at 
the focus emerge parallel after reflection. Paraboloidal reflectors 


SPHERIOAL MIRRORS 69 


are used for the head-lights of motor-cars, tram-cars, bicycles, etc. 
where the source of light is placed 
just behind the focus in order to 
produce a slightly divergent beam, 
which will reach a great distance 
in front. If the source of light is 
too far forward, the reflected rays REISE 
cross each other after only a short 

distance in front of the reflector. 


Search lights in steamers, 


ships etc. are fitted with concave Fig. 69. 
paraboloidal reflectors, and gene- Patano locidt 


rally an arc lamp is placed almost 
at its focus, and thus the reflected beam is thrown over a very 
great distance. 


(3) Convex Mirror.—A convex mirror always gives a virtual 
ia and erect image situated within the focal length 
Fig. 44). 


In the case of a convex mirror, more objects around the mirror 
become visible (or in other words, a larger field of view is obtained) 
than in the case of plane and concave mirrors. This principle is 
utilised in the case of the view-finder of an automobile. A convex 
mirror, which acts as the view-finder, is mounted in front of the 
driver, projecting outside the car. All real objects in front of it (i.e. 
traffic at the rear of the car) form virtual images of erect and 
diminished sizes confined within the focus and the pole of the 
mirror. The driver, facing forward, sees at ease what is happening 
at the rear by simply looking into the mirror. It covers a very 
wide field. 


A plane mirror to give satisfactory results for the same purpose 
would have to be far too large to be convenient, but the advantage 
with the plane mirror is that 
the objects seen by means of it 
appear in their correct sizes 
and distances. 

' Fig. 70 makes these points 
clear. For the convex mirror 
BD, the field of view is between 
the extreme rays XB and YD. 
For a plane mirror BD (shown 
by the dotted line) of the same 
size as the convex mirror, the 
J field of view is only between 
Fig. 70 AB and CD. 


It should be noted that street lights are provided with convex 
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reflectors in order that light can be diffused over an extended area, 
while table lamps are provided with concave reflectors so that the 
rays may converge over a limited area. 


(4) Cylindrical Mirror. —This kind of mirror forms part of a 
cylinder and will act partly like a plane mirror and partly like a 
spherical mirror. Thus distorted images of a body, say, tall and 
thin or short and fat, are obtained on standing in front of such a 
mirror. They are very often used for window advertisements 
in shops. 


59. Identification of Mirrors :— 
CE CURIE eer rE A ee OE 


Nature of Image Mirror 
Erect, same size as object m E Plane 
Erect, magnified tee Concave 
Inverted, magnified or diminished =- ose Concave 
Erect, diminished M t Convex 


60. Solution of Examples :—In solving numerical examples 
follow the rules given below : 


(d) First put down the data of the example with their proper 
signs. (b) In the general formula of mirrors, substitute the nume- 
rical values of u, v, etc. with their proper signs, and do not change the 
sign of any of the distances whose numerical values are not given. 
Then solve the equation and draw the conclusion from the sign of the 
distance, or magnification, as the case may be. 


Conclusion.—(i) The positive sign of the focal length (or radius 
of curvature) will mean that the mirror is concave, while the negative 
sign will mean that the mirror is convex. 


(ii) 1f the value of m is negative, the image is real and inverted 
and is formed in front of the mirror, and if mis positive, the image 
is erect and virtual and is formed behind the mirror. 

Examples.—1. A pin 3 cme, long is placed with its middle point at a distan:e 
Ff 1°5 metres from a concave spherical mirror whose radius of curvature is 50 cms. 
‘ind the position and the size of the image formed. (0. U. 1925) 


Ans. 1'5 meters=150 cms. For a concave mirror, we have, 4 tind. 
Here, u= +150 cms. 

D" Eee 2.1 whence v= +30 cms. 

v 150 50 25 

4. The image is at a distance of 30 cms. in front of the mirror. 


ification=m= = = 2CE30).. 1, 
Magaification=m Sir ISO * 
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. Since m is negative, the image is inverted and so it is real. The size of the 
image=(siz: of object) x magnification=3 x }=0°6 cm. 

2. The sun subtends an angle of half a degree at the pole of a cancave mirror 
which has a radius of curvature of 1-5 metres. Find the size of the image of the 
aun formed by the concave mirror, (Pat, 1943) 


Ana. Here, u=distance of sun (a positive quantity), v=image distance 
f= 15/25 --7:5 metres =(7'5 x 100) cms.=v, the sun being at infinite distance. 


We have (= ig T X18) 350 radians. 


^ t arc  diameterofsun — x 
Again, angle in radians" oi. distance of sun 360" 
But diameter of image. v distance ofimage_ — 75x10 — 
diameter of sun w — Gisiance of sun diameter of sun ` 
Diameter of image diameter ofsun_ + 
T$x100 _ distance of sun 360 


«. Diameter of image X 100x22 65$ cms. 


no 


3. How far from a concave mirror of radius 2 ft. would you place the object to 
get an image magnified 3 times? Wauld the image be real or virtual ? (All, 1932) 


Ans. If magnification is 3 times, <=3, neglecting signs ; or v=3u. 


For any spherical mirror ard so for a concave mirror also, 444-2, Ip 


applying this equation to the present problem, two cases have to be examined, 
namely (i) when v is positive, and (is) when v is negative. 


Case (i): vis positive and r=+2 ft. 
1 p n2 02 


We shall have, GS a T 


or, 143 whence umt te 


3u 
.. The object is to be placed at a distance of 4/3 ft. from the mirror, 


v „(+3u) 
u 


Now, hare =—3. Since mis negative, the image is inverted 


and real. 
«^. For 3 times magnification and u=4/3 ft., the image is virt val. 


Case (ii): When v is negative, and re +2 ft. 


1 $1.2 
We shall Bav Te) a3 4 


or, L431, where u=2/3 ft. ; 
.. The object is to be placed at a distance of 2/3 ft. from the mirror. 
Now, m= - = 3) 03, Since m is positive, the image is erectandvirtual. 


\*. For 3 times magnification and u=2/3 ft., the image is virtual. 
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4. A convex and a concave mirror of radit 1U oms. each are placed facing each 
other and 15 cms. apart. An object 4» placed midway between hem, Find the 
position of the final image 4f the reflection first takes place in the concave and 
then in the convex mirror. (Pat. 1928, '30) 


_ Ana, As the object is placed midway between the mirrors, the object 
distance in the first case, w= 15/2 cms ; r=10 cms. ; v=? We have, 


Pi 2, E E 
Eye E teas + wis whence v= --15 cms. 


That is, the image produced by the concave mirror is formed on the pole 
of the convex mirror. So the final image will also be formed at the rele of the 
convex mirror. 


5, An object is placed 18 cmg. away from a concave mirror whose focal length 
ie 10 cme, ; find the position and the size of the:image if the object Le 4 mms. broad 
by 12 mms. tong. (Pat. 1928) 


Ans. Here u=18 cms. ; f=10 cms. ; v=? 


We have, Lag =i. whence v=% =22'5 ems. 


Magnification=m= -{-“ A Length of-the cbjccts 172 cms. and 
breadth=0'4 cm, .*. Length of the image=1°2 x $=1°5S cms. 

Breadth of the image=0'4 x $=0°5 cm. 

^. Size of the image=(1°5 cms, x 05 cm.) 20775 sq. cm. 


6. The image of a gas-flame standing at a distance of 6 ft. from the screen 
should be magnified three times. Where would you hold the mirror and what sort 
of mirror would you require ? 


Ans, Let x ft. be the distance of the mirror from the gas-flame, then 
the distance of the mirror from the screen is (x+6) ft. ' Here ux ft. ; 
vex(x+6) ft. 


Because the image is three times the size of the object and is real, 
we have, m= —3 ; vex-F(x-F6) ; um-tx. Since, m= —v/u, we have, 


E 49 3-01, Xe3 ft.zSo, uesx e ft, vod 63-669 ft. 


pete, : 
Hence stip whence fx + 2°25 ft. 


The positive sign shows that the mirror is a concave one and it is cf 
2°25 ft. focal length. It should be held 9 ft. from the screen or3 ft. from 
the gas-flame. 


7. A convex lens of focal length 24 cms. is placed 12 ems. in front of a 
convex mirror, It is found that when a pin is bhad 35 cms. in front of the 
lens, it coincides with its own inverted image formed by the lens and the mirror. 
Find the focal length of the mirror. (Pat. 1944 ; Utkal, 1949) 


Ans. (Vide Fig. 67 and read the experiment carefully). In the absence 
cf the mirror, the image of P by the lens would form at O. We have, 


iet Whence ya —72; 


or, LO=—72. .*, MOm —(712-12) —60=2f. .*. f —30 cms. 
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Questions 
1. An object is placed 28 cms. from a concave mirror whose focal length 
is 10 cms. ; find where the image is, Is it real or virtual ? (C. U. 1926) 


2. Anobject ] cm. high is placed at a distance of 20 cms. from a concave 
mirror and the image is found to be 2 cms. in height and is real, Find the 
focal length of the mirror. Where must the object be placed in order to give 
a virtual image 2 cms. high ? 


|Ans, 133 cms, ; 6$ cms. from pole.! 


An object 3 cms. in height placed perpendicular to the axis of a con- 
cave mirror of 10 cms. focal length and 4 cms, from the mirror, Show where 
the image is formed, If an observer's eye is 25 cms. from the mirror, what is 
the least diameter of the mirror necessary for the whole image to be visible 
at once ? 

[Ans. —6} cms, ; 33$ cms.] 


4. Explain “Conjugate Foci" as applied to a concave mirror. Describe a 
method of determining the focal length of a concave mirror by finding the 
distances of the conjugate foci. Jf these distance are $^ and 10" ; calculate the 
foca) length. (C. U. 1948) 


[Ans, 10/3 inches.1 


5. The image formed by a convex mirror is only one-third the size of 
the object, If the focal length of the mirror is 1 ft., where is the imago tigan 
t. 


[Ane, -$ft] 


6. You are required to form an enlarged real image of a certain object. 


How will you obtain it, if the rays are not allowed to suffer refraction ? 
(Pat. 1922) 


7. Draw diagrams to illustrate the formation of (i) real images, (d) virtual 
images, by a concave mirror, (Dac. 1929) 


8. Explain how with the help of the laws of reflection the position and size 
of an image formed by reflection at a convex surface can be determined 
gcometrically. (Utkal, 1947) 


9. Explain by means of diagrams, how the position and size of the image 
vary with the position of an object for a convex spherical mirror, (C. U. 1922) 


10. Distinguish between real and virtual images. Explain and illustrate 
M poer the formation of each kind cf image in a concave mirror. Explain 
why only virtual images are formed by convex mirrors. (C: U. 1922) 


11. A concave mirror of focal length of 8 cms. is made to approach a rod 
of length 4cms. placed perpendicularly to the axis of the mirror, Show by 
means of typical diagrams on a squared paper, the changes in the nature and 


the size of the image. (C. U. 1913, *18) 


12. An object is at a distance of 10 cms. from a mirror and the image of 
the object is ata distance of 30 cms. from the mirror on the same side as the 
object. Is the mirror concave or convex ? What is the focal length ? U. 1920) 

(C, U. 1 


iHints.—Since the object and the image lie on the same sideof the mirror 
the mirror is a concave one.) |Ana. fe75cms.] 


13. Describe the api ance and position of the image produced by a 
concave mirror as the object moves from infinity towards the mirror. 
(All, 1932 ; ef. C. U. 1933; Pat. 1937, '49) 
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14. Show from the formula the variation of the position and the nature of 
the image when areal object is moved from a great distance up to a concave 
mirror, (C. U. 1940) 

15. Explain by giving diagrams how a concave mirror can give images of 
the same linear di Andon when the object is placed at two different distances 
from the mirror, (Pat. 1929) 


16. «and y are the distances of an object and its image from the focus of 

a spherical mirror. Show that zyef*, where f is the focal ag ^3 of the mirror, 
of. Andr. U. 1950) 

16 (a). An image produced by a convex mirror is 1/mh of the size of the 
Object ; prove that the latter must be at a. distance (n1) f from the or 
where / is the focal length of the mirror. (Pat. 1939) 


met "m-t erie le l --7 since the mirror is convex. ` 


W 
p » hs - 
sh» led Jin - 1) 


17. Plot on a graph the following values of the distances of object and 
image for a given concave mirror— 


Wesss: 250, 200, 150, 120, 100, 80, 70 cms, 

Wsse0-60'9, 652, 732, 84, 965, 1275, 1665 cms. 

State and explain how from this graph you wil! determine the focal length 
of the mirror. Find from the graph, or otherwise, the distance of the object 
from the mirror for which a real magnified 1:5 times, will be produced. 

8$. You are asked to decide whether a given mirror is convex or concave 
touching it, What method would you adopt to ascertain this ? 


(Del, U. 1940 ; Pat, 1924 ; All, 1918 ; Dac. 1927 ; C. U, 1941) 
]9. The driver of a motor-car is supplied with a convex mirror in order 
he may sce the roadway behind him, Explain how he is able to do this. 


à plane mirror serve the purpose equally well ? (Pat, 1933) 
20. Explain why the reflection of objects seen in a cheap looking-glas 
gives distorted images. > 1932 ; of. Dac, 1921 C, U. 1929) 


21. Point out the uses of a convex mirror. (Utkal, 1947 


CHAPTER IV 
Refraction of Light 


61. Refraction :—When a ray of light travels in the same 
homogeneous medium, it travels straight ; but when it passes from 
one optical medium to ano- 
ther, it suffers a change of A P 
direction at the surface of H 
separation between the two $ 
media and is said to be : vi 
refracted (except when the 2 
ray is normally incident). 

If the second medium be 
denser« than the first, the 
ray is bent in thc second 
medium towards the 


Historical. —The of the law of refraction is rather interesting. The 
famous astronomer Ptolemy some idea of it, but he did not discover law. 
water described in Art. 71 (Pig 79) bad been known 


1. The incident ray, the refracted ray, and the normal to the 
refracting surface at the point of incidence all lie in one plane, 


* Here density means optieal density which has no necessary connection with 
the meaning of mass dent, though sometimes optical density increases with the 
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2. The sine of the angle of incidence bears to the sine of the 
angle of refraction a constant ratio for the same two media and for 
the same colour of light. 

The second law was formulated by Snell, and is known as 
Snell's Law, or simply the Law of Sines. 


63. Refractive Index :—When a ray of light passes from a 
medium ‘a’ into another medium ‘b’ the ratio of the sine of the 
angle of incidence i to the sine of the angle of refraction ris a 
constant whose value depends only on the colour of the light and 
nature of the two media This constant is called the refractive 
index of medium ‘6’ relative to the medium ‘a’ and is commonly 
denoted by aitb, or p^,('!' is pronounced mu). That is, a" p - E à 


It is also often called the relative index of refraction. 


When the first medium ‘a’ is vacuum, i.e. the ray travels from 
vacuum to the medium ‘J’ the value of the constant is maximum, 
and is called the absolute index of refraction'of the medium *5'. 

It is to be noted, as already pointed out, that the refractive 
index (R.I.) depends on the nature of the media and the colour of 
the light only. It is independent of the angle of incidence of the 
light and its value increase from the red end of the spectrum to 
the violet. When no mention of the colour is made in giving the 
value of the R. J., it is to be taken for the mean colour i.e. yellow. 
The R. I. of a material, unless otherwise mentioned, is to be taken 
as relative to air. 

64. Verification of the Laws of Refraction :— 

(i Pin Method.—Place a rectangular glass slab ABCD on 
a sheet of paper fixed on a drawing board and draw its outline by 
a pencil (Fig. 72). Fix a 
pin P on the paper in 
contact with the face AB. 
Fix another pin P, at a 
short distance from the slab 
so that the direction P,P is 
oblique to 4B On looking 
at these pins through the 
slab from the side of the 
face DC, two other pins are 
fixed, Q, in contact with 
the slab and Q at some 
distance so that the four 
pins appear to be in the 
Fig. 72 same straight line. 


Remove the slab and join P,P, QQ, and PQ,. Then MP 


represents the incident ray, and PQ, the refracted ray. Draw 
NPN, normal at Pto the face AB. The angles P,PN and Q,PN, 
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are the angles of incidence and refraction respectively. With centre 
P and any convenient radius, lesser in length than AD, the breadth 
of the slab, draw a circle cutting PP, at R,, and PQ, at Mj. 
From R, and M, draw perpendiculars, R,R and M,M on NPN;. 
Now denoting the angle P,PN by i and Q,PM by r, we have, 


sin j= RR sin r= M, and PR, — PM, (being radii of the same 


circle). 
sin i. R,RIPR, „RR 
sinr M,M/PM, M,M 
Measuring R,R and M, M carefully with a scale, the ratio can 
be determined which will be about 1'5. Similarly, considering 
other incident rays (like P'P and the corresponding refracted rays 
(like PQ’), the above ratio can be determined. 


This ratio for the different angles of incidence will be found to 
be the same. The constancy of this ratio (refractive index) proves 
Snell's Law (Second Law). 


To prove the First Law, fix the pins P,, P so that they have the 
same height above the paper, and fix the other two pins Q,, Q 
such that the four pins are in the same straight line and also the 
heads of all the pins may appear to be coincident. Now, on 
measurement, the pins Q,,Q will be found to be of the same height 
as those at P, and P. So it shows that a ray of light grazing the 
heads of the first two pins P,, P grazes, after refraction, through 
the heads of the other two pins Q,, Q. Hence the incident and 
the refracted ray lie in the same horizontal plane, and, the 
refracting face of the slab being vertical, the normal at the point 
of incidence also lies in the same horizontal plane. 

Thus the traces of the incident ray, the normal and the refracted 
ray all lie in the same plane, which proves the First Law. 

(i) Hartle’s Optical Disc 
Method.--A semi-circular glass 
plate CED is held at the centre of 
the disc with its plane face CD 
lying along the 90°—90° diameter 
of the optical disc in such a way 
that the 0°—0° diameter passes 
normally through the centre O of 
the plate (Fig.73). A narrow pencil 
of light AO is adjusted through the 
slit in the screen S to trace its path 
along the disc and become incident 
atthe centre O of the plate obli- 
quely. The refracted pencil being 
radial meets the curved face CED, Fig. 73 
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normally and passes out undeviated as OB: The angle of incidence 
AON and the angle of refraction BON, are read off directly from 
the graduations of the circular scale on the disc. This angle of 
incidence is then changed by rotating the disc while keeping the 
screen S fixed and the corresponding angle of refraction is again 
found out. The operation is repeated for different angles of 
incidence. The ratio of the sine of the angle of incidence to the 
sine of the angle of refraction is found to be the same in each case. 
This proves the Second Law. 

The incident ray. the normal at the point of incidence (0? — 0 
diameter), and the refracted ray all lie on the plane of tbe disc, 
ie. on the same plane. This proves the First Law. 

65. Cause of Refraction :—According to the wave theory of 
light (Chapter VIII), the R. * (p) E one medium ‘b’ relative to 
2 Es a _ velocity of light in medium ‘a’ 

another ‘a’ is given by, P^, velocity of light in medium ‘b’ 

If these velocities are equal, R. 7. will be equal to unity, i. e. 
there will be no refraction or bending of light at the interface 
between the two media. If in medium ‘b’ the velocity is less, 
RI will be greater than unity, as in the case of glass relative to 
air, i.e. the light will bend towards the normal drawn at the point 
of incidence in passing from air to glass. All these have been 
verified experimentally and, therefore, the cause of refraction may 
be thought of as due to the velocity of light being different in 
different media. 


66. Path of the Refracted Ray by Geometrical Construction — 
Suppose the refractive index for any two media, ‘a’ and ‘b’ is 


known, i.e. a"b-p|q (given). It is required to find the direction of 
the refracted ray in the second medium, 

Let AB be the surface separating the two media, and P,P be any 
ray incident at P on the surface AB (Fig. 72). 

From PA and PB cut off PK and PL equal to p and q units 
respectively. From K drop a perpendicular KR, cutting P,P at 
R,. With centre Pand radius PR, draw a circle. From L drop 
a perpendicular LM, to cutthe circle at M,. Then PM, is the 
refracted ray. Drop R,R and M,M perpendiculars on the normal 
at P. We have, a"b=p/q IK R,R  R,R.M,M 

PL M,M PR, ‘PM, 
sinP,PN sin i, 
: sin M,PM sinr 
Hence PM, is the refracted ray corresponding to the incident ray 
P. 

67. Refractive Index and the Consequence of Reversibility of 

Light :—In Fig. 72, a ray P,P travelling in one medium (air) is 


e 


('.' PR, =PM, being radii of the same circle)— 
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refracted along PM, in the second medium (glass). Since the path 
of light -is reversible a ray travelling along M,P in the second 
medium will refract along PP, in the first medium. 


So it follows that if p denotes the index of refraction of the 
medium ‘b’ with respect to the medium ‘a’, and w that of ‘a’ with 
respect to ‘b’, Sn Foy, and 927 — y, 

sin r sin i 


. ue 


m 


Hence, if the medium ‘a’ be air and ‘b’ be glass, and if » repre-. 
sents the refractive index of glass with respect to air, the refractive 


index of air with respect to glass is. given by z Thus the refrac- 


tive index of air relative to glass will be 3, if that of glass to air 
is $. 

Therefore, the R. I. of medium ‘a’ relative to medium ‘b’ is the 
reciprocal of the R. I. of medium ‘b’ relative to medium ‘a’. 


68. Refraction through a Plate with Parallel Faces ;— 
Let AB, DC be the parallel , 

faces of a glass plate, and 
let OP be a ray incident at 
the point P making an angle 
i with the normal, and PQ 
the corresponding refracted 
ray in glass (Fig. 74). It is 
bent towards the normal hav- 
ing r as the angle of refrac- 
tion, The ray PQ emerges 
out into air in the direction 
QR bending away from the Fig. 74 

normal at Q. 

Lateral Displacement,— The emergent ray QR is parallel 'to the 
incident ray OP, and it is not deviated by the parallel-sided block 
of glass but is only displaced, that is, moved sideways. The side- 
ways shifting is known as lateral displacement, the magnitude of 
which (QQ' in Fig. 74) is measured by the perpendicular distance 
between the paths of incident and emergent rays. The amount of 
lateral displacement through a parallel-sided plate depends on 
(i) the thickness of the block, (ii) the angle of incidence, and (iii) the 
value of u. 


Emergent ray parallel to incident ray— 


We have, from Fig. 74, pode alg E (1) 
Again, for refraction at the second face, ap tre (2) 
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ES i alg v (3) 


sin y’ 


But 


ee A 1 sin i sinr 
SEF a" g. Hence, from (1) and (3), sm an 


But the two normals are parallel to each other, as the sides AB 
and DC are parallel ; so the angle r=the angle r’. 
Hence, sin i—sin i' ; or, isi’ ; or, QR is parallel to OP. 
Thus, a ray of light im passing through a parallel-faced plate 
emerges parallel to the original direction having suffered a lateral 
displacement only. 
Normal Incidence.—If the ray OP meets the surface normally, 
then i=0, and since sin 0°=0, we have, 
0 - 
sin r 
Hence the ray passes straight all throughout without deviation 
or lateral displacement. 


Lateral Displacement.—It is given by QQ' in Fig. 74. But 
thickuess of slab 


=p (from equation 1). .'. sinr-0;or, Zr=0. 


QQ'-— PQ sin QPQ' — PQ sin (i —r) Again, cos r= SEED. iad 
thickness of slab 
-. QQ'-PQ sin (i-r)= t TRIES xsin (i-r). 


sin i 
sin ri 


and the angle of incidence are given, the lateral displacement QQ" 
can be found. 1 
69. Passage of a Ray through several Media :— 

If, instead of two media, 
air and glass, we have air, 
water, glass (Fig. 75) and if the 
last medium be again air, then 

m an incident ray OP, after 
passing through these media, 
will emerge parallel in air as 
RS, the refracting faces of 
these media being supposed to 

] be parallel to one another. 

Fig. 75 “ This is experimetally true. 


If the thickness, the value of the refractive index (ct. u= 


sini ^  sinr, sin r 
Thema we Si ig Sn gta, 
sin r sin r, sini 


1 i y 

sini sin r sin r 

T nda 'g x g^ a=— x —— pr m (1) 
sin r sin T, Sin i, 


the tinal ray AS being parallel to the initial ray OP. 
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Corollary.—From equation (1) of the above articles, 


1X ps X Ioa, l, if the first and the last media be vacuum 
instead of air. j 


That is, 4", = d l Ar, where pg and p, are the absolute 
B" l| bw 
index of. refraction for glass and water respectively. If we use the 
gene ral notation (1) and (2), instead of w and g respectively, we have, 
="2. But p = SHUT Where i is the angle of incidence in 
23 py 2 sin r 
medium (1) and r, the angle of refraction in medium (2). Therefore 
"Ua sind in i= 
Nue or #, sin B Me Sin r. 


Example.—The index of refraction of water is $, and of glass 4. Find out 
the index of refraction from water to glass. 


Ans. We have, as in Art, 69, aw xw'gxgla-1; or, $x"wgxgcl 
(«^ g"a- 3) or, w"g —3, i.e. the index of refraction from water to glass=3. 
70. Deviation of a Refracted Ray :—The angle of. deviation of 


a refracted ray is the angle between the directions of incidence and 
refraction, 


In Fig. 76 (a), the ray PO is passing from a rarer to a denser 
medium, and it will be seen that in this case the refracted ray OQ 
is deviated towards the normal. The angle of deviation D is 


IVHYON 


RARER 
MEDIUM 


(a) mb) 
Fig. 76—Deviation of a Refracted Ray. 


PO which is equal to an angle (i 7). In Fig. 76 (b) where the ray 
PO $ passing Tom a denser toa rarer medium, the refracted ray 
OQ is deviated away from the normal. The angle of deviation D, 
is P'OQ, which in this case, is equal to angle (r - i). 


vou. 1 (1)—6 
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"The deviation, D, for refraction at one given interface, increases 
as the angle of incidence inereases and is largest.when the latter is 
largest, i.e, 90°. For normal incidence, both i and r are separately 
zero and so the deviation, which is their difference, is also zero. 

Proof :— 

sin i p sin r, (Snell's Law). 

c. sini-sin r=p sin r-sinr-(u—1)sinr; 
inb itr) -(,-1sinr; 
or, 2 sin (27) xcos (7) (u— 1) ; 
(u —1)sin r 
itr 

ol | 

Now as i increases, r also increases (Snell’s Law), i.e. sin r will 


since, D—i— r, 2 sin D/2= 


increase while cos 6) will decrease. In other words, as i 
increases, sin D/2 will increase, i.e. D will increase. 


71. Common Illustrations of Refraction :—The phenomenon of 
refraction explains many peculiar appearances of which a few 
familiar illustrations arc given below— 


(1) When an Object is in a Denser Medium and viewed from a 
Rarer Medium.—In this case 
yr (Fig. 77), the rays diverging 
bs from the object P, which is 
placed in the denser medium, 
are bent away from the nor- 
mal (i.e. made more diverging) 
when emerging into the rarer 
medium, and so the image P' 
appears to an cye placed in 
the rarer medium, to be nea- 
rer than the object P. This 
explains why in reflection 
experiments with plane mirrors, 
the silvering «i.e, the reflect- 
ing surface) was taken to be at 
twothirds of the real thick- 
ness from the frontside of glass 
(Art. 25). This bas been dealt 
with separately in Art. 73. 


big. 77 Fig. 78 

(2) When the object is ina Rarer Medium and viewed from a 
Denser Medium,—In this case (Fig. 78), the rays from the object P 
after entering into the denser medium will be deviated towards the 


i 
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normal. So to an eye, placed in the denser medium, the object P 
appears to be raised, i.e. the image P appears to be farther than 
the object. 


(3) Puta coin P (Fig. 79) at the bottom of an empty basin and 
look along the edge of the 
basin in such a way that 
the coin is nolonger visible. 
Inthis case, the rays com- 
ing from the coin pass just 
above the eye. Keeping 
the position of the eye 
fixed, pour sufficient water 
in the basin, and the coin 
becomes again visible. In 
this case, the rays from the 
coin P are bent away from 
the normal on coming out 1 
of water, and tothe eye the Fig. 79 
object appears to be at P' i.e. the coin appears to be raised and 
thus becomes visible. 


(4) The same thing happens on immersing a straight rod ABC 
in water in an oblique position, The rod appears bent at the 
surface of separation B (Fig. 80), and the part of the rod BC under 
water appears a little shortened. From the diagram it is clear that 
each point of the rod under water appears to be raised in relation 
to its actual depth, and the immersed portion of the rod appears 
shorter and raised in position ; and so it appears also to be bent at 
the surface of the water. 


If the rod is immers- 

ed vertically inthe water, 
Am then the part of it under 
us d water will appear sma- 
Mer by one-quarter of its 
a ge length (vide Art. 


It will ‘be evident 
from the diagram (Fig. 
80) that any object will 
appear to be raised more 
when viewed more and 
more obliquely, 

So, standing at one side of a swimming bath, the water directly 
under you will appear to you to be shallower than it really is, and 
the water at the far side will appear to be still more shallow, i.e, 
the bottom more raised up, 4 

(5) Atmospheric Refraction,—The atmosphere, we all know, 
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is less and less dense as its height increases above the sea-level and 
it is also known that the refractive index of a substance decreases 
with the decrease of density. 
So the refractive index of air 
decreases upwards owing to 
the diminution in density. For 
this reason the rays of light 
proceeding from a heavenly 
body, such as a star, cannot 
travel in straight lines, but are 
refracted more and more 
towards the normal as they 
penetrate into the different 
layers of the atmosphere. 
; Since an observer on the 
Fig. 81 earth's surface sees any hea- 
venly body in the direction of the rays reaching him, the altitudes 
of heavenly bodies always appear to betoo great, ie.they always 
appear higher up in the sky than they are, Thus an observer at 
Aon the earth's surface sees the star.S in the direction AS’ (Fig. 
$1). Due to such atmospheric refraction, the sun becomes visible 
some time before it rises and remains visible for some time after it 
Sets, i.e. when it goes below the horizon. Due to the same reason 
the sun, when near the horizon, appears to be oval-shaped, because 
Tays from the lower edge, which have to pass through a greater 
thickness of air than the rays from the upper edge, are refracted, 
more, and so the vertical diameter of the sun appears to be dimini- 
shed in size, whereas the horizontal diameter remains unaltered. 


(6) Twinkling of Stars.—It is caused by the changes in atmos- 
pheric refraction. The rays of light from a star before they reach 
an observer on the earth travel through the atmospheric air, the 
layers of which have different densities at different levels and these 
densities are also never steady due to convection currents resulting 
from temperature differences and other causes. Consequent on 
such changes in mass density of the air, the refractive index of the 
cé of the air also changes, though such changes are rather 


Now a good concentration of rays in a particular. direction. must 
reach an observer to enable him to see a star brightly. This cannot 
happen continuously because of the changes of the refractive index 
of the air on account of which the paths of the rays alter from 
instant to instant. The amount of light reaching the eye of an 
observer ina given direction being thus not constant every moment, 
a star appears to the observer to twinkle. 


The planets, however, do not-appear to twinkle. This is because 
the amount of light received from them by an observer on the 
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earth is very much greater, the planets being much nearer comp- 
Aratively, and the fractional change in brightness due to changes 
in atmospheric refraction is inappreciable, 


72. Mathematical Treatment of the Effect of Refraction on the 
position of an Object : — When an object is placed in a denser medi- 
um and observed from a rarer medium — 


Let EF (Fig. 82) be the surface M N 


of separation of two optical media Ay i i Ar 
‘a’ and ‘b’, ‘b’ being the denser of i 
the two, Let a ray PO, coming [ c 6 F 


from the point P in the medium ‘p’ Ux 
strike the surface at O, very close 
Li 


to O where the normal PO from P 


f ; | (b) | 
to the surfacc EF  intersects the M V Ni i 
surface. The ray PO, emerges 4 ____\ 

along O,4, into the medium ‘a’. "dal 

The emergent ray O,A, produced Fig. 82 

backwards into the denser medium intersects the normal at P€, 
Similarly, the ray PO. will refract along O,Ao, which, wheu 
produced backwards will also meet the normal PO at P}. Henco 
an eye receiving the rays between O,A, and O,A, would see the 
image of P at P,, and OP, would be the apparent depth of the 
object when the real depth is OP. 


The emergent ray O,A, makes with the normal at O, an angle 
A,O,N=ZP,0,N,=—ZOP,0,= Zr, the angle of refraction, and 
ZPO,N, = / OPO, ^ Zi, the angle of incidence, 

Hence, bua= 91.1. sin OPO, .O,P, 

ceo Sippel OP,O. O,P 

In order that the pencil of rays considered may enter the eye, 
O, must be near O, So, O,P,=OP,, and O,P=OP, approxi- 
mately. 

= OP, apparent depth 

Hence, bua roro ARTS wa 

OP . real depth 21522 


OB, TABA Sepik > in the case of glass, 


= 1'333 =, in case of water, 
Note.— (i) It is evident that the refractive index of a medium 
can be determined by measuring the real depth and the’ apparent 
depth of any object in that medium when viewed normally from 
air. Y 
The above principleis utilised in determiningthe refractive index 
of a solid or a liquid by a travelling microscope (vide Art. 79). 
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(i) The result, obtained as above, is only true for the refrac- 
tion of nearly normal rays. For oblique pencil, the apparent 
position is altered considerably. 


73. Effect. of Refraction in the case of a Plane Mirror silvered 
at the Back :—In Fig. 
83, a plane mirror sil- 
vered at the back sur- 
face PQ hasbeen shown. 
A ray AB is incident at 
the first surface from 
which only a part of it 
A is actually reflected. 

Fig. 83 The rest refracts into 
the glass and is reflected from the point Of incidence O, which lies 
on the silvered surface PQ, and subsequently emerges out as CD 
after suffering refraction again at the first surface. AB and CD 
when produced, will meet at O, and not at O. That is, the point 
from which the reflection will appear to havetaken place will be 


: at O,, while the actual point of reflection is O. From this conside- 


ration it is clear that the apparent position of the reflecting surface 
will be given by P,0,Q, as shown in the figure. 


real thickness of glass 
apparent thickness of glass 


= $, (from Art. 72). 

-. The reflecting surface will be at two- 
thirds of the thickness of glass. 

74. When an object is placed in a’ Rarer 
Medium and observed from a Denser Medium. 
—Suppose an object P placed in the rarer 
medium ‘a’ is observed from the denser 
medium ‘b’ (Fig. 84), The ray PO, falling 
normally on the surface of separation enters 
into the medium ‘b’ undeviated. The slightly 
oblique ray, PO, incident on the surface 
at O, refracts along OQ. Let NON, 
be the normal at © to the surface of 
water. 


Since air 5 glass = 


Fig. 84 


The two refracted rays produced backwards meet at P,. Thus 
P, wil be the image of P as seen by the observing eye E. if 


al b e refractive index of ‘b’ relative to ia 


AS sin PON _sin OPO, | sin OP,0, 00,0P | OP, 
sin QON, sin PON. sim OPO, 00,/OP, OP 3 
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Now O must be very close to O, in order that the pencil of 
rays considered above may enter the eye. So OP and OP, may 
be approximately put equal to O,P and O,P,. 


That is, apa OrPs È apparent distance 
[7] real distance 


So the apparent distance of the object above the surface OO;, 
as seen by the observing eye E, will be given by, 


0,P, =0,Px al*b=real distance X 4. 


75. Some Interesting Cases of Refraction:—(i) Glass is 
ordinarily transparent, but when it is powdered it appears white 
and opaque, because in that case light is reflected from the sur- 
faces of innumerable tiny particles of glass and causes the powder 
appear white. If now water is poured into the powder, the rays 
are bent or refracted, and very little reflection takes place at the 
surfaces and so the glass appears transparent again. 


Powdered coloured glass also appears white because the colour 
of the glass is due to the light which passes through it, but in this 
case the rays of light are reflected at the surfaces before they 
penetrate far into the glass, and so the powder appears white. The 
colour is restored by moistening the powder, as in this case less 
reflection takes place. 


Ordinary paper becomes transparent when it is oiled because, 
in this case reflection at the rough surface is reduced and more 
light passes through the paper. 


(ii) It is known that the glare of an ordinary electric bulb, 
where the light enters the eye only from the direction of the fila- 
ment, is reduced by frosting, i.e, by.artifically roughening the 
inside surface of the bulb by which the light from the filament is 
refracted in all directions. If however, the outside of the bulb is 
roughened, much of the light mects the surfaces of glass at angles 
greater than the critical angle (vide, Att. 76), and thus the rays get 
reflected back into the bulb. 


(iii) If a colourless transparent object like glass is placed in a 
liquid having the same refractive index as that of the solid, neither 
reflection nor refraction takes place at the surface of the object 
and so the object remains completely invisible. An optical illusion 
may be produced by keeping a ball of iron on a glass rod dipped 
in a bottle of glycerol (which has got the same refractive index as 
that of glass), then the ball will appear to be floating on 
the liquid. 
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76. Total Internal Keflection: Critical Angle :—When a ray 
of light BA passes from a 


M p denser medium like glass, or 

Jt [ nad water, into a rarer medium 

1 like air, it is refracted away 

Maren) à —— 7-9 from the normal, i.e. as AF 

x e ——Yt  jnFig.85 andso the angle 
1 : of refractionis always greater 

Sa i Jh . than the angle of incidence. 
ee ce: mt If the angle of incidence 
Critical > (en increases from ZBAN, to 

B vane M ZMAN,, the angle of re- 
Fig. 85 fraction also inereases from 


ZLNAF to ZNAG; and for a certain value of the angle of inci- 
dence, say ZDAN,, the angle of refraction becomes 90°, that is, 
the refracted ray AY grazes the surface of separation XY. This 
particular angle of incidence DAN, for which the angle of refrac- 
tion is 90? is called the critical angle, the value of which depends 
upon the two media concerned and the colour of light used. 


If the angle of incidence be increased still further, say to 
ZEAN,, there will not be any corresponding refracted ray. The 
ray AH, instead of emerging out into the rarer medium, air, will 
be reflected back into the same medium, glass, obeying the ordinary 
laws of reflection. The ray AH is said to be totally reflected and 
such reflection is called total internal reflection to distinguish it 
from all other cases of reflection, The reflection is total and 
internal, because here no part of the incident light is refracted, but 
the incident light is wholly reflected by the surface. 

If C be the critical angle for the two media, and / the refrac- 
tive index of the denser medium with respect to the rarer one, we 
have (since here light passes from the denser medium to the 
rarer one). 


LEM sin C 1 
p sin 90? sin C 
In other words, the sine of the critical angle is equal to the 


reciprocal of the refractive index of the denser medium with res- 
pect to the rarer one, 


Thus, if C is known, # can be calculated and vice versa, 


sin C= L or, p= 
p 


. The value of p for water is $. So, the critical angle for water 
is the angle whose sine is 1/$, i.e. 2 which is 48° 36’. 


Critical Angle.— When a ray of light of any given colour travels 
from a denser to a rarer medium in such a way that the angle of 
refraction is 90?, the corresponding angle of incidence is called the 
critical angle for those two media. It is so called, because, if theangle 
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of incidence is lesser, the ray refracts into the rarer medium obeying 
the ordinary laws of refraction, while if the angle of incidence is 
greater, the ray gets wholly reflected back into the denser medium 
obeying the ordinary laws of reflection (without any part of the ray 
being refracted). 

Total Internal Reflection——When a ray of light of any given 
colour travelling in a denser medium meets the surface of a less dense 
medium in such a way that the angle of incidence is greater than the 
critical angle for those two media, the ray is wholly reflected back 
into the denser medium, and is said to undergo total internal 
refleciion. 

Conditions of Total Internal Reflection.— Total reflection is 
possible only for a ray of light passing from a denser medium to- 
wards a rarer one. The second condition is that the angle of 
incidence must exceed the critical angle for the two media for the 
given colour of light. 

Esample.—The refractive indices of glass and water are 1'52 and 1'33 


vespectively. Calculate the critical angle when light passes from glass to water. 
(Andr. U. 1950) 


Ans, Refractive index of water with respect of glass, g w=1'33-¥1'52= 
08750. Now at the condition of total reflection (light travelling*from glass to 
water). 


#g=—l_ „where C is the critical angle 
Vict SC. : es 


or, sin Ce 1/w"g gw 08750. 
.. ZCz-sin7!08750—61*3'. 


77. Practical Applications of Total Reflection :— 


Expts.—(i) Insert a test tube into water contained in a glass 
trough. Gradually tilt the test tube and 
look at it from above, The tube pre- 
sents a brightly polished metallic 
appearance, Rays after passing through 
water and striking the surface of the 
tube at an angle greater than the criti- 
cal angle for water and air (48° 36’) 
suffer total reflection, which gives the 
surface a shining appearance (Fig. 86). 

Now pour water into the tube, and 
the shining appearance disappears as in 
this case, the medium within the tube 
is changed into water, instead of air, 
and the total reflection of rays does no 
longer take place. * 

(ii) Similarly, a smoked metal ball Fig. 86 
introduced into a beaker of water appears silvery white as water 
cannot come in intimate contact with the surface. of the ball on 
account of a thin film of air intervening between the surface of 
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the ball and water. Light coming through water is totally reflected 
at this air film. 

When collecting gases in a gas jar, the shining appearance of 
the bubbles rising in the water is due to light through the water 
reaching the surface of the bubbles at angles greater than the erttical 
angle, and so light is totally reflected and these reflected rays 
reaching the eye make the bubbles appear shining. 

(iii) Totally Reflecting Prisms :— 

(a) Deviation of Rays through 90°.—In Fig. 87, a right-angled 
isoceles glass prism is represented by the principal section ABC 
having equal sides AC and BC and right-angled at C. If a parallel 
beam of light strikes normally on the face AC, the rays will pass 
undeviated through this face but on meeting the hypotenuse face 
AB, they will be totally reflected. The reason for total reflection 
is that they will be incident at AB, at an angle of 45° which is 
greater than the critical angle (42°) for glass to air refraction. 

A So the rays, after total reflec- 

A tion, will be turned vertically 

downwards, because the angle 

—<——— of reflection will also be 45°, i.e. 

the reflected rays will be deviated 

through 90° with respect to the 

& Pes original incident beam. These 

| reflected rays will strike the face 

BC normally and will, therefore, 
pass out straight. 

N. B.—AÀ similar action as 
above is not possible with an ice- 
prism, The incidence at the hypo- 
tenuse face being at 45” ordinary 
refraction will take place there, because the angle of incidence is 
less than the critical angle for ice to air interface which is 50 degrees. 

(b) Inversion of Image with 
the Rays deviated — through 
180.—In Fig. 88 light enters 
normally through the hypote- 
nuse face AB of a right-angled 
isoceles prism whose principal 
section is given by ABC. The 
light will be totally reflected 
successively at the faces AC and 
CB and wil! finally emerge out 
of the face AB parallel to the 
original direction of incidence. 
The image produced by the 
emergent rays will be inverted 
as shown in the- figure, and the Fig. 88 
deviation, of the rays is evidently 180°. It may be noted that, if the 


Fig. 87 


p" 
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edge of the prism is vertical the image will be inverted laterally 
while, if the edge is horizontal, the image willbe inverted vertically. 


(c). Inversion of Image without Deviation of Rays (Erecting 
Prism).—In Fig. 89, an inverted image is shown to be made erect 
by the use of. a right-angled isoceles glass prism, where total 
internal reflection takes place at the hypotenuse face. From the 
tracing of the rays it is evident how inversion of the image can take 
place without deviation of the rays. 


ig prism used in this way 
is called an erecting prism. 


Such an erecting prism is ^ $— 


ut 
P HAN 
often used in projection lañ- | fi aiei ? igi 
terns, and other optical ins- Weave : 
truments where inverted im- BAIT 


ages are formed by lenses, 

which are then made to ap- rig. 89 

pear in the right way upon es 

the screen by placing an erecting prism like this in the path of the 
emergent rays. 

(iv) The critieal angles of many precious stones, like diamond, 
are small owing to their large refractive indices, and the brilliancy 
of these stones is due to this fact. For diamond the critical angle 
is, 

; 1 > 
=sin72{—~—} = fs 
c=sin*(5- a 23°53 


When light enters à piece of diamond or ruby at any of its cut 
faces, the light cannot come out at 
most of the other faces on account of 
the critical angle being low, and so 
it suffers total reflection again and 
again, for which the faces look brilli- 
ant. 
y)  Periscope.—A prism peris- 
cope essentially consists of two right- 
angled isoceles glass prisms, one 
fixed at the top, and the other at the 
bottom (Fig.90), and a system of 
lenses (not shown in the figure) placed 
between the prisms serving às two 
telescopes. Rays of light coming from 
observer — a distant object, say a ship, enter the 
first prism and are reflected. down- 
: s wards by total internal reflection from 
Fig. ONE eris CARE the hypotenuse face. Then, after pass- 
ing through the telescopes, they enter the second prism and are 
reflected at right angles in a horizontal direction by total internal 


view 
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reflection again. Thus the observer sees a magnified image of the 
object from a depth in water. 
78. Advantages of a Totally Reflecting Prism as a Reflector.— 
As compared with a plane mirror, a totally reflecting prism used 
asa reflector has some advantages. An ordinary plane mirror has 
two surfaces of which the back surface is usually silvered for 
reflection to take place, Reflection, however, takes place also at 
the front-face on account of which the image formed by the 
-silvered surface cannot be as bright as is possible by single reflec- 
tion. Besides this loss of brightness of the image, there is another 
defect. If the mirror is thick, and the incidence of light oblique, a 
number of images may be formed by successive reflections at the 
two faces. This is undesirable for a good reflector.. If the silvering 
is done at the first face, or a metallic reflector is used, these two 
above defects may, however, be reduced. But in such cases. the 
surface becomes liable to tarnish on account of direct exposure to 
the atmosphere, which ultimately results in diminishing the bright- 
Ress of the image formed. When a 45' totally reflecting prism is 
used as a reflector, there is no doubt that some loss of light takes 
place due to reflection at the places of entrance and emergence, 
and by absorption within the glass, But they. are much smaller 
than with a plane mirror, for the entrance and emergence take 
place normally. The reflecting surface being an internal face is 
protected from tarnishing and the reflections that takes place there 
is total. The result is that such a prism provides a permanent 
reflecting surface producing a bright and clear image. 
N.B.—An alloy consisting of 68:2 per cent of copper and 31 8 
per cent, of tin, however, has been prepared, the polished surface 
of which is not tarnished easily in contact with air. 


trig 92— Travelling Microscope. 
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79. Determination of Refractive Index (1) :— 

Solid:—(1) Take a drawing board on which a paper is fixed, A 
straight line MN is drawn on the paper and an arrow mark is. 
given at P (Fig. 91). A glass cube is placed on fhe paper such that 
one of its sides is in contact with the arrow-head at P. A large pin S 
is fixed horizontally on’a stand and it can be slided up and down. 
Now look into the block from the top and adjust the position of 
the pin so that there is no parallax between the image of the 
arrow-mark P seen through the glass and the end of the large pin. 
S seen in the air. P this gestos of the pin be at P. Then, 

_ real thickness of glass — OP 

apparent thickness of glass OP’ where: OF and sOFi ate the: 
vertical depths of P and P' from the upper face of the cube whose 
level is at O, 
` (2) A travelling microscope EO (E is the eye-piece and O the 
objective) that can be moved up and down a vertical scale S is 
focussed on a fine pencil mark on a piece of paper placed on the 
table, and the reading d, of the vernier V, on the vertical scale S 
is noted (Fig. 92). A plate of glass being then placed on the mark,. 
the microscope is focussed again on the mark as seen through the 
glass and the position d, of the vernier of the scale Sis noted. A 
few bits of lycopodium powder are then sprinkled on the top of 
the glass plate and the reading d; on the scale is again noted when 
the powder is best visible. Then, 
_ real thickness — ds —d, 
apparent thickness. da-da 

Liquid.—The above method (2) may be applied to the case of a 
liquid also by first focussing any mark on the bottom of a glass- 
trough and. then pouring the liquid and fo- 
cussing again, and thirdly, by focussing on 
some dust powder, such as lycopodium, cork, 
etc. sprinkled on the surface of the liquid. 

(3) Refractive index of water can be 
roughly determined by looking down into a 
tall jar fÚ of water, and marking on the out- 
side of the jar the apparent position of its 
bottom. This method can be improved as 
follows. 


Expt.—Take a gas jar Jand measure the 
depth d of the jar accurately (Fig. 93) Puta 
pin O in the jar and fill it with water up to 
the rim. Now place a plane mirror with its 
face upwards across the top. Fix a pin P in 
aclamp and adjust its height so that there is S 
no parallax between the image of this pin Fig. 93 
seen through the mirror and that (P) of the immersed pin O as. 
seen from-above. * 


ag 


al!g 
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Then the distance of tbe top pin from the back of the mirror 
gives the apparent depth, while the depth d of the jar gives the 
Teal depth. Take D to be ihe mean of several readings of the 
apparent depth. A 

EXE real depth _ 

pogs apparent depth ajn 

(4) Glass Prism Method.—(Vide Art. 91) 
(5) Refractive Index of a Liquid by a Concave mirror. - In this 
method first of all a 
concave mirror is placed 
on the table with its 
concavity upwards and 
its centre of curvature 
C is determined with the 
help of a horizontal pin 
mounted oa vertical 
upright by the method 
of coincidence. A small 
quantity of the liquid is 
then poured into the 
mirror and the new 
position C, of coin- 
cidence ofthe pin with 
its real image is found 
out (by avoiding para- 
Max) Then # is deter- 
minéd from the relationg 
PC 


The above relation can be deduced from the simple principle 
‘of refraction at the surface of the liquid. 1n the absence of liquid, 
the rays like CD and CD, were incident normally on the mirror 
‘and were reflected back in the same direction. But when liquid is 
poured, a ray from the pointer at C, proceeds along C,B and gets 
refracted at B and if after refraction it follows the path @@D it will 
be normally reflected and retrace its path and finally come back 
to C, (Fig. 94). Thus the image of the pointer and the pointer 
itself will coincide only under the above condition. 

If / be the refractive index of the liquid, then, 

asin i_sin BCA _BAIC,B_CB 
snr sin BCA BA|CB C,B 

When the quantity of liquid taken isso small as to cover up a 
small region near the pole P only, then, 
CB — AC & PC and C,B=C,A2PCy. 

AC PE 


ID 


— ——— OT ree 


———— 
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This method is not accurate because of the fact that the surface 
of a small quanity of liquid is never plane as has been supposed 
in the calculation, Moreover, as the small thickness of the liquid 
layer is neglected, an automatic inaccuracy creeps in the resuit. 
So Bedford suggested that the mirror should be submerged in the 
liquid at a depth of one or two centimetres below the surface and 
j should be found out from the relation, 


(6) Refractive Index of Liquid using a Plane Mirror and a Convex 
Lens.— The experimental arrangements of the method is shown in 
Fig. 95, A movable horizontal pin 
is attached to a vertical stand fixed 
to a horizontal base, On the base 
is placed a plane mirror M on 
which a double convex lens L, is 
placed. Now . by adjusting the 
position of the pointer, the real and 
inverted image of the pointer, as 
formed by the rays refracted 
through L, and reflected from M, 
is made to coincide with the pointer 
itself avoiding parallax. During 
this adjustment the tip of the pin 
should preferably move along the 
axis of the lens. Let P, be this 
position of the pointer. Now the 
focal length f, of the lens L, is 
given by the distance between P, 
and the upper surface of L, plus 
one-third the thickness of the lens as 
measured by a slide callipers. Now 
the lens L, is removed and a few drops of the liquid under test is ' 
put on the surface of the plane mirror. On this liquid the lens L, 
is then placed, the liquid between L, and M thereby forming à 
plano-concave liquid-lens L}. The focal length of this combination 
of L, and Ly is again determined by adjusting the pointer at the 
position of exact coincidence which, suppose, is at Pa. The 
distance between P, and the upper surface of L, plus one-third 
the thickness of L, gives the focal length F of the combination. 

But from the theory of equivalent lens we know, 


Mb 


1 
ee - t 1 
ORE M 
where f, —focal length of the liquid lens, 
peli T 
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Thus f, is determined. 
But the focal length of the plano-convex lens is, 


TETE 


ri fs 
E e 2» 
Ts ( J 

Thus from relation (2) » can be determined if r,, the radius 
of curvature of the upper surface of the liquid lens, i.e., the lower 
surface of the lens L, be determined with the help of a sphero- 
meter, 

This method is very useful when only a small quantity of liquid 
is available because the experiment requires only a few drops of 
liquid as has been referred to above. 

Example.—7he critical angle between glass and air is 42°. Prove that a ray 


of light incident on one face of a glass cube suffers total reflection at the adjacent 
face, whatever may be the angle of incidence. 


or, n- 


(Pat, 1944 ; Utkal, 1944) 


Let ABDC be a cube (Fig. 96). PQ is a ray incident at Q and 
QN is the corresponding refracted ray which is reflected internally 
at Nand meets the other side of the cube at O. OR is the emergent 
ray. NS and TS are normals at N and. Q. Total reflection will 
occur when the angle QNS-42* But ZLONS=90°— ZNOS 

-. LQNS is minimum when 
A LNQS is maximum. But the 
" c 
Fig. 96 


i 
Ni 


maximum possible value of 
Z.NQS is 42° (when the angle of 
incidence at Q is 90°, i.e. for a 
ray of grazing incidence) .'. The 

- minimum value of ZQNS=90° 
—429 —48?, which is greater than 
429. Hence total reflection will 
occur at N for any angle of 
incidence at Q. 


T 


NB.—In a similar manner it can be explained why covered 
print cannot be visible from any one of the four sides of a glass 
cube placed on a book. [Face AC of the block (Fig. 96) may 
be supposed in contact with the print.] 

(7) Refractive Index of a Liquid by Total Reflection 
Method.—When a large quantity of a liquid is available, the refrac- 
tive index p of the liquid can be determined by making use of the 
relation, sin C=1/m (Art. 16), where C is the Critical angle for the 
liquid with respect to air. 


Expt—An air-cell 4B (Fig. 97) is constructed by enclosing a 


m 
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thin film of air between two thin parallel plates of glass, A and B 
which are separated along the 
edges by paper and sealed 
all around. The cell is so 
mounted that it can be turned 
about a vertical axis R and 
the angle between any two 
positions can be measured by 
a pointer P, which moves over 
a graduated circular scale M. 
The cell, which is attached 
below the scale, is immersed 
in the experimental liquid, 
say, water, contained in a 
cubical trough V of glass. A 
beam of light from a sodium 
burner F, transformed into Fig. 97 

a parallel beam by the lens L, is passed through a slit in the screen 
S, and falls on the air-cell (Fig. 98). The image of the slit is 
finally received by a telescope T focussed for parallel rays and 
placed on the other side of trough. 


Fig. 98 

The observer can see the bright image of the slit when the ~ 
plates are normal to the beam of light. But if the plates are 
turned, the brightness of the image gradually diminishes and a 
position comes when the angle of incidence from liquid to air is 
equal to the critical angle, and any further turning of the plates 
gives rise to total reflection when the image just disappears. The 
position of the pointer here is noted, The plates are now rotated 
in the opposite direction until the image of the slit just disappears 
again, This case is shown in the figure by the dotted position of 
the air-cell. 

The angle between the two positions of the air-cell, as given by 
the pointer, is twice the critical angle C for the liquid and air. 
The index of refraction » of the given liquid is then given by, 
p= LM sin C (Art. 76). 


vou, 1 (5)—7 
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«(8) Solid—Refractive Index of a Solid by Critical Angle.— 

: A piece of semi-circular plate CED 
of the given solid (say, glass) is 
placed at the centre of a Hartle’s 
optical disc (Fig. 99) in such a 
way that the plane face COD lies 
along the 909—909? diameter and 
the 0° — 0? diameter passes normally 
through the centre O, as shown 
in the figure. A thin pencil of 
light coming through the slit and 
tracing its path along the disc is 
made to fall on the curved edge 
CED. The pencil being radial emer- 
ges out from the plane face COD 
through O (there being no refraction 
at the curved face) This disc 1s 


suitably rotated until the emergent ray just grazes the plane face 
COD. The angle of incidence AON at this stage gives the critical 
angle C. If is the refractive index of solid, 


Fig. 99 


PT sin C 


Examplos.—/. A man is looking vertically downwards into a tank filled with 
water, the bottom of which appears to be at a depth of 4 ft. What is the actual 
depth, the refractive index of water being 1 33? (All. 1925) 


Sp ut esterz LEN depth os 1-33 read depth 
apparent depth 4 


. Real depth=4 x 3325732 ft. 


2. A speck ix the interior of a piece of plate-glass appears to an observer 
looking normally into the glass, to be 2 mms. from the nearer surface. What is the 


_ real distange ? The index of refraction of glass may be takenas à. — (C. U. 1921) 
Ans. We have, a^ z— real distance ^ pateal distance 
apparent distance `` ~ 2 z 


*. Real distance of the speck from the surface? x2=3 mms, 


30. Mirage :—The mirage seen in deserts or over any flat 
extensive heated surfzce is an example of total reflection. The layer 
of air nearest the surface of the desert is heated most, it is thus the 
least dense ; and, in the absence of wind, the atmosphere may be 
thought of as consisting of a series of layers of air of density 
uds, upwards as the distance above the surface of the earth 


, nm Fig. 100, a ray of light coming from a tree BA is shown 
to be refracted away from the normal in passiag down from one 
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layer. to the next below, which is less dense, The refraction is 
thus increased as the T 

ray passes down to 2 
successively lower layers 
and so it travels along a 
curved path as shown in 
the figure. The angle 
of incidence increasing 
in this way, may attain 
ultimately a value at 
which it just. exceeds the 
critical angle for the two X 
successive layers, Let Av: 
this layer be at O, when Fig. 100—Mirage in a Desert, 

the ray will be totally internally reflected. The ray then passes 
upwards being continually refracted into denser and denser layers 
and the upward ray finally enters the traveller's eye (at M), who 
sees the tree in the direction of the light last reaching his eye, Le. 
he sees an inverted image BA, of the tree below the ground, The 
inversion of the image produces, by the law of association, in the 
mind of the traveller, an impression as if the image is formed by 
a near pool of water, This optical illusion is called mirage. 
Sometimes a thirsty traveller in a desert sees a palm tree and 
its inverted image by 
reflection in a pool but 
on approaching it, the 
pool disappears and 
he becomes a cruel 
victim to the illu- 
sion, 

Mirage in Cold 
Regions.—In very cold 
regions the lower layers ' 
of air are gradually 
more and more cold and 
so the density of the air 


gradually increases 
downwards, In this case, 
big. 101—Mirage in Cold Regions. light from a distant 


object (the ship in Fig, 

101), while proceeding 

upwards, is refracted 
away from the normal at such layers and the refraction increases 
more and more in different layers until it is totally reflected and 
begins to travel downwards, The object, therefore, Appears to an 
observer to be hanging inverted in the air as shown in Fig. 101, 


81. Upward vision for an eye placed under Water :—The 


enge 
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e of refraction from air into water of the rays from 
objects above the surface of water is the critical angle C for water. 
Thus an eye placed under water looking upwards will see external 
objects lying within a vertical cone of Z2C. Beyond this cone the 
eye will see, by total internal reflection, objects lying below the 
water surface, and the water surface outside the cone will thus act 


as a mirror. 


greatest angl 


Example.—4n eye is placed at a certain depth below the calm surface of 
water. Show that to the eye, the surface appears like a reflecting plane mirror 
with a circular hole through which objects situated outside the water can be seen. 

Also prove that the radius of the hole is h. p^—1 cm. where p is the refractive 
index of water and h cm. the depth at which the eye is placed. (Pat, 1945) 

Ans. The critical angle for water-air interface.is 49°, for at = 1°333. 

water 
This means that object on the water surface, say, a ship on one side 
and a setting sun on the other, as shown in Fig. 102 will apparently crowd 
into a cone whose slant sides AE and BE meet at an angle of 98° to an 
eye E placed in water. If now a normal EO be drawn from E to the 
water surface, it will be equivalent to saying that the surface will behave 
as having a hole of radius AO or BO through which objects outside the 
mu can be seen by the eye. Now 40-B0-EOxtan AEO=h 


i 1 
Now, sin 49°= ^ ; or, u*=cosec? 49°=1-+cot? 49* ; or, cot 49*2: Jii 1. 


s AO=BO=h tan 49° I 


Nui 
Note.—By casting the eye a little beyond this con i 
able to see objects placed in the water, for the rays that’ a tie 
eye outside the cone of 98? are all totally reflected from the inter- 
nal surface of water being inclined at an angle exceeding 49° with 
Psy to the normal on the water surface at the point of inci- 
ence. In the figure, a fish is shown to be seen in that way. 


NS 


E 


Fig. 102 
Thus we find that to an observer's eye at E the rising sun on 
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the horizon, whose rays are grazing the water surface, will appear 
to be at an altitude of (90°-49°)=41° i.e. along the line EB (Fig. 
102 ), and the setting sun will appear along the line EA subtending 
the same angle of 41^ with the horizon. Therefore, the whole path 
of the- sun from rising to setting will lie within a cone of AEB= 
2x49°=98". Hence a fish sees all objects above the water surface 
within a cone of the above angle. Thus while the sun describes to 
us an arc of 180°, it describes to a fish under water an arc equal to 
98° only. Taking the value of the critical angle for water and 
air to be 48°36’ instead of 49°, this angle will be 2x 48°36" 
=97°12’, 


$2. Refraction of Light 
through a Prism:—A_ prism 
is a portion of a transparent 
medium lying between two 
plane* faces inclined at an 
angle. 

The two faces are called 
the refracting faces of the 
prism, and the line along 
which the two refracting faces 
meet is called the refracting 
edge or simply the edge of the 
prism. The angle of inclina- Fig. 103 
tion between the two refracting faces is called the refracting angle 
or simply the angle of the prism. Any section of the prism made: 
by a plane perpendicular to the edge of the prism is called a 
principal section of the prism, The face of a prism opposite to the 
refracting edge is called the base of the prism. 


In Fig. 103, a prism has been shown where if we consider the 
faces ABB'A' and ACC'A' as the refracting faces, the line AA’ along 
which they meet will be the edge of the prism and the angle BAC 
included between the refracting faces will represent the angle of the 
prism. The face BB'C'C which is opposite to the edge will be the 
base of the prism. The section ABC, made by a plane perpendi- 
cular to the edge AA’ represents a principal section of the prism. 
In a prism, only the refracting faces through which light passes 
need be transparent. 


83. Refraction through a Prism in the Principal Section :— 


Expt.—Place a prism on a sheet of paper fixed on a drawing 
board and draw the outline of its principal section ABC (Fig. 104), 
by means of a pencil. Fix two pins vertically, one at P in contact 
with the face 4B of the prism and the other at Q at some distance, 
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ine joini will meet the face of the prism 
a obe Fa cit a an oblique direction. Fix 
two other pins at R and S, on 
the opposite side of the prism 
(R being in contact with the 
prism and S some distance 
away), so that these pins and 
the refracted images of the 
pins at Pand Q appear to lie 
* jn the same straight line when 
5 looked through the prism. 
. i$ Now remove the prism. Join 
Fig. 104—Refraction through a prism in PO, PR and RS. Produce 
the Principal Section. QP to T and SR to meet QT 
at the point Q'. Then QP represents the incident ray, PR the 
refracted ray, within the prism, and RS the emergent ray. The line 
QPRS represents the complete course of the ray, Notice that at P 
the ray PR is bent towards the normal as it is passing from a rarer 
to a denser medium, and at R the emergent ray RS, in passing 
from a denser to a rarer medium, is bent away from the normal, 
that is, deviated towardsthe base BC of the prism. Thus a ray, in 
travelling through a prism, bends towards its thicker part. 


84. Deviation of a Ray in passing through a Prism :—In the 
absence of any prism, the incident ray QP (Fig. 104) would have 
proceeded in the direction OPT, so the ray has been turned through 
an angle TO'R due to the introduction of the prism in tbe path of 
the ray. This angle ie. the angle between the direction of 


incidence and the direction of emergence is called the angle of 
deviation, 


Let i be the angle of incidence and r the corresponding angle of 
refraction at the first face AB (Fig. 104), and let i’, r’, be the iim 
of emergence and incidence respectively at the second face. 


Suppose the normal NO at P meets the normal N'O at R at the 
point O. 


If D=angle of deviation, and A=angle of the pri 
ZAPR+ ZARP+ Z A=2 tt, angles aa ZAPOA ZAROS 2 E? 
angles, for each of them is a right angle, ‘ 


ZOPR+ ZORP= ZA; Orr+r=A; 
We have, D= ZTO'R= Z O'PR-- ZO'RP 
si-rti'-rsiti'-(r+r')=i+i -A - (1) 


85. Measurement of Deviation of a Ray — 
(a) Piu Method.— 


Expt.—Take a sheet of paper fixed on a drawing board and 
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draw a line XY almost in the middle of the paper (Fig. 105). Draw 
7 or 8 lines such as NP, N,P,, etc. perpendicularly to the line XY 
a few inches apart from each other. 
Now draw lines such as PQ, P,Q,, etc. 
making angles i, i,, etc. with each of 
the normals. Take the first angle i to 
be 30° and the other angles increasing 
by 59, i.e, 35°, 40° etc. up to 60° or 
659, Then place the prism ABC on 
XY so that one of its faces AB is just 
on the line, and the normal NP is 
almost in the middle of AB. Draw 
the outline of the prism witha pencil. 
Insert a pin vertically at P along the 
face AB and another at Q, as far as 
possible, on the line PQ. Looking 
through the face AC fix two pins R 
and S (R being in contact with AC and 
S as far as possible) such that these 
two pins and the images of Pand Q 
appear to be in the same straight line. 
Then PQ forms the incident and RS Fig. 105 

the corresponding emergent ray, and 

QPRS the complete course of the ray, Remove the prism and 
draw the course of the ray. Produce QP to T and SR to meet OT 
at O, Then the angles TOS isthe angle of deviation D corres- 
ponding to the angle of incidence Zi. Measure these angles by 
means of a protractor. Now place the prism in the position 
A,B,C, and proceed in the same way to find out the angle of 
deviation corresponding to the angle of incidence i}. In this way 
measure the angle of deviation corresponding to the angle of inci- 
dence in each case and tabulate your readings. 


ft will be found that a ray, in passing through the prism, is on 
the whole deviated towards the base of the prism. 


(b) Hartle's Optical disc Method — 


The relation between the angle of incidence i and the deviation 
Dfor a ray of light of given colour passing through a prism can 
be experimentally determined as follows by means of a Hartle's 


Optical disc. 


Expt.—Mount a prism at the centre of a Hartle's Optical disc 
(Fig. 106). For convenient measurements, put the face on which 
the light should be incident first as for example, the face AB 
in the figure, parallel to. be 90°-90° line and the centre 
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of the prism a little below the centre of the disc. Send E beam 
of light of particular colour, say, sodium light or white light 
passed through a red or green 
filter glass, through the prism. In 
the figure, the trace of the beam 
is given by QP. If there is no 
prism, the direct beam will be 
marked by QPT. Read on the 
scale the position of T. This gives 
the direction of the incident beam. 
When the prism is now placéd, 
the beam emerges out from the 
face AC as RS. Read the position 
S of this deviated beam on the 
scale. The difference between 
Fig, 106 these two readings gives the 
deviation D for the given angle 
of incidence. The normal at the point P of incidence, in this 
arrangement, becomes coincident with the 0-0 line. Read the 
angle of incidence i corresponding to the incident beam QP. Turn 
the disc a little when i will be varied and find as above the corres- 
ponding value of D. 

86. Angle of Minimum Deviation.—1f a graph (Fig. 107) is 
drawn plotting the angles of incidence i as abscissae against the 
corresponding angles of deviation D as ordinates, called the i - D 
curve, it will be seen that the 
dcviation at first diminishes with 
the increase of the angle of 
incidence until it attains a 
minimum value, represented 
by the lowest position 4’ of 
the curve, after whichthe devia- 
lion increases again with further 
inerease of the angle of inci- 
dence. The value of the mini- 
mum deviation is represented by 
the ordinate AA’ of the lowest 
point of the curve, 

Thus the deviation is mini- 


Deviation = 


mum corresponding to th AG B E 4 
an- laci dence 04. Pore hec Angle of Incidence —— 
prism there is a definite angle Fig. 107-—(i — 

of incidence, „such as iu ud rene 

angle OA in Fig. 107, for Which the deviation suffered by a 
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tally, that when the deviation is minimum, the angle of emergence 
i' is equal to the angle of incidence, i, i.e. the refracted ray PR 
(Fig. 104) within the prism passes symmetrically through the prism. 
1f the sides of the prism are of equal length, then in the case of 
minimum deviation when i-i', the path PR of the ray within the 
prism will be parallel to the base BC of the prism. 


87. Determination of the Angle of Minimum Deviation :— 


(1) 1-D Curve Method.— Proceed, as in Art. 85, to measure 
the deviation D corresponding to the angles of incidence i beginning 
from a low value of the angle of incidence, say 20°, which should 
be increased in steps of 5° to say, 60°. Plot ona graph paper the 
i- D curve, as in Fig. 107, with the angles of incidence i as abscissae 
and the corresponding values of deviation D as ordinates. From 
the lowest point such as 4’, of the curve, draw a perpendicular 
A'A on the abscisse. The value of Ad’ measure the angle of 


minimum deviation Dm- 


(2) Direct Method.—ia) The angle of minimum deviation 
may also be approximately determined by keeping the pin P fixed 
and rotating the prism about P, when it will be noticed that the 
line SR (Fig. 104) and the images of P, Q will appear to nove a 
certain distance in one direction and after a certain value of 
deviation D' is reached, on continuing to turn the prism in the 
same direction, the image appear first to stop and then to turn 
back in the opposite direction (opposite to the direction of 
rotation). Stop the prism just when this change in direction 
occurs and obtain the directions of the incident and emergent rays 
in that position of the prism. The deviation measured in that 
position will be the minimum deviation. 


(b) A prism hasonly one Position for which the Deviation óf a 
Fixed Ray is Minimum.—Refer to the Hartle’s Optical disc experi- 
ment for the determination of the i—D relation (Art.,85), If the 
direction of the incident beam QPP, (Fig. 108) is kept unchanged 
and the prism A,B,C, is rotated, suppose in the direction A, A, 
shown in the figure, so as to vary the angle of incidence of QP;P, 
on A,B,, the emergent beam R,$, will be found to move in the 
direction of the arrow from ato b, but there is a certain position 
given by Roso for the emergent beam corresponding to the posi- 
tion A,B,C, for the prism, beyond which the emergent beam will 
not go, and if the prism is still further rotated inthe same direction, 
the emergent beam will now be turned from 5' towards a’ again. 
Thus it is clear that for a given beam of light fixed in 
direction, there is only one position for a given prism for which 
the deviation suffered by the beam (the angle between the 
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irecti in this case) will be minimum. 
directions of OPSP,T and Roso ober of 


PjP,T and RoSo from 
eii of the disc when 
the minimum deviation 
D, willbe equal to the 
difference between these 
readings. 

A prism placed in the 
position of Minimum 
Deviation.— When a prism 
is placed with respect 
‘ to a given beam of light 
Fig. 108 in such a way that the 


deviation suffered by the beam in passing through the prism is 
minimum, the prism is said to be placed in the position of minimum 
deviation with respect to the beam. 


(c) Symmetrical Method, Jt should be remembered that a ray 
of light suffering minimum deviation in passimg through a prism 
must pass symmetrically through the prism, i.e. the points of incidence 
and emergence will be equidistant from the edge of the prism, and the 
angle of incidence will be equal to the angle of emergence ; or, in 
other words, AP= AR, and i=i' (Fig. 104). 


Proof.— Suppose for minimum deviation the angle i which is 
the angle of incidence corresponding to the angle of minimum 


value. So, if minimum deviation occurs when the light travels from 
Q with the angle of incidence i, it will also occur when the light 
Hence there will be two 
to the angle of minimum devia- 
there being only one suchangle. 


is a minimum is that for 
which the ray passes 
symmetrically through 
the prism, ie. for 
which i=i' and r=r'’, 


Expt—Place a 
prism on a sheet of 
paper fixed ona draw- * 
ing board and draw its outline ABC by mean 
With Aas centre, and any convenient radius describe 


Fig. 109 
sof a pencil (Fig. 109), 


an are of a 
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circle cutting the sides AB and AC of the prism at Pand R respec- 
tively. Now place the prism on its outline and fix a pin at 
P and another at R both in contact with the prism. Then looking: 
from the side AB fix a pin at Q, such that the pins Q and Pand 
the refracted image of the pin at R appear to be in the same 
straight line, Similarly, looking from the side AC, fix a pin at S, 
such that the pins S and R and the refracted images of the pins at 
P and Q appear to be in the same straight line. Now remove the 
prism and the pins, and draw QPRS to represent the course of the 
ray. Produce QP and SR to meet at O, The angle TOR is the 
required angle of minimum deviation Dy. 


Verification :— 

(i) This can be verified by noting from the curve of Fig. 107 
the angle of incidence corresponding to the minimum deviation and 
fixing two pins on a line drawn through P making an angle with ` 
the normal equal to the same angle of incidence. On finding out 
the corresponding emergent ray RS (Fig, 104), it will be seen that 
AP= AR and i-i". 

(ii) By Graph.—Draw ai—i’ graph, i.e. a graph of the angles 
of emergence against the corresponding angles of incidence. This 
will be a branch of a byperbola (like Fig. 142). Now from the i— D’ 
curve (Fig. 107), find the angle of incidence corresponding to the 
angle of minimum deviation, and from the i—i’ curve find the 
corresponding angle of emergence for this angle of incidence. It 
will be found that these two values are equal i.e., in the position of 
minimum deviation the angles of incidence and emergence are 
«qual. Draw these two curves (i—D, and i-i) on the same 
piece of graph paper, as taken for Fig. 107, and from the lowest 
point A’ of the i—D curve (Fig. 107) a perpendicular should be 
dropped which will cut the i—i' curve at a point P (vide Fig. 142). 
This point P will be equidistant from both the axes, i.e, for P, i=i'. 
The line OP, drawn from the origin O, makes an angle of 45° with 
the axes (Fig. 142). 

88. Deviation is minimum when the Angle of Incidence is equal 
to the Angle of Emergence :— 

(a) Mathematical Proof.—Applying Snell's;law at the points. 
of incidence and emergence (Fig. 104), we have, 

sini sini' sin i+sin i 
sinr sinr sinr+sinr’ 
iti EI deaf te ora Dati 


ENEN Ka c EE LET cog 

—2 sin 2 cos —5 2 sin: 3 cos — 
sint D cos E y 

= x =x Ay), 


- A 
sin-- cose 
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where xand y are both variable factors. With the change of 
deviation D, e value of x changes. The value of y also changés 
with changes of i andi’ and consequently of r and r. But the 
product of x and y is equal to » and is constant. So when x is 
minimum, y must be maximum. But x is minimum when the 
deviation D is minimum, Thus, the condition of minimum devia- 
tion is identical with the condition of the maximum value of y. 


i-i 
cos —. bd Fs 
Now jam ally pee Cee where 02 and g=7—" 
j r-r cos¢ 2 2 
cos —) 


(a, Suppose i>i’, and consequently r»r' Again (i-i)? 
(r — r’), because rotation of the incident ray in air is greater than 
the rotation of the refracted ray in the denser medium. Thus 074. 
Tf i>i’, 0>¢ and consequently y «1. 


(b) Suppose i<i’, and consequently r<r’. Again (i'-)0» 
(r'- r), since rotation of the incident ray in air is greater than the 
rotation of the refracted ray in the denser medium, Hence 624. 


penal GO Aur gis So, y«1. 


That is, y= hi 
ui cos(—4) coso 


(c) Suppose i=i’, ie, rar’, Then y= 939 4, 
cos 0 


From the above considerations it is clear that y is maximum 
when i—i', ie. r=r' ; it has smaller values both when i is greater 
and smaller than i’, So, the deviation D is also minimum when 
izi'(or r2 r). 

(b) Graphical proof.—From the relation, D—i* i- ; 
Hapa : 2 » D=i'+i-—A (Art. 84 
it is evident that the value of the angle of deviation is a nas, 


emergence becomes the angle of inci 
1 e incidenci 
tion remains unchanged, á re 


point 4, the pelea pg oes Pagi sl towards e 
" n t ^ ee a Ls 
till they coincide at 4’. It follows then that ira pel 
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incidence is equal to the angle of emergence, i.e. when i=i' (for 
the value OA on the graph), the deviation AA’ is a minimum. 
89. Relation between Refractive Index and Minimum Deyiation : 
We have, D=i'+i-A. 
In the quadrilateral APOR (Fig. 104), 
LAPO-ZLARO-90, ~. ZPOR+Z4=180° sis: (i, 
But the three angles of the APOR are equal to 180°, ie. Z POR 
+(r+r')=180°. But when D is minimum, i=i' and rer 
s. LPOR+L2r=180 aa (2) 
From (1) and (2), A=2r ; or. r=A/2, s 
Hence, if Dm denotes the angle of minimum deviation, 
D,- LTO'R-(i -r)&('-r)e ii -(rt7)72i-4- 
(7 i-i'and rer) 


A4 D, 
D, 2i > 4t 
A4 D, 
So, Shi aln 2 = (3) 
t Dh AEN WERT. 
sin 5 


90. Determination of the Angle of Prism : — 


Experiments.—( 1) Place a prism 
on a piece of paper fixed on a draw» 
ing board, and draw its outline ABC 
(Fig. 110.) From A draw a perpendi- 
cular AD on BC. Fix a pin at Pon 
DA produced at some distance from 
A. A ray PA is reflected partly 
from the face 4B and partly from 
the face AC. Fix two pins at Pi, P, 
such that these two, the edge of the 
prism, and the reflected image of the 
pin P appear to be in the same 
straight line. Similarly, fix two 
other pins Q,, Q: 02 the other side. 
Remove the prism. Join AP,P, and ius O 
AQ,Q». Measure the angle P, 4Q;. 

Half of this value gives the angle of the prism. ` 

Proof. — Produce CA to E. LCAQ,- LEAP (7. AQz is the 
reflected ray for the incident ray PA on the face EA 


= 4 DAC (vertically opposite angie). 


+, £ZDAQ. -2Z DAC. Similarly, Z DAP, =2Z DAB. 
b PAG RIL DAP, + £DAQ,=2L DAB+3L DAC=24BAC 
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Another Method, —The experiment can also be done by taking 
two parallel rays, one being reflected from the face AB and the 
other from AC (Fig. 111). Draw two long parallel straight lines DL 
and PM on a sheet of paper fixed on a drawing board and place 
the prism with the edge A almost midway between the two lines, 
and at a distance of about 3 or 4 inches from the upper ends of the 
lines DE and PQ. Draw the outline of the prism and fix two pins 
at D and E; and the other two pins at G and F, such thet G, F, 
and the images of D, E appear to be in the same straight line due 
to reflection at AB. Similarly, fix two pins P and Q and other two 
pins at R and S to get the reflected ray HRS at the face AC. Draw 
the two reflected rays TFG and HRS as in the last experiment. 
Now remove the prism and the 
pins F, G, R, S. 

lt is clear from the law of 
reflection that the Z/DTN- 

ZNTG, and their complements 
9, 0 are equal, ZGTL-20 ; 
similarly, — /SHM-2v. But 
0--0' is the angle of the prism. 
If GFT and SRH are produced 
to meet at O, then since OY 
and TL are parallel, ZTOY 
SLG Sim ila rly, 
ZHOY- / SHM-2y 

NC de: rte Ue Abe he. 
Wice the angle of the prism. 
Measure Z TOH by the Protractor, half of which gives the angle of 


parallel lines and repeat the experi i 
i periment. [n this way take sever: 
readings and take the mean value as the angle of the Myers 3 


91. Di i $ 
a Prism nae of Refractive Index (4) of the Material of 


corresponding to the path PR in the liqui 
9f the prism to be absent) are patella e 
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rays (QP and RS) respectively ; for, a ray of light in passing through 
A s plate is only laterally shifted and not deviated (vide 
Art. 68). 


92, Image produced by a Prism :—The image of an object pro- 
duced by a prism is sharp only when theprism is placed in the posi- 
tion. of minimum deviation, where for a small change in the angle 
of incidence there is no appreciable change in the angle of 
deviation, and so the raysdiverging from any point, after refraction, 
will have almost the same angular separation as before incidence. 
Hence, when produced backwards these rays will appear to meet 
at one point which is the image of the first point. In any other 
position of the prism, the rays from the point will be deviated un- 
equally, and the angular separation of the rays in this case being 


differentthey will not appear p 7 
to diverge from a single @}- Â 
point after refraction. v LN 


It will be noticed from 
Fig. 112 that, due to re- 
fraction through a prism 
a luminous object appears lH... : 
to be raised towards the Fig. 112—Image by a prism, 
edge when viewed from the other face. 

93. Deviation produced by a Prism of Small Angle 2—For a ray 
falling at a small angle on a prism having a small refracting angle 
(i.e. for a thin prism) the angle of refraction is also small. We 

PIM sini, 
have, D=i+i'—A; and 4 Sat 

But for small angles, the angles can be substituted for,their sines. 

S pi[r,ori2sr. Similarly i’=pr'’, 

<. D=u(r+r’)-A=#A-A=A(p-1), since r+r'=A, 

Since (“—|) is a constant, we see that the deviation produced 
bya thin prism depends upon the angle of the prism and not on the 
angle of incidence. 

94. Transmission of a ray of light of given colonur through a 
prism :— 

The deviation suffered by a ray in traversing a thin prism is: 
given as shown in the previous article, by D— 4 (4— 1), and so in 
the limiting case, when the angle A is zero, i.e. when the prism 
reduces to the case of apiece of parallel-sided material, the deviation 
D iszero. That is the ray passes out undeviated. When the angle 
A is small, the deviation D is independent of the angle of incidence 
and is determined only by the angle ofthe prism and the value ofthe 
x of the material for the colour of the light used. When, however, 
the angle of the prism is not too small, the deviation depends, in 
addition on the angle of incidence i at the first face. The path of a 
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ray of light in such a case is given by the diagram inFig. 104 where 
the incident ray QP passes through the prism as PR and then emer- 
ges out from the second face as RS. 


(a) For the given material of prism, if the refracting angle of 
the prism is greater than a fixed value for it, a ray of given colour 
will, however, not be able to pass through the prism, but will 
undergo total internal reflection at the emergent face. This 
maximum value of the refracting angle of a prism of given material 
for a ray of light of given colour to emerge from the second 
refracting surface is called the limiting angle of the prism for the 
given colour. 


(b) Secondly, for a prism of given refracting angle there is a 
limiting angle of incidente for which the ray will emerge out of the 
prism, If the angle of incidence be less than this limiting angle, 
the ray will not emerge out but will be totally reflected at the second 
face. 2 

(a) Limiting angle of a prism for a given colour of light.— 

n" t £g 

. The Limiting condition which 

will determine the maximum 
value of the refracting angle, 
if a ray of light of given colour 
is to emerge out of a prism 
of given material is that thc 
emergent ray will just graze 
[Fig. 112(a)] along the second 
surface of refraction AC ; for, 
if the angle of the prism, ZA 
is greater than this limiting 
angle, the refracted ray PR 
within the prism will meet the 
Fig. 112 (a) € T anan areg greater 

e critical angle i 

therefore be turned back being totally internally Sole. vere 

Now, the refracting angle 4—r4-r', Since the angl: er- 
HU ve a A a poe angle 0, which has a pee for 

i colour of light for the material of the pri 

That is ZA=r+0,. TAS Mer 

zs. ZA will be maximum where r reaches a maxi 

é e ximu 
Now r will be maximum when theangle of incidence i will be ES 
mum since the refractive index p isa constant. That is, when i= 
90°, the value of r isthe maximum value for it, This value E 
zh eni critiacl pony Therefore for the limiting value of ZA 
=r, i=i',and the ray passes through the prism s i i 

Thar ii; LAST TENEN, p ymmetrically. 

=twice the critical angle. 


i; 


d 


, Rent of the meridian and also 
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For glass, “= 1*5, and the critical angle 0— 41950' and therefore 
the limiting value of 74=2x 41°50'<83°40'. . So, for angles 
greater than this, no ray can pass through a prism of glass, 


(b) Limitiug angle of incidence for a prism of given angle.— 


Since for the limiting angle of incidence, the corresponding angle 
of emergence i'=90°, we have r'—6, the critical;angle, But 
LA=r+r’. n 

“. r=LA-r=ZA-@, » Rs Ss (1) 

vu*—] 
T m (2) 
Again, sin i=# sin r=p sin (4—6,) from (1) 
=p sin A cos 6,— s cos A sin 6, 


Since sin $m b we have cos 8,— 


1 


* a= 
=p sin Ax = ! -pcos Ax} 


=sin A v3 —] — cos A, 
This gives the minimum value of i in terms of Z A and v. 


95. Willebrord Snell (Snellius) : 
He was born in Leyden and succeeded his father as Professor 
9f Mathematics and Mecha- 
nics. He applied the method 
of triangulation for measure- 


accurately determined the unit 
of length, the metre (one- 
ten millionth part of the 
carth’s quadrant) In 1620 
he discovered the important 
Law of Refraction of Light 
which forms one of the 
foundations of Geometrical 
Optics.» He died young 
(1591—1626). 


. Example.—The index of refrac- 
tion of an equilateral prism is J2. If 
the angle of incidence of a ray of light 
Pene of the faces of prism is 45°, cal- 
culate the l nd the 2 
deviation of ils CINE i: Wiilebrord Snell 


VOL- 11 (n)—8 
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Ans. We have i= sin $ e Bim 45° _ 
e have (—45^, and in RAP S DN IET = 2 


' 
or, Uz x2. .. sin rmi ior, r=30. 

The angle of the prism A=60°+r+r' (vide. Fig. 104) ~. 1260? —30? —30* 
sini' | sin 1 = 
sinr sin 30° xot fo 

Hence the angle of emergence is 45°. 

d Dziti-4A-454459—60230*. Hence the angle of deviation 

2 The minimum deviation produced by a hollow prism filled with a certain. 

liquid is 30° ; if the refracting angle of the prism is 60°, what is the index of 
refraction of the liquid ? 


Againfu = = X42; or, sin “=}x d= 


sinDe t4 sine 360 sin 45° 
Ans, We have, p= yi = d =a 
sin — sin = 
2 2 
Questions 


1. The surface of ground glass is white, but it becomes fairly transparent 
when wet. Explain. (G, U. 1957) 

2. A candle flame is viewed through (a) a prism, and (b) a paraliel-sided 
plate of glass. Explain, with the aid of neat diagrams, the apparent position 
of the candle as seen by the eye. (C. U. 1932) 

4. A ray of light passing from air to water falls at a given angle on the 
surface of the water, the refractive index of which is 4/3. Show the path of 
the refracted ray bya geometrical construction. 


4. A small object is viewed with a microscope through a slab of glass 


8 cms. thick. If the refractive index of glass is 1°5, through what distance 
would the object be raised ? 

[Ans.: 23 cms. l 

5. Explain the apparent rising of a picture stuck on the bottom of a cube 
of glass, as it appears to any eye looking down, as if it were in the glass. 
the index of refraction is 1°6, how much does the picture appear to be raised 
to a perpendicular vision. (C. U. 1946) 


` HNIS: =y where ¢ is the thickness of the glass cube, and x the 


distance through which the picture appears to be raised }. 
6. A body is viewed through a glass plate 10 cms, thick, the body being 
25 cms. behind the plate. Where will the body appear to be ? Mm 


[Ans.: 9°17 cms. from the first surface.] 

7. A vessel of depth 2d is half filled with a liquid of R.I. æ, and the other 
half by liquid of RI. p, Find the apparent depth of the vessel when 
viewed normally. (M. U. 1948) 

Tr 

[Ans. : — +- 

A, ra 


REERAOTION OF LIGHT : PRISM 115 


8. Describe the effect of atmospheric refraction on the apparent 
positions of heavenly bodies. Also explain, with a sketch, how a totally 
reflecting prism can be used to deflect a beam of tight 90° from its original 
course. 4 t (Pat. 1918) 

9. Explain the following with the aid of a diagram, If the light from 
an electric filament be reflected from a slab of red glass, two images are 
seen, one white and one red. (cf. G. U. 1957) 


, 10. Deduce from the laws of refraction the condition of total internal reflec- 
tion of light. Describe some phenomena depending on total reflection. 


T (C. U. '28, '30 ; Pat, 1919, '27) 
ll. (a) State clearly what is meant by ‘critical angle’. 
(Pat. 1934, '46) 


.(b) Prove that a parallel beam of light incident on a prism emerges 
out of it also as a parallel beam. (Pat. 1934) 


12. Explain how total reflection occurs when a ray of light passes from one 
medium to another in which the speed is different, (C. U. 1936) 
13. What is ‘total-reflection’ and in what circumstances does it occur ? 
(Pat. 1938, '42 ; All. 1944 ; cf. Utkal, 1950) 
.. 14. Bubbles of air coming out through water in a glass vessel appear 
silvery to an observer standing by the sides, Explain this. 
(C. U. 1922, 23) 


15. A rightangled isosceles glass prism is sometimes used in place 
of a plane mirror. Explain by the aid of a diagram how it can be used. Is 
it more advantageous ? If so, why ? 

(C. U. 1924 ; Pat. 1919, '25, '28 ; Utkal, 1947) 

16. Explain the phenomenon of total reflection. Why is it so called ? 
“Describe a totally reflecting prism and state its use. (Pat. 1932) 

17. Explain the terms ‘total reflection’ and ‘critical angle and establish the 
relation between critical angle and refractive index. 

(Utkal, 1941, '51 ; Pat. 1944; C. U. 1944, '46 ; G. U. 1949) 

If the refractive index of Benzene is 1'5, what is the value of the critical 


angle ? (C. U. 1946) 
{Ans.: 41°8°] 

.18. Explain clearly why a smoked ball on being introduced in a beaker of 

water appears silvery white. (Pat. 1930, '45) 


19. Explain the use and construction of a periscope. 
(Pat. 1930, All. 1917) 


20. Prove that to an eye under water all objects lying above, the 
surface appear to lie inside a cone of semi-vertical angle equal to the critical 
angle for water. 


21. Show, by means of a diagram, how a beam of light may be turned 
through a right angle by means of an isosceles right-angled glass prism. 
Explain why the same effect could not be produced with a similar prism of 
ice. (Critical angle for glass-air surface=41°; critical angle for ice-air 
surface = 50?.] (G. U. 1949) 

22. Show, with the help of neat sketches, the various contrivances 
for—(a) directing a beam of light at right angles, (b) rectifying an inverted 
image, (G. U. 1949) 

23. A transparent cube of 15 cms. edge contains a smallair-bubble. Its 
apparent depth when viewed through one face of the cube is 6 cms. and 
when viewed through the opposite face is 4 cms. What is the actual distance 
of the bubble from first face and what is the refractive index of the substance 
of the cube ? (G. U. 1952) 

{Ans.; 9 cms. ; p=1'5] 

24. What do you understand by refractivé index of a substance and on 
what factors does it depend ? 


116 INTERMEDIATE PHYSIOS 


Describe any two methods for finding the refractive index of a liquid with 
necessary diagrams, (R. U. 1925) 

25. You are given a block of glass, a piece of paper with a pencil 
mark, some lycopodium powder and a microscope capable of vertical 
motion, Explain how you would find the refractive index of glass. 


(All, 1924) 
26. Explain a method, using the phenomenon of total internal reflection 
for finding the refractive index of a liquid. (C. U. 1940 ; All, 1944) 


Prove the formula you would use in this method, 
(R. U. 1947, 749, '50) 


27. What is meant by the critical angle for a given refracting medium ? 
Show how you would measure it, Hence determine the refractive index 
the medium, What is total reflection and when does it take place re U. 194) 


28. ‘Pools of water’ can sometimes be seen on a tar-macadam road on a 
hot sunny day, which disappear on closer inspection, Explain. (G. U. 1950) 


29, Explain why the mirage is observed in deserts and over very cold 
water surfaces. (Pat. 1924) 


.30. Pepai with the aid of a diagram, what is meant by ‘the edge of a 
prism’, and its ‘refracting angle.’ 


Describe a method of determining the RJ. of glass in the form of an 
equilateral prism. (G. U. 1950, '57) 


31. Draw a neat diagram showing the path of a ray of light through a 60° 
prism ; the ray makes an angle of 25* with one of the faces, refractive index of 
the material being 1*5 with reference to air. (Dac. 1932) 


32. A ray of light traverses a prism of refractive index 1'6 and just under- 
pa total reflection at the second face. If the refracting angle of the prism 
$ 60°, what is the angle of incidence at the first face ? (M. U. 1947) 


(Ans, : 35°35") 


33 A ray enters perpendicularly one face of an equilateral prism: of 
crown glass (w= 1's). From which face does it emerge ? Find the angle 
of deviation of the beam, (G. U. 1957) 


(Ans. ; Normally from the 3rd face, being internally reflected from the 2nd face. 


34. Prove that in the position of minimum deviation the ray passes 
symmetrically through a , If the prism has a refracting angle of 60° 
and refractive index» J2, calculate the angle of minimum deviation. 

(Dac. 1930) 

[Ans :. 30°) 


35, What do you mean by the angle of deviation of a ray of light, and 
when is this angle minimum when the deviation is caused bya A placed 
‘Yn the path ? (Pat, 1934 ; C. U. 1945) 


36. Explain the position of minimum deviation of a prism. Describe 
an experimental jprocedure for ‘determining this postion "for a "Biven 
prism, (C. U, 1950) 


37. The refracting angle of a prism is 60° and the refractive index for 
sodium light s known to be L'$. Wh i 
deviarton foe the prism for sodium light ? ae 

(C. U. 1938) 


fAns.: 3712] 
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38. Explain what is meant by the minimum deviation of a ray passing 
through a prism, How can you determine it with the spectrometer an "- 


The refracting angle of a prism is 60°, and the minimum deviation produced 
in a pencil of mo romatic light is 40%. Find the refractive index of the 
prism for light used, Given, sin $0* 0706. (C. U. 1930) 

[Ans.: 1412] 

39. A ray of light is passing through a prism of refractive index 43, in 
such a way that the aigis orioa is twice the angle of e nce and 
the latter is equal to the angle of the prism. Prove the ang of the 
prism is 60°, (Utkal, 1951) 


40, Define critical angle, Show that if. toe igh of a prism be greater than 
twice the critical angle of glass of which it is „ there will be no emergent 
ray. (Pat. 1929) 

41, The refracting angle of a prism is 60^ and the R.A. is Jj. What is the 
dup d angle of incidence of a ray that will be transmitted. through the 
prism ? 


|Ans. : 30°! 


CHAPTER V -4 


Lenses 


96. Preliminaries :— 

Lens—A lens is a transparent refracting medium bounded b: 
two surfaces of regular geometrical form, such as "ek. 
cylindrical, etc., the spherical form being more common. One 
surface may, if required be plane. A lens bounded by cylindrical 
surfaces is called a cylindrical lens, Lenses are divided into two 
classes— 


(1) Convex (or converglng).—These lenses are thicker in the 
middle than at the edges. 


Such a lens may have any one of the following three forms— 


(i) Double convex or Bi-convex (Fig. 113 (a) — of which both 
the surfaces are convex, 

udi) Plano-convex—one side planc and one side convex 
(Fig. 113 (5)]. 

(iii) (Concavo-convex—one side concave and the other convex 
(Fig. 1133)). 
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(2) Concave (or diverging).—These lenses are thinner in the 
middle than at the edges. The three forms are— 


Nis [7 


Fig. 113 


(i) Double-concave or Bi-concave [Fig. 113 (a')]. (ii) Plano-con- 
cave | Fig, 113 (b’)|, and (iii) Convexo-concave [Fig. 113(c')]. 


Lenses with spherical surface will be mainly discussed in this 
book. Fig. 114 shows how (a) double convex, (b) concavo-convex, 
(c) plano-convex, and (d) plano-concave, (e) convexo-concave, 
and (f) double-concave lenses are formed of two spherical surfaces, 
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each surface having a centre and a radius of curvature of its own. 
In pleno-convex [Fig. 114(c)] and plano-concave [Fig. 114 (d)] 
lenses, one surface is spherical and the other is plane, which can be 
considered also as a spherical surface of infinite radius. 
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97. A Lens acts like a Combination of a Number of Prism :— 
The reason why convex lenses are described as converging and con- 
cave as diverging will be understood by reference to Figs. 115 (a) 
and (b) From lenses in Fig. 115 it will be seen that, though in 
reality a lens has a continuous curved surface, it may be looked 
upon as a combination of two sets of truncated prisms arranged 
symmetrically on the opposite sides of an axis AB, In a convex 
lens (Fig. 115(a)], the prisms bave their bases turned towards the 
axial line and the angles of the successive prisms increase from 
the centre to the margin of the lens. A ray passing through such 
a prism will be deviated 
towards the base, 
provided the refractive 
index of the material , "nam ete 
relative to the surround- 
ings is greater than —B—— 
unity, which is common- V TÉ 
ly the case. Thus the 
rays of parallel bundle la (b) 
incident on such a lens Convex. 
will be brought nearer Fig. 115 
together after refraction 
and may be made to converge to a single point, and that is why a 
convex lens is termed a convergent lens. 


Concave 


In a concave lens [Fig. 115(b)), the prisms have their refracting 
angles turned towards the axis AB. So, in tbis case the rays after 
refraction will bend away from the axis being turned towards the 
bases of the prisms, and so the emergent beam will be rendered 
divergent. This is why a concave lens is termed a divergent lens. 


98. The Optical Centre of a Lens:—Let C and C' be the 
centres of curvature of the two surfaces of a convex lens (Fig.116). 
Draw any radius CA to the 
first surface and through C’ 
draw a parallel radius C'B 
to the second surface. These 
two radii being normal to 
the surfaces the planes 
tangent to the surfaces at A 
and B are parallel. So a ray 
AOB, which is incident at 4 
and cuts the axis at O, will 
emerge at B in the same 

Fig, 116—The Optical Centre. direction, as in the case of 

refraction through a parallel 

plate (vide Art. 68) The ray is laterally displaced, but the dis- 
placement is small for thin lenses. 
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CA and C’B being parallel, the triangles CAO and C'BO are 
E. PACA OCON "B-C'E. 
similar. .'. CB CO but CA- CF and C'B-C'E. 
. CF _CO _ CF-CO. OF. 
'" CE CO C'E-C'O OE 
If CF=r and C'E =r', we have OF = =a constant, 
OE r 

Thus O divides EF in a fixed ratio, and O is, therefore, a fixed 
point. This point is called the Optical centre of the lens. It is thus 
found that any ray, whicb, after passing through the lens, emerges 
out undeviated, will pass through the point O. Thus, if a ray of 
light passes through a lens in such a way that the direction of the 
emergent ray is parallel to the direction of the incident ray, the path 
of the ray inside the lens intersects the axis CC’ called. the principal 
axis, at a fixed point, which is called the Optical centre or the centre 
of the lens. 

Remember that a ray passing through the Optical centre, is 
displaced but mot deviated; and, in the case of a thin lens the 
displacement is so small that it can be neglected. Thatis, in the case 
of a thin lens, a ray passing through the optical centre may be taken 
to pass straight without either deviation or displacement. 

N.B.— The Optical centre of a lens, must be carefully distin- 
guished from the centres of curvature of its faces. 


To find the position of the Optical Centre.— 


" OF... n m BORA Eu. 
Since, OE p we have OELOF Pi 
hat is, OF =(OE =f asim 
That is, (OE--OF) PED jr 
where t thickness of the lens at the middle. Similarly, 
(CTUM. 
rcr 


N.B.—The Optical centre of a lens may be within the lens or 
outside, depending on the nature of the lens. 


99, Some Important Definitions :— 


Principal Axis.— The line tbat joins the centre of curvatre of 
the two bounding surfaces of a lens is termed the principal axis of 
the lens. In Fig. 116, where a double convex lens has been shown 
the line CC’ joining the centres C and C’ of the two surfaces AF 
and BE of the lens gives the principal axis of the lens. 


Principal Section. —The cut away section of a lens made by a 
plane through the principal axis is termed its principal section. The 
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gio shown in Fig, 116 is a principal section of a double convex 
ens. 

Principal Focus,—A lens 
has two principal foci, the 
first principal focus and the ÁN 
second principal focus. The [N 
second principal focus is con- ^ " 


veniently called the principal p h 
focus of a lens — vi 
The first principal —focus 
of a lens is a point on its Convex Concave 
principal axis such that the Fig. 117 


tays diverging from it (in the 
case of a convergent lens). or tending to converge to it (in the case 
of a divergent lens, are rendered parallel to the axis after refrac- 
tion through the lens (Fig. 117), 

The Second principal focus of a lens is a point on the principal 


axis such that the rays incident on the lens in a directionparallel to 
the axis either actually 


AA converge to it (in the 
A case of a convex lens), 

€ EL or appear to diverge 
tr from it (in the case of 

Y a divergent lens), after 

j i refraction through the 

Convex Concave lens (fig. 118). This 


Fig. 118 second principal focus 
is conventionally re- 


ferred to as the principal focus of a lens. 


Focal Length — The distance of either of the two principal foci 
of a lens, when measured from the optical centre, is the same if 
the lens is surrounded by the same medium on both the sides. The 
distance is called the focal length of a lens. Conveniently, the 
distance of the second principal focus from the optical centre is 
taken as the focal length of a lens. 


Focal Plane.—A plane perpendicular to the principal axis of a 
Jens at a focal point is known as the focal plane for a lens A lens 
has two focal planes corresponding to its two focal points. The 
focal plane through the first focal point is called the first focal 
plane, and the focal plane through the second focal point is called 
the second focal plane. 


The Relative Aperture of a Lens.—It is defined as the ratio of the 
diameter to the focal length of alens, This is a measure of the 
opening of the lens required for estimating the amount of light 
which will pass through. As for example, if in a camera a lens 
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requires twice as long an exposure as another of the same focal 
length, it is because the fast lens has a greater aperture than the 
slow lens. If two lenses are of the same diameter but one has twice 
the focal length of the other, the lens with the short focus will 
have the greater aperture. In books of photography, or on cameras 
the lens is, characterised by the term finumber, where any value, 
say 3'5, or 4, etc. assinged to the ‘number’ means focal length f of 
the lens divided into by its diameter. The number indicates the 
speed of the lens, for the above described number determines the 
exposure on the film needed under certain lighting conditions. Thus 
acamera marked f|35 meaning that the focal length is 3'5 times 
the diameter will be (8/3 5)%, i.e. about 5°25 times faster than one 
fiS lens and would need 5'25 times lesser exposure. 


Thin Lens.—A lens is said to be thin when the thickness of the 
lens is negligible in comparison with the radii of curvature. The 
lenses used for ordinary experiments nearly satisfy this condition. 
For, such a lens the points E, O, and F (Fig, 116) may be regarded 
as coincident, and it may be said that the optical centre is the 
point at which the lens and the axis intersect. 


The defects of an ordinary lens arise from the fact that all rays 
coming from a point object do not all converge to or appear to 
diverge from a single point after passing through the lens, The 
image thus appears to be diffuse and does not give a correct repre- 
sentation of the object. 

100. (I) Graphical Construction for Images :—The position of 
an image formed by a thin lens may be traced by drawing the 
courses of the following rays : 


(a) A ray falling on a lens in a direction parallel to the principal 
axis passes through, or appears to diverge from, the principal 
focus after refraction, 


(b) A ray passing through the optical centre of the lens emerges 
out undeviated and undisplaced. 
The point where these two emergent rays converges as in the 
case of a real image, or from which they appear to diverge, as in 
the case of a virtual image, is the image of the luminous point. 


(ID (a) Rules of Signs —These are the same as given for 
mirrors with the difference that the term pole in the case of mirrors 
should be exchanged for optical centre in the case of lenses. 

So the focal length of a convex lens is negative and that of a 
concave lens is positive. 

(b) New Convention of Signs.— Formerly it had been the 
practice (which is still followed in this book) to take the direction 
along the incident light as negative and that against it as positive ; 
according to this, a concave mirror has a positive focal length and 
a positive radius of curvature and a convex mirror a negative focal 
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length and a negative radius of curvature. The general formula 
obtained for both the mirrors is Li. F It should be remembered 


that, in these cases, real image distances are taken as positive, and 
virtual image distances as negative. 


In the case of lenses, however, the distances on the object side 
measured from the optical centre, i.e. the direction against which 
the incident light traverses are taken as positive, while the distances 
on the other side, ie. the direction along the incident light, are 
taken as negative, which mcans that all real image distances are 
negative and virtual image distances positive ; and thus this has no 
logical agreement with mirrors, Again, according to this, focal 
length of a convex. lens, generally producing a real image, has to 
be taken as negative, while that of a concave lens, which only gives 
virtual images, is regarded as positive, Besides this, there is 
another difficulty namely, that the opticians regard the convex 
lenses as positive and concave lenses as negative. 

To remedy all these difficulties, a new convention of signs was 
recommended by the Physical Society (London) in 1934 ; and in 
many text books this new convention of signs is being used, accord- 
ing to which all real distances (i.e. distances actually traversed by 
light either in coming from a real object, or in going to a real 
image) are taken as positive and all virtual distances (i. e. dis- 
tances traversed by light only virtually either in appearing to go 
towards a virtual im1ge or in appearing to come from a virtual object 
are taken as negative. According to this, the general formula for 
lenses would be, ; 

y 

Thus the focal length of a convex lens, which brings parallel 
light to a real focus, is positive and that of a concave lens is 
negative. Hence a convex lens has got a positive power (vide Art. 
115) and is called a positive lens, while a concave lens has got a 
negative power and is called a negative lens. According to this, 
an object and its image may be in the same side of the lens, and 
yet the object distance may be positive and the image distance 
negative. 

In the case of spherical mirrors, a concave mirror with real 
focus has a positive focal length and positive radius of curvature, 
while a convex mirror with virtual focus has a negative focal length 
and negative radius of curvature. 


The advantages of the new system are + (a) the same formula, 


EI [Compare eq. (3), Art. 101] 


Il holds for both mirrors and lenses ; (5) it conforms with 
y 


the practice followed by the opticians. 
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101. General Formula for Lenses 1— 
(1) CONVEX LENS 


(a) Real Image (Object beyond the principal focus).—Let PQ 
be a luminous object placed vertically on the axis of a thin convex 
lens RO (Fig. 119) of which 
O is the optical centre, F 
the principal focus, and 
FOF the principal axis. To 
get the image, draw a ray 
PR parallel to the axis, 
which after refraction, 
pastes through the principal 

Fig. 119— e form. ocus F. Draw another ray 

i eee s PO through tbe optical 

centre of the lens, which 

passes out undeviated. The point P' where these rays intersect is 

the image of P and let P'Q' be drawn perpendicular to the axis. 
Thus P'Q' is the image of PQ. This image is real and inverted, 


Here the triangles PQO and P'Q'O are similar. ^, —~,=-— (1) 
Again, from the triangles P'Q'F and ROF,we have O QT, (2) 


From (1) and (2), P! Q PQ OQ QF 


=——x 


PO RO OQ FO 
Bu PQ-RO .. 1-09 x QF 
Let OQ—u ; OQ'—v ; FO - f. Then, we have, by using proper 
signs, 12 8C 101 E gp Log", oF-(-- C- fs 


or o, or, uf—uvavf, 


Dividing by wf, ieu or, 1 uc zB (3) 


. (b) Virtual Image (When the object distance is less than the 
focal length).— 
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From similar triangles POQ and P'OQ' (Fig. 120). 

PQ' or 

TO "OP ose (1) 

Again, from similar trian- 
gles PQ'F and ROF, since PQ 


won, EQ. PQ' FE 


PQ OR OF 
LOT ORT (2) Fig. 120—Virtual Image formed 
OF by a Convex Lens. 


. OP _PO+0OF 
S 0p =DE from eq. (1) ; 


or, vat Dur, or, uf —vf=uv = 
or, dividing by wf, A sex di 3) 


(2 CONCAVE LENS 


The method of finding the position of the image due to an 
object is the same in case of a concave lens as in the case of the 
convex lens. 

The ray PR, incident parallel to the axis, emerges after refrac- 
tion so as to appear to diverge from the principal focus F (Fig. 
121) The ray PO, passing through the optical centre O, emerges 
out undeviated. The point P’, where the paths of these two rays 
appear to intersect is the image of P, and P'Q' is the image of PQ 
This image is evidently virtual, erect and diminished. 

From the two triangles PQO, P'Q'O (Fig. 121), we get, 


PQ _00 Te y 

Again, from the triangles ROF, 
OF 

POF we get, po gr" @) 


But RO-PQ .. Q0 eO 
from (1) 


Fig. 121— Virtual Image 
formed by a Concave Lens, 


Using the same letters u, v, f 
as before, we have 


1 TO Es 
Dividing by wf, i- Dp or, =F (3) 
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102. Conjugate Foci :— These are any pair of points on the axis 
of a lens such that if one of them represents the object position, the 
other gives the corresponding image position. Fora thin lens, their 
distances from the optic centre are given by the relation (with 


usual notations), 5 — 177, and so this relation is called the- 


conjugate relation for a thin lens, The term conjugate means that 
the positions of these two points are interchangeable, i.e, if the 
object is placed at either point, the image is formed at the other 
point. This is what it should be from the principle of reversibility 
of light, 

When the conjugate foci are both real, the rays of light diverg- 
ing from the object, if placed at either focus, will converge at the 
other point to form the image. But, if one of the foci is virtual, 
the rays diverging from the object placed at that focus will not so 
refract as to form an image at the other, but if actual rays from 
an object tend to converge at the virtual focus so as to give a 
virtual object there, the rays after refraction will form a real 
image at the other conjugate point [vide Art. 107 (2) ii]. . 


. 103. (1) Magnification :—The magnifying power of a lens 
producing an image of an object is defined as the ratio of any 
linear dimension of the image to the corresponding linear dimen- 
sion of the object. Thus (Figs. 119 to 121), 


32085 _ sizeof image PO' OQ' v 
magnification m ey. of object PO =60 + 
It should be noted that in Fig. 119 from which the above 
expression is deduced, the image is inverted and v and u have 


opposite signs, v being negative ; that is, -m= "i ; on m=. 


That is, for lenses, when v[u (or m)is negative, the image is inverted. 
Again, in Figs. 120 and 121, the image is erect and both v and u 
are positive ; $0 when v/u (or, m) is positive, the image is erect. 

The magnification may be expressed in terms of u, v and f as 
follows— 

(a) We have, i-i) Multiplying each term by v, we 
yu y y f-» 
o R^ ed m---—-1--.—-—— t 1 
f vie qi 
(b) Multiplying each term of the general equation by u, we 
u uf . Pon as 

LI a. ase 2 

utf (2) 


get 1— 


u u 
et --l=~; OF, 
E: u y 
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(2) Remember the Signs of u, v, f and m— 


u Ut + always ; 
y +n — hen the image and the object are on opposite 
sides of the.lens ; 
aes + when the object and the image are on the same 


sides of the lens ; 


f — for convex lens ; 
+ for concave lens ; 
m — for inverted images ; 


ove + for erect images. 

[vide also new convention of signs, Art. 100 (11) (5)] 

104, Correction of Signs :— 

When working out problems, the following corrections of sign 


in the general equation are to be applied— 
(i) For a Convex lens producing real image, both v and f are 


negative. 


, Lat 1 1 

So the general equation becomes, — ait el mA or, iu; 
(ii) For a Convex lens, producing virtual image T m =- ; 
(iii) For a Concave lens, u,v, f positive, so L VE 


105. Formula according to New Convention of Signs :— 

(i) Fora Convex lens, producing real image : 

In deducing 1 both v and f were taken äs negative. 
According to the new conventions, v and f should be both j 


positive, for they are real distances traversed by the rays. Hence 
the formula will suit the new convention if v and f, in the above 


equation, be made negative again. 
P 1 
meum, OF, = d 
That is, Piae f ry 
(ii) For a Convex lens, producing virtual image : 


In deducing the equation 1 245 r y was taken as positive and 


u 
f negative. According to new conventions, they are reverse in 


this case. 
A E S o al 
y u f v u 


(iii) For a concave lens, which always produces virtual images : 


In deducing the equation + up y was taken positive and 
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f also positive. According to the new convention, they being 
virtual distances are negative. Therefore, the formula should be 
DA ee 
ven by, =+-=5; 
gi y, vts f 
It is clear from the above that according to the new conven- 
. tions, the general formula connecting the conjugate foci should be 


P whereas, according to the old convention, it is 


tjm Sie 


1 ; 
Thus, according to the new conventions, the same general 


formula, bebo ; applies to the cases of both lenses and mirrors 


and a uniformity in practice is attained [vide Art. 100 (II) 5)]. 
106. Newton's Formula :—In Fig. 122, ifthe object distance, 
u and the image distance, v are measured from the principal focus, 


instead of measuring them from the optical centre O, then accord- 
ing to Newton's formula, UV=f?. 


Fig. 122 


Let the distance of the object, PQ from the}first principal focus 


F,=U, and that of the image, P,Q, from the second principal 
focus= V, then 


u-f-U; or U-u-f EM "m (1) 
and v=f+V; or, V=v-f ee ges (2) 


Then, from the relation, m ; Of, lplal 


U.' v and f are both — ve] 
; or, uyeuf-4-wf, 


or, uv—uf - vf -f* &«f* ; or, u(v-f)—f(v - f) f* 
or, (u-fXv-f)—f* 

So from equations (1) and (2) above, we get, 
Uv-f* d ies (3) 
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Magnification, —Neglecting the convention of signs, the magni- 


fication, m-^ E v (4) 
Tidi pu cte pea 
For a real image, sa P [ KA | 
; UR Y s 
or, 14221; or, Ps Le + y-f=V} 
uf u f FENT: [ J 
Df) N 6 
pEr aT iv ) 
i 5 TES 
Again, from the relation, Pern) , we get, 
4 
ygan u_u-f 
pd 3 OF, S f 
té f cat oe -fmt 
EHD, [^ u-f=U} 
Ee. ient i 
RUE U . (6 
By multiplying equations (5) and (6), we get, 
y 
a= vee m etm ... 1 
m U (7 


107. Nature, Position and Size of the Image in case of Lenses :-- 
The position, size and nature of the image formed by a lens depend 
on the position of the object with respect to the lens. A convex 
lens forms sometimes a real and sometimes a virtual image 
according to the position of the object ; but a concave lens always 
forms a virtual and erect image. Typical cases are shown below 
by the following diagrams drawn according to the rules stated in 
Art, 100 (1). 

(1) Convex Lens,—In the following diagrams the distance of 
or OF' represents f, i.e. the 
focal length and that between 
O and 2F or 2F' represents 2f 
or twice the focal length of 
the lens. 


(a\ Object at Infinity.— 
Paralle! rays inclined at a 
small angle to the principal 
axis proceeding from the 
object will converge at the 
focal plane of the lens, where Fig 123—Ohject at inünity. 
the image is formed which is 
real, inverted and extremely diminished (Fig. 123.) 


von. H (n)—9 
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(b) Object between infinity 


Fig. 124--Object between iofinity 
and 2F'. 


camera. 

(c) Object between 2F' and 
F.—The image in this case is 
formed between 2F and infinity 
Fig. 125), and is real, inverted 
and enlarged. This case is 
applied in the magic lantern, 
enlarging camera, etc. 

(d) Object at 2F'.—In this 
case the image is also at a dis- 


INTERMEDIATE PHYSICS 


and 2F, ie. twice the focal 
length :—When the image 
of the object is drawn, 
according to the rules 
already stated, it is scen 
that the image is formed 
between F and 2F, and 
is real, inverted and 


diminished (Fig. 124). This 
case is applied in 
ordinary 


an 
photographic 


Fig. 125—Object between 2F’ and F". 


tance of twice the focal length, i.e. at 2F' (Fig. 126), This is also 


Fig. 126—Object at 2F". 


ete af 
Wi af 


obtained mathematically 
by putting u=2f in the 
general equation when v 
=-2f which means that 
the image is formed on 
the other side at a dis- 
tance equal to 2f. 

Again, magnification 


= - 1, which means that the image is real and is equal 


in size to the object. This case is applied inthe case of a terrestrial 
telescope Art. 130) fitted with an erecting eye-piece. 


(e) Object at F, 
(a). 
infinitely enlarged (Fig. 127). 
“In the general equation 


ifu=f, then : I ! 


he HE 


ot, t =0; ot, v2 o2, Again 


. z ' y 
magnification m= a os 


F, i.e, at focus. — This is the converse of the case 
The image is formed at infinity, and is real, inverted and 


Fig. 127--Object at F’. 
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This case is applied in the case of the collimator of a spectrometer. 

(f) Object between Focus and the Lens—The two rays taken 
from Q diverge after refraction and meet at Q' when produced 
backwards (Fig. 128). 

Draw Q'P' perpendicular to the axis, which is the image of 
PQ. The image is virtual, erect and 
enlarged. This case is applied in 
magnif ying-glasses and eye-pieces 
of telescopes and microscopes (vide 
Chapter VI). 

Conclusion.—Thus from the 
study of the above diagrams we 
find that as the object approaches 
the convex lens from infinity the 
real inverted image gradually 
recedes from the focus until it is Fig. 128—Object between 
formed at infinity when the object F' and the lens. 
is at the principal focus. On further approaching the lens,a virtual, 
erect and magnified image is formed on the same side as the object. 

Remember.—(a) For a magnified real image, the object is to be 
placed between F and 2F. For all other positions from infinity to 
2F, the image is diminished in size, though gradually increasing. It 
becomes equal in size when the object is ut 2F. 

(b) For a magnified virtual image, the object is to be placed 
between F and the lens. The size of the image diminishes as the 
object moves towards the pole, and when the object is at the pole, 
the size of the image (which is virtual and erect) becomes equal to 


(2) Concave Lens: (i) For Real Objects.—Here it may be 
noted that for all real values of u, the image lies between the 
second principal focus F, and the optic centre O, for when us «, 
y=f ; and when u=0, v=0 (Fig. 129) As a real object is brought 
from infinity up to the lens, the image travels from the second 
principal focus F to the optic centre O. In Fig. 129, three real 


"d 


a Fig. 129—Concave lens forming virtual image, 

positions marked I, I and IIL of an object PQ have been shown 

siving corresponding virtual images P'Q' marked by 1, 2 and 3. 
The images are always virtual and erect, and are more and more 
enlarged as the object is brought nearer to the lens, 


132 INTERMEDIATE PHYSIOS 


(ii) For Virtual Objects.—This is the only case where a con- 
cave lens forms a real image (Fig. 129(a)]. Here a system of con- 
verging rays tending to 
form a virtual object PQ 
forms after refraction 
through the lens, a reat 
image  P'Q' (erect and 
magnified). Between 1=0 
and u--—f, v changes 
from 0 to cc, or, in other 
words, the image moves 

Fig. 129(a) from the lens to infinity 
along the negative axis. 

108. Identification of Lenses :— Inidentifying by means of the 
image formed whether a lens is convex or concave, (a) point it 
towards a distant object and move it towards a white wall or paper 
screen behind it. If any image is obtained, the lens is convex, 
otherwise it is concave ; (5) hold the lens close to any object, and 
a virtual, erect and enlarged image will be formed when the lens 
is convex, which may be viewed by means of an eye placed close 
o the lens. This is the principle of a magnifying glass or a simple 
microscope (vide Art. 121), If the image be erect and diminished, 
the lens is concave. 

109. Summary of Results :— 


Real "ET 
S Image Remarks 
Figures n | 
Object Position Size Nature 
Convex 
Lens 
Fig, 123 At oo AUP Diminished] Real and | Image and 


Inverted object change 
their positions 
Between Between x a 

2F andoo F and 2F 


Fig. 124 


Fig, 125 


Between Between | Enlarged s 
F and 2F | 2F and « 


Fig. 126 At 2F At 2F Same size 5 » 

Fig. 127 | AP æ Enlarged = of 

Fig. 128 ! Between On the | Enlarged Virtual |Lens used as a 
F and same side and magnificr 
Optical as object Erect 
centre 


Concave 


At F Diminished] Virtual e 
Lens and | 
* Erect 
Fig. 129 Between | Between s » i 
co and F, and p 
Optical Optical 


centre centre 4 


- 


e 
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Notes.—(i) The different positions mentioned in the above table 
can also be obtained from the formula (Art. 101) in the same way 
as poined out in the case of mirrors. 

(ii) It should be remembered that in the case of lenses 2f is not 
equal to the radius of curvature, as focal length does not only depend 
on the curvatures of the surfaces, but also on the refractive index 
of the material of the lens with respect to the medium in which 
the lens is placed. 

110, Graphical Representation of the Change of Image Position 
due to the Change of Object Position :— 

In Fig. 130,.a complete picture ofthe positions of the images due 
to objects at different distances from a lens has been shown, case (a) 
being for a convex lens, and (b) for a concave lens. In each case, 
the full line portions of the hyperbolas stand for real objects and 
the dotted line portions for virtual, The curves (a) & (b), it may 
be noted are respectively the same for a concave and convex 
mirror only turned through 909, 


(a) Convex lens. (b) Concave lens. 
Figi 130 

111. Spherical Aberration in a Lens:—In the formation of 
images by lenses it has 
been assumed that all 
the rays coming from a 
point in any object are 
accurately brought to 
focus by the lens to one 
oint. This is, however, 
not possible for a Jens 
of wide aperture, where 
the rays striking the 
outer portions of the 
lens are refracted mo 


Fig. 131 
re than the rays which strike the central 


portions of the lens and thus the marginal rays are brought to a 
focus nearer to the lens than that for the central rays as shown in 
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Fig. 131. The phenomenon is called spherical aberration. The 
effects of spherical aberration are to make the image curved and 
distorted in shape. The defect may be reduced by using a stop, i.e. 
by taking only the central rays. The defect may also be much 
minimised by using a plano-convex lens, the convex surface facing 
the incident rays. j 


Solution of Examples.— Follow the instructions given in the cases 
of mirrors remembering that the focal length of a convex lens is 
negative while that of a concave lens is positive. 


Examples.—1. The conver lenses of focal lengths 3 inches and 4 inches 
respectively are placed at a distance of 6 inches apart and a luminous object 1 inch 
high is situated on the common azis of the lenses at a distance of 4 inches in 
front of the lens of smaller focal length, Find the position, nature and size of the 
image, (Pat. 1927) 


Ans. The general formula of a lens is, 1.12 
s usd 


Here, for the lens of smaller focal length, u=4, f —3 ; v= ? 
Substituting the values, we have, i -L =- i whence v= —12 inches. 


The image serves as an object for the second lens. As the distance between 
the lenses is 6 inches, the object distance u’ for the second lens=v+6= — 124-6 


w -Ó6inches. So, L-i- -i ; whence v'——2 inches, That is, the 
final image is formed at a distance of 22 inches beyond the second lens, and is 
teal and inverted. 

-12 


"EU 5 


Magnification by the first lese $= 23m —3, and by the second= Sem ? 


=6 
Therefore, the total magnification — 3 x A c -$= E: IE 


So, the length of the image (1x13) =r, 


2. A conver and a concave lens each 10 inches in focal length are held 
co-azially at a distance of 3 inches apart ; find the position of the image if the 
object is at a distance of 15 inches beyond (a) the convex and (b) the i PES 

at. 192 


Ans. We have, LoL 
v u 


jf 
(a) Here, u= + 15 inches ; f= —10 Inches ; v= ? 
T 1 i 
So, ISI IS Or, v= —30 inches- 


So the image is formed at a distance of 27 inches on the other side 
of the concave lens, as the distance between the lenses is 3 inches. This serves 
as an object with respect to the concave leps, the object distance being 
w=v4+3= -304-3— —27. 

iy tated galt! fm 1515 j 
Again, 37-2170 whence E +157 inches. 
Thus the image is formed 187 in front of the concave lens (on the same side 


as the object). 


— 3 
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(b) Here, u=-+15 inches , f=+10 inches , v=? 


1 
So, er 


dis A 
7-10! or, v«6 inches. 


So a virtual image is formed 6 inches in front of the concave lens. This 


serves as an object with respect to the convex lens, the object distance being 
(6+3) inches. 


1 D 
So, TOES (for f= —10 inches) ; or, v'— 3-90 inches. 

That is, a virtual image is formed ata distance of $0 inches in front cf the 
convex lens. 


3. A real image of an object placed in front of a convex lens of 5 cma. focal 
length is formed 30 cms. away from the lens. Where must the object be placed? 
gaitas how far the lens must be moved so that another image may be obtained 
on the screen, 


Ans, Here, u=? ; v= = 30 cms. ;f=—5 cms. 


LIT LE 1 

Now, Qt or, Sata gi whence uer crus. 

To obtain the position of another image, the lens must be moved into 
the second of the two conjugate positions for image and object. Thus the 
image distance v' must now become —6 cms. and the object distance 
ues + 30 cms, 

1 G= of 


i 5; Ate tegh iic IRRE 
To verify this, ae 77$ cum 30 3: 


s. f=—5; and so is correct. 


4, An object is 60 coms. in front of a lens, the image being 300 cms. on the 
other side of the lens. Calculate the displacement of the image when the object 
is moved 20 ems. (a) nearer to the lene. (b) away from the lena, (0. U. 1929) 


1 
Ans, We have, for a lens, aber Here u=69 cms. ; v= ~ 300 cms. fet 


a, — , whence f= -50 cms. .'. The lens is a convex one. 
vii 1 xam 
(a) Here u-60-20-40cms. ^" 749 50 whence v=200 cms. (on the 
same side as the object). Hence the displacement. of the jmage=300-+ 200=500 


ems. -— i 
(b) Here u=60+20=80 cms. oe 38050" 


whence v= On - 1335 cms. (on the other side of the lens). Hence displace: 
2 
ment of the image =300-13°5 = 166; cms. towards the lens. 


i "om a. luminous object are brought to a focus ata point 

Pv Bove ion "0. focal length ca then placed 12 in. from A, so as to inter: 

cept the rays before they meet at A. If they now meet at B, find the distance AB. 

Where else could the lens be placed so that after passing through it, the rays might 

appear to diverge from B ? . (Pat. 1926) 

Ans. In the first case, A serves as a virtual object with respect to the lens. 
Draw the diagram. Hereue- 12,fe—12; v=? 

1 


ie ee =-6. 
Hence, > 7 -15 E ee” 
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That is, the image is formed (i.e., the Tays meet) at B on the same side as A at 
a distance of 6 inches from the lens. AB = 12-6=6 in. 
Now let the lens be;placed at a distance of z inches from A on the side 
opposite to B. 
Hence u-z in. (ie. the distance of A from the lens) ; v—(z4-6) in. (i.e. the 
distance of B from the lens); f— —12. 
1 
Tr 
Or, z'462-72—0; "or, (z—6)(z-- 12)—0. .. 2-6, or, —12. 
The negative value of z is not admissible here ; so the lens must be placed at 
a distance of 6 inches from A on the side opposite to B in order that the rays 
might appear to diverge from B. 


112. Refraction at one Spherical Surface :— 


Let EP represent the principal section of a spherical surface, 
concave in (a) and convex in (b), Fig. 132, separating two media of 
refractive indices “, and Ks, the former being for the right-hand 
medium and the latter for the left-hand medium. Suppose z, is 
greater than /. Let C be the centre of curvature of the surface. 
Let O bea point object situated on the Principal axis OP, P being 
the pole of the surface. Let a tay OE be incident on the: spherical 
surface at E and let the refracted Tay meet the axis, (a) when 
produced backwards, at 7 forming a virtual image there, in the 
case of the concave surface, (b) at I forming a real image, in the 
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(o) (b) 
Fig. 132 
case of-the convex surface. Let the angle ECO be 6 and the angle 
of incidence i, and refraction r, as Shown in the figures, Then, 
sin ins 
sinr p, 


Dividing both the sides by sin à, p, ing nr uen d 


3 Or, F, sin i=H, sin r, 


This can be re-written as 
PE 80-0, sinr 


sin 6 ?'sin (18020) (X) 
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Applying (X) to the case of the concave surface and (Y) to the 
‘case of the convex surface, 


we have, ^ eo nel for both the cases. 


The equation still holds good, when E coincides with P, i.e, for 
a surface of small aperture, Hence, =m G, 


co 
"100 
-". For the concave surface, 
u-R y-R .. 1 A 
Busi = Barre with usual notations, where R stands for the 
radius of curvature. 
Again, for the convex surface, 


BAe Rs ib miedo), v-R j 
u =y 


y 


Hence for either type of surface, /, Auteur ; 
R R R R 
or, ^ 1> amel 1- 5) j Of, May gTa Rn j 
Edd) tn Fou Ea H3 713 1 
or, R Ü Ü Jes Ha 3 Or, SPE z AERE) 


Special Case.—When light passes from vacuum (or, air) to a 
medium of refractive index 2, we have “, =1, and H,—! In this 
case we have, therefore, ESL CUN i (2) 
v u R 


113. Principal Foci of a Concave or Convex Refracting 
Surface :— 


: 5 n 
For a spherical refracting surface, y 


1 
u 
R.I. of the second medium with respect to the first medium (air), 
and r-radius of curvature of 
the surface (vide Art. 112). The 
first principal focal distance f, is 
defined to be the value of u for 
which y— cc, Therefore, a point 
F, on the principal axis at a dis- 
tanc? f, from the pole P will be 
the first principal focus (Figs. 133 
134). 


The second principal focal Fig. 133 Concave Refracting Surface, * 
distance fz is defined to be the value of v when u is infinite. There- 
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fore, a point F, on the principal axis at a distance Ía from the 
pole P will be the second principal focus. 


(a) For a Concave Refracting Surface.— 
Here r is positive (Fig. 133) and so, from the equation 
Es Lpttk y =uwhen v is ec ; 


FAR. 
or, f,— — Ey 
and4,-—v ; when u is cc, 
ur 
pT 

(b) For a Convex Re- 
fracting Surface.— 

Here r is negative (Fig. 
Fig. 134—Convex Refracting Surface. 134) and so, from the 

equation, 


or, fa= 


#1 e-l wal fu, when vis = ; 


or, fo and f, =v when u is*o> ; 


ir 
omia IY 


It is to be noted from the above that whether the surface is 
concave or convex, f, andf, bear opposite signs, and also, that 
falfı= =”. 

(c) General Case.— 


do HE 
- s, for, say, a con- 


Using the general equation, © = 
cave refracting surface for which r is e f,-the value of u 


when v is cc or, hsc. E ..(A) and f,=the value of v - 
: Fes 


when uisce or, fa = ++-(B). 
Hg 


From (A), r= - (z^) fı, and from (B), r2) fas 
1 N 2 


wo [4a-rüyr (^-^ . 
that is, (sz )^ (ao Jz ; 
or, Ha fy 1s fa 0. 
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114. Refraction through Double Surface (ie. a Lens):— 
When a ray of light passes through a lens it successively suffers 
refraction at the two surfaces of the lens ; it first crosses a surface, 
air to glass and then emer- 
ges through a surface, glass 
to air. Let O be a point 
object on the axis of a lens 
at a distance u from the 
pole P of the near surface, 
called the. first surface, 
whose radius of curvature, 
say, is r, Let the image 
formed by this surface be 
lata distance v' from the 


pd 


pole P. For the refraction d : 
at this surface we have, Fig, 135 
"gc Brata n Se gu 
MUT 
where, in this case, / 1 (air); na « ^ (glass), Rer, and LEA 
i 
that ia, Se seed nen) 
vow ry 


Let the radius of curvature of the second surface be ra and the 
thickness of the lens ¢. The distance of the image r measured 
from the pole of the second surface will be (f-Fv'). The image I 
serves as a virtual object for the second surface which, suppose, 
forms a final virtual image at Z”. Let J be at a distance v from 
the pole of the second surface. 

We have, for refraction at the second surface, abe n 

u+t=v', R=r,, !,-1 and #,=#, for here the refraction is 
from glass to air, Putting these values in equation (1), we have, 

Ho Tan eda 
Y ftv re 
In the case of a thin lens, ¢ is negligible compared to Y. 


om LOE Shee E d Baal) 
TD RAT 
Adding equations, (2) and (3), we get, 
lost e py (Incl ene rr watt 3,64) 
ae 1) i5 rj 


When u= œ, v=f (focal length of the lens). Therefore, putting 
these values in (4), 
1 ECRIRE ER omnee 203 jan by 
we have, FÉ (n —1) E 2 


N.B.—According to the new conventions of signs [vide Art. 100 
(1D)(b)] the signs attributed to the radii of curvature of lens surfaces 
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in air are as follows. The radius of curvature of a surface convex 
to air, ie. a surface which is convex to the incident light, is posi- 
tive, and that which is concave to the incident light, is negative. 
Thus equation (2), Art. 112, becomes ALI where r,—R, 
1 
and r, in equation (5), Art. 114, being a negative quantity, the 
, 1 pur 
t. 114 =(p- m a 
equation (5), Art, 114, becomes p {u-1) i al 


Examples,—1. The radii of curvature of the surfaces of a double convex lens 
are 20 cms, and 40 cms. respectively and ite focal length is 20 cms. What is the 
refractive index of the material of the lens ? (0. U. 1956) 


Ans. We have for a lens, l iei) easi 

f Ti a 
Here, f= —20 cms. ; r,- —20 cms. ; r,=+40 cms. ; a=? 
That is, ~ ped t im 


20 40, 
1 Sas mer dy er A 
or, 3 (u D or, pride. or pals =167. 
2. The plane side of a plano-convez lene is silvered and tho lena then aeta as a 
concave mirror of 30 cms. focal length. The refractive index of the lens ia T5 ; 
calculate the radius of curvature of the convex lens. (Pat, 1931; All. 1929) 


Ane, The lens is acting as a concave mirror of 30 cms, focal length. There- 
fore, if an object be placed at the centre of curvature of such a mirror, f.e. at a 
distance of 60 cms. from the lens, the image is also formed at the same place. 
Hence, here the focal length of the plano-convex lens is 60 cms. The plane side of 
the lens being silvered, the rays are reflected back, and being again refracted 
through the lens along the same path, meet at the focus. 

The formula connecting the radii of curvature of the lens, the ‘refractive index 
of the material of the lens, and its focal length is, 1 


1-1) —- Here u— 15; ri? ; ra= (being plane); s=—60, 
Í m f 


s -6 z(I5-1) =L, whence ;— —30 cms. That is, the radius of cur- 
1 
vature of the lens is 30 cms 


3. Find the focal length of a convex lens [having radii of curvature 4 and 6 
cms, respectively] (a) in air, (b) in water, Refractive index of the material of 


the lena 155 , R.I. of watere $. 
Ane. (a) We have the equation, J -(u-1) G-a 
z Ai Ta 


Let the light strike the surface of radius 4 cms. first, then r= —4, 
and n= +6, 


(b. a 1 escaso I APES o cas 
solea s-»(- j iar ems. 
(b) Now, air"water=$, water“air=4, and air“giass=} 
.. water "glssiXi-$ 2 Here) 


whence f= —19°2 cms. 
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4. A sphere of glass 6 inches in diameter, contains a small aù 

b e > all air bubbl 
pe appears to an eye looking visus the surface, along ‘the radius of 
í x Hise to be 2 inches below. What is its true distance from the surface ? 


Ans. The refraction takes place in a spherical surface the conjugate relation 
cen E 
or which is #~ | ..&—1 y (Art. 112), Here, v=2 inches ; r=3 inches, 


v u r 
L4 3 
air glass=5: =h ..  gls"ai22 . .2 _1_ 2 1. 
Saad ae i 3 3x2 u 3x3 3 
Eut Beet TS 74 , T " ; 
Or) Totg c5 u-225 inches. Thatis, the true distance of the 


wed it lt? ape ae 
air bubble is 2°25 inches below the surface. 


115. Power of a Lens :—The power of a leus means its power 
of convergence in the case of a convex lens, or its power of diver- 
gence in the case of a concave lens. That is it indicates to what 
degree the lens can converge or diverge (as the case may be) an 
incident beam of light. The convergence or divergence, as the case 
may be produced by a lens, will be the greater, the shorter the 
focal length. So the reciprocal of the focal length (1 f) is taken 
to indicate the power ofalens. A lens having a focal length of 
one metre is said to possess Unit Power called a Dioptre. Accord- 
ing to the opticians, the power of a convex lens is positive and that 
of a concave lens is negative. 


So, to express the power of a lens in Dioptres, express the focal 
length in metres, get the reciproca! and change the sign. 

Thus, a concave lens of 100 cms. focal length has a power of 
- 1D, and a convex lens of — 50 cms. focal length has a power of 
1/5 - 2D. 

Note that according to the new conventions of signs the change 
of sign is not necessary [vide Art. 100 (II5)]. 


116, Two Thin Lenses in Contact:—(a) Let two thin lenses 
L,, L, of focal lengths 
fı and f, be in contact 
on the same axis, Let O 
be a point source of 
light on the axis and / 
be its image formed after 
refraction through the 
first lens L, (Fig. 136). 
Then, if u and v, be the 


ty 
distances of O and I’ fig, 136 
respectively from the 


" 1 1 = 1 m I 1) 
concave lens £,, we have, — — FT 
eo dua 

I' now serves as the object with respect to the second lens L, 


(convex) which, therefore, produces an image I”. The lenses being 
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thin, the distance of J’ from L, can be taken to be v}. Ify be the 
distance of 7" from the lens L,, we have, 


= mI ass (2) 


Now, considering the two lenses L, and L, together as equi- 
valent to a single lens of focal length F, we have, 


J-i = where u is the distatice of the object O, and v that of 


the image I" with respeet to the combined lens, 


3 I: wis id 
But on adding (1) and (2) we get, = - -=> +5 
n adding (1) and ( £5 RI 
lub 1 
Or, ==> +> one E (3) 
de TE? 
or, Feds. oe Us 4) 
one 


(b) In Fig. 137, L, and L, 
are two concave lenses in 
contact having focal lengths 
fı and f, respectively. 
Suppose for the object g. I 
is the virtual image formed 
by the lens Z,. This virtual 
image serves as object so far 
as the lens L, is concerned, 
; by which the final virtual 

Fig. 137 image I'is produced. Pro- 
ceeding as in (a), it can be shown that if F be the focal length of 
the combined lens, 


(c) Proceeding as in (a) or (b) above, it can be shown for the 
case of two thin convex lenses L, and L, (Fig. 138) as well, that 
the focal length F of the equivalent lens formed by the combination 
of these lenses will be expressed in terms of their focal lengths f, 
and f, by the same equation, FE as in (a) or (b) above. 

1 2 

Extending the above result to a number of thin lenses ia con- 

tact we may:write in general, 


llgtet 
FRYERB i "ER R) 
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That is, the power of a combjned lens is equal to the algebraic sum 
of the powers of the component lenses. 


117. Equivalent lens :— 
Where a number of lenses is 
used to form the image of 
an object, a single lens which 
can produce the image at 
the same position and of the 
same magnification, may be 
termed an equivalent lens 
for the actual system of 
lenses used, When the 
lenses used are thin and are : Fig. 138 
in contact one after another, the power of equivalent lens is the 
algebraic sum of the powers of the component lenses, This has 
been proved in Art. 116. 

Example.—What is the power of a lens which, shen combined with a 


converging lena of focal length 23 cms., will produce a combination power 
of 2 dioptres ? 


Ans, The power of the convergent lens is 100/25 —4 dioptres. 
«e 2=4+p, where p is the power of the other lens, e p= —2. 
The negative sigo shows that the lens is concave andhas a focal length f, where 


22 i ie f=50 cms. 


118. Two thin coaxial lenses separated by a distance :—The 
focallength and the position of the equivalent lens correspond- 
ing to two thin lenses separated by a distance can also be deduced 
from the simple principle of image formation of a finite object 
bearing in mind the fact that the size of the final image formed by 
the equivalent lens must be the same «s that of the image formed 
vy the combination, But the positional correspondence of the 
two images cannot be attained in this case. 


Fig, 139 


In Fig, 159 O,M and O-N represent the positions of the two 
thin lenses mounted coaxially, O,O, being the axis of the system. 
PO is an extended object placed on this axis. From Pa ray PM 
starting in the direction of the principal focus F, of the first. lens 
O,M, will be parallel to the axis after refraction. It is incident 
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on the lens O,N at N, where it undergoes a second refraction and 
comes out along NR. A second ray PD falls on O, M and after 
refraction proceeds along the direction of the principal focus F, 
of O,N and meets the second lens at C. After refraction it emerges 
along CS parallel to O,0;, Produce SC to C, and produce RN 
to meet SC produced at P,. Then P,Q, represents the final 
image of PQ as cast by the combination, If this combination be 
replaced by a single equivalent lens the size of the image formed 
by it will be equal to P,Q,. But this image will not be formed at the 
same position, Now if PD be produced to F, on the axis inter- 
secting CC, at E and if a single lens (the equivalent lens) of focai 
length F;L be now placed at EL replacing O, M and O, N, then 
since the ray PE proceeds along the focus, after refraction it 
passes along ES. Another ray passing along the optical centre of 
EL proceeds along PL. The point of intersection of PL and CC, 
gives the position of the image formed by EL. It is evidently of 
the same size as P,Q,. This image is shown in the figure as pq. 
So the lens EL satisfies the condition of the equivalent lens aud 
F,L is its focal length, which can be evaluated from the geometry 
of the figure. 


Let a separation 0,0, between the component lenses, 
f, focal length of Q,M —O,F,, 
fo=focal length of O0, N —O3F,, 
and F —focal length of the equivalent leas= F4L 
Now in similar As F,EL and F4DO,, 
TATIONE Ve] E E HO C 
F0, DO, DO, (Q pq—-P,Q, 2) eee (1) 
Again in similar As F,CO, and F,DO,, 


god P NM jim 2 
F,0, DO, e 

Equating L.H. sides of (1) and (2), 
Fw fe_; or, EE a xPO) Rave 


FO Sf icra? $ fia 
As is evident from the figure, F, is the point image of the point 
object Fs formed by the first lens. 
FE VENI 1 1 Der u and v care 
RUE, or. +a) FO, both negative here 
VN pee Pes faa A. (4) 
F40, fh fata ffs a) m 
Po RAS +a) 2 
Substituting in (3), F— f x fife Se 
e (faa) fitfata fitfia 
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, When both lenses are convex, f, and f, are both negative and 
Fisalso —ve. Hence the relation (5) takes the form, 
^ bilis: 
F fi 2 fifa : 
. The position of the equivalent lens is evidently at a distance LO, 
behind the first Jens, 
Now, LO,«F,O, -F,L-JiUata otis | vee 
bes a sohitfata ithe ith ba 


Hence the equivalent lens must be placed at a distance 
n behind the first lens facing the incident light. 
2 


Remember- (b) For two lenses, the points Q, and Q are 
called the first and second principal points respectively and the 
planesP,Q, and PQ perpendicular to the principal axis are called 
the first and second principal planes, respectively. 

(2) The image distance is measured from the second principal 
plane, PQ. Hence, the image distance V— v4- f, 

(3) The object distance is measnred from the first principal 
plane P,Q,, and U- u-«. 


(4) For the equivalent lens, E y (new convention of 


signs ) ; 


Fig. 140 


(5) Ifa second medium of refractive index / is placed in 
between the two lenses, then d will be replaced by d/u:; 


L Jae dM SEI 
EE dfi qe © ofa 
(6) If the two lenses are in contact, then d —0 ; and 
TE 
HAUTE 


vou. 11 (5)—10 
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119. The Dioptremeter ;—It is a handy instrument commonly 
used by all opticians for quick measurement of the optical power 
of the surface of a lens. Its shape resembles that of a pocket 
watch, It has a dial at its front on which a hand rotates in anti- 
clockwise direction (Fig. 141). 


Two pins 4 and B of equal 
length and whose tips are at the 
same level are fixed at its bottom 
and centrally between them lies a 
third pin O of greater length pro- 
truding below the common level 
of the tips of 4 and B. This third 
pi^ O, which can be pushed in. 
has a carriage mounted on it pro- 
vided with a toothed vertical arm 
engaging with a miniature wheel 
placed at the centre, The rota- 
ting hand P of the instrument which 
is attached to the wheel, turns in 
an anti-clockwise fashion when the 
central pin O is pushed in against 

Fig 141 the motion of two springs which 
control the vertical movement of the carriage. 

When not in use the pointer is vertical and reads 10 as shown 
in the dial. By pushing in, as the pin is raised to the level of the 
tips of 4 and B the pointer moves to the zero mark at the bottom. 
Thus up to the stage the central leg lies below the level of the tips 
of A and B, the instrument corresponds 10 a spherometer when 
placed on a concave surface. The only difference betwen them 
is that here in this instrument there are two legs instead of three as 
in a spherometer. If the central pin is pushed still further, i.e., 
above the level of the tips of 4 and B (by placing the instrument 
on a convex surface), the pointer will swing to the right half of the 
dial from 0 to 10, When the three pins will lie on a plane surface, 
the pointer will read zero, 

Thus, it is to be noted that this instrument acts as a sphero- 
meter, the function of the screw being done by a rack and pinion 
arrangement and the springs make the instrument automauc in 
action. 

Theory.—The working formula of spherometer is given by, 


Shit 

=at 

à 2h 2 
where R-— radius of curvature, S~ distance between the central pin 
and any of the outer pins, an h=the verncal distance through 
which the central pin is above or below the plane of the ups of the 


outer pins. 
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when his negligible compared to zu 
h 


2i 
SAI MITE 2h 
Roo) R SY 


1 : : š 
or, i h, since a is a constant of the instrument, 
Again, the dioptric power D of a surface is given by 100/f, 
where f, the focal length for the refracting surface is measured in 


centimeters (Art. 162), f being given by pta 
r 


(with usual notations). 
For a glass surface, #=1'5, and so, 


~ 100 15-1) 50. 
D- 7-100 (== -2 


, 


or, D= 50x24, where 5 isa constant of the instrument, Thus 
the contribution to the dioptric power of a lens by each of its sur- 
faces can be obtained from the reading of the instrument, and from 
this the dioptric power of the lens can be calculated. 

120. Practical Determination of Focal Length of a Lens :— 

(A) CONVEX LENS 

1) Direct Method.—Point the lens towards a distant object, 
say, a window at a large distance or, better still, the sun ; and 
move it towards a white wall or a paper screen held behind it until 
a very bright image of the object is obtained. The distance from the 
centre of the lens to the screen gives the focal length of the lens. 

(2) U-V Method A convex lens Z (Fig. 142) is mounted on a 
suitable vertical stand. Place a 


lighted candle C on one side ofthe | L 
lens, and a white card-board screen / e nu 
S on the other side. Adjust the y grece Ue 
height of the candle so that the (] 
S 


flame is on the axis of the lens. 

Move the screen backwards and > 

forwards until a sharp inverted Fig. 142 

image of the flame is obtained on the screen. This will be possible 
when the distance of the flame is greater than the focal length of 
the lens. Measure the object and image distances from the centre 
of the lens with a metre scale, and find out the value of f by using 


the equation, igh eat where v is negative in the present case. 
vou 


Repeat this severai times for different values of u aud calculate 
the value of f for each pair of values of u and v, and then find the 
mean value of f. Draw a graph with u and v, ' The curve will be 
a branch of a hyperbola (Fig. 144). 
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The experiment can also be performed by exchanging the posi- 
: UAE tions of the candle flame 

H and the screen by two pins 

fixed on two stands. Look- 
ing at the image of the ob- 


m ject pin from the other side 
ofthelens, the position of 


i i L zh the image can be located by 

|o coe Image pin avoiding parallax between 
3 the second pin and the 
Fig. 145 image ofthe first pin (Fig. 143). 

(3) Focal Length from Graph.—(i) The graph obtained by 
plotting u and v ( using equal scales along the two axes) is shown in 
Fig. 144. This is a branch of a hyperbola. A line OP drawn 
from the origin O making an angle of 45° with the axis Xor Y will 
meet the curve at the point P. This is a straight line for which 
u-Y, The point P will be equidistant from the two axes X and 
Y. The value of the perpendicular distance (x or y) of P from X 
or Y-axis will be equal to 2f of the lens, from which f can be 
calculated (that is done the same way as in the case of a concave 
mirror, Art. 57). 

Note.—If, however, equal scales are not used on the two axes, 
or if one of them does not begin from O, then take two points on’ 
the graph having equal values for both the X and Y co-ordinates ; 
join them and produce the straight line to cut the curve at a point 
P, the perpendicular distance of which from both the axes will each 
be equal to 2f. 

(ii) Another Method 
of obtaining the value of Ni 
f from graph is to mark PeT FH 
off the values of u along 25 
one axis and the values cue 1 
of v along the other axis. | vat H 


The corresponding points 
on the axes are then d 
joined by straight lines 1s RHINO 
as done in Fig, 144 and s) 
if the construction is 
carried out accurately, 
all these straight lines 
should intersect at a rt f $ i 

single point R such that ^ SHE OPE 
OR is inclined at 45° to A CAERS 

the axes. The perpendi- PRN Bur 
cular distances of this 1 
point from each of.the Values 9st 

axes ie. the co-ordina- Fig. 144 
tes, of the common point, give the focal length f (92 in Fig. 144). 


Lan 
d 
- 4 
LT 
5 
x 


Values 0l 
F 


a 
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Proof.—Consider any of the triangles (Fig. 144) like 13°5, 0, 
28°5. Area of the whole triangle=sum of the areas 13:55, R, O 
and 28°5, R, O. 


The area (13:5, O, 28°5)=3uv ; area (135, R, O)=}fv; and 
area (28:5, R,O)=dfu. ~. duv=)futafr ; 


or, L2 4! ; this is true. 
y u 


f 


..._ The co-ordinates of R are (f, f), and the point lies on the 
line joining u and v. t 


(iil) Draw.another graph of l/u against 1/v. The graph will be 
a straight line as in Fig. 56, Find the value of f from the graph in 
the same way as done in the case of a concave mirror where the 
graph cuts each axis at a distance equal to 1/f. 


(iv) Another graph may be drawn by plotting the values of u 
on the X-axis and (v+u) on the Y-axis. The graph is like Fig. 107. 
It will be seen that (v+u) is the distance between the object and its 
image, and from the graph it is evident that this distance diminishes 
rapidly as u increases, reaches a minimum value and then increases 
again. The value (v+u) is minimum, i.e. the object and its image are 
closest, when each is equal to 2f from the lens, or in other words, 
their distance apart (v+u) is 4f [vide Displacement Method (5). 
Note (ii), below]. So the values of the co-ordinates of the minimum 
point A’ of the graph are 2f and 4f, that is OA (or, u)=2f, and OD 
(or, v+u)=4f in Fig. 107. Thus f is found. 


(v) Draw a graph with v/u (i.e. the magnification) along the 
Y-axis and u along the X-axis, This wili be a curve like Fig. 144. 
From the point on the Y-axis, whose value is 1 (i.e. where v[u- 1), 
draw a straight line parallel to the X-axis, This will cut the curve 
at.a point (like P in Fig. 144). From P drop a perpendicular on the 
X-axis, the value of the intercept (or u) will be equal to 2f. For, 
the value of the Y-co-ordinate of the point P is 1; or v/u—1 ; or 
v=u, But when y—u, we know that each is equal to 2f, so u—2f. 
Thus f is found, 


(4) Plane Mirror Method.— Another simple method is to place 
a plane mirror upright behind the lens L mounted on a stand (Fig. 
145). A pin P is clamped in front of the lens with its tip very 
nearly on the principal axis of the lens. The pin is then moved 
backwards and forwards in front of the lens until, say, at PQ, there 
is no parallax between the pin and its inverted image P'Q'. 


The position PQ gives the focusof the lens, For, the rays diverg- 
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ing from the object at this position will be rendered parallel to the 
axis after emergence from the 
lens, and will be incident nor- 
mally on the mirror but will be 
reflected along the same path 
and, after refraction by the lens, 
will converge at the same posi- 
tion. 

The distance of the pin PQ 
at this position from the optical 
centre of the lens will give the 
focal length of the lens. For an 
equi-convex lens, this distance 
is equal to the distance of the 
m from the first surface of the lens plus half the thickness of the 
ens, 

The distance of the lens from the mirror is immaterial, Sothe 
plane mirror may also be placed on a horizontal platform and the 
lens placed on it, and pin attached horizontally to a vertical stand 
may be adjusted in height until a real inverted image coincident 
with the object-pin is found, 

(5) Displacement Method.— 1f in the u- v method (Art. 1202] 
the screen and the object are placed apart at any fixed distance 
E greater than 4 times, the 
TT _Obiect focal length of the lens, it 

$ will be found that there 
are two positions Lj, Ly, 
of the lens (Fig 146) 
[corresponding to uy and 
u,] for each one of which 
a sharp, real (inverted) 

Fig. 146 image is obtained on the 
screen. If d be the distance between the object and the screen, 
and x tbe distance between the first and the second position of tbe 
lens, called the displacement of the lens, the focal length of the lens 
is given by the relation, 


Mirror 


Fig. 145 


cde xí x*, 
f 4d 


Proof.—We have, += 3 +i in the case of a real image formed 
v 


by a convex lens... uv — f(u-- v) - fd ses ASA D 
In the second position, when the lens is shifted through x, 


we have similarly, (u+ x) (v—x)=fd ; 


LENSES. 151 


or, uv-c(v-u)x—-x*-—fd; or, (v-ux-x?=0, since uv fd, 
from (1) ; or, x—v - u. But (v - u)? 2 (v u)* — 4uv i.e. ade 1) 
(7 v-u=x, vtu=d, and uv fd). 
[21 =x". 
4d 
. Nete-(i) This method does not involve any error due to any 
exon knowledge of the position of the optical centre of the 

ens. f 

(ii) Since x*— d? — 4fd, we have x= vd” - 4fq. 
If x is to be real, d? —4f4, i.e. d 4f. 

i Tiere for the success of the displacement method, the 
Object and the screen must be placed at a distanc : 
times the focal length of the lens. pes esa 

(iii) It should be noted that a limiting position is reached, when 


the two image positions coincide, ie. when x=0, then (ote 

: 4d 4 

or, d=4f; in this case, there is only one position of the lens giving 
a real image. 

(6) The focal length can also be calculated from the formula, 


1 SEE 
po sz] [Eq. 5, Art. 114] 


by measuring the radii of curvature of the two faces of the lens by 
a spherometer, knowing the value of #, the refractive index of the 
material of the lens, and giving proper signs to r, and r}. 

120. (a) Radii of curvature of the faces of a convex Lens :—The 
two principal methods are— 

(1) By a Spherometer —The method is described in Vol, I of 
this book | Vide Art. 18(c) Part 1], 

(2) Determination of the radii of curvature of the surfaces of a 
convex lens by Boy's method. In this method the lens is floated on 
the surface of a pool of mercury in 
order to increase the internal reflec- 
tion of the lens surface B whose 
radius of curvature is to be deter- 
mined. A strongly illuminated pin O, 
is held horizontally above the lens 
ona vertical stand. Thé position of 
the pin is adjusted till it coincides 
with its inverted real image formed 
by the rays reflected from the mer- 
cury. glass interface. The light from 
Q is now reflected back along its own 
path and as such it must meet the 
surface B normally. So the refracted Fig. 147 
rays inside the lens appearto diverge 
from C, the centre of curvature of the lower surface B (Fig. 147). 
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Since the incidence is normal at the surface B, the absence of the 
mercury pool would not alter the situation, the emergent rays still 
appearing to diverge from C as usual, 

Thus the lens in the adjusted position of the pin forms a virtual 
image of the pin at C. Let f be the focallength of the lens pre- 
viously determined. Now, 

object distance, u= --O40 

and the image distance, y=O,C=r, the radius of 

curvature of the surface B (to be determined). 
Putting these values in the general formula of a lens, 


7 -L- $ we have, 
Ped uh, iso b ud 
d UE py ne 
Hence, Hs er 


Thus r is determined for the surface B. Similarly the radius 
of curvature of the other surface can also be determined. 


Note: (1) The refractive index ~ of the material of the lens 
can be determined from the relation E =("—-1) es EL by subs- 
f rong 


tituting the values of r,, ra and f with their proper signs. 
(2) Here the lens acts like a spherical mirror. 


` (B) CONCAVE LENS 


(1) Focal Length of a Concave Lens by Plane Mirror.—A pin 
with its tip on the axis of the lens is taken as the object 


O (Fig. 148) It is placed 
in front of the concave lens 
L and. a virtual image 
appears to have been for- 
med at J, whose position can 
be located by using a pin P 
and a plane mirror M cover- 
ing half the aperture of L, 
Fig. 148 the image P' of P beingmade 
coincident with J, Distances 
MP=d and ML=x are measured. Then u=+OL and v=IL=I1M 
-LM=+(d - x) (virtual image). 


Substituting in l2 -b we can find f. 


P^ 
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and u, y and f are positive for a concave lens, 


x Five different values of y can be determined with five correspond- 
ing values of u, and by plotting a graph of u and v, we can find f. 


(2) Focal Leñgth of a Concave Lens with the help of a Concave 
Mirror. —The object O is placed in front of the lens behind which 
is kept an adjustable concave 
mirror M. The principal ` 
axes of the lens andthe mirror 
should coincide. The rays 
incident on the lens after re- 
fraction proceed in. directions 
shown in the figure and a 
virtual image is formed at J 
(Fig, 149). Now if by adjust- 
ing the position of M, it is Fig. 149 
found that a real inverted 
image is formed at O, the distance MI shall be equal to the radius 
of curvature (r) of the mirror, which is known. 


Now measuring the distance MC and CO we can get u and v. 
because, w= +CO and y=Cl=MI-MC=+(r-MC). 


Substituting in the relation, Ta l.l we get f. 
v uf 


(3) Combination Method.— The image in the case of a: concave 
lens being always virtual, cannot be received on a screen. In'order 
to get a real image, the given concave lens is combined in this 
method with a suitable convex lens i.e. a lens of greater. power, to 
render the whole system converging. After this, proceeding just as 
in the case of a convex lens, the focal length of the combined lens 
can be determined. 

Now, knowing the focal length of the convex lens used in the 
combination, the focal length of the concave lens can be deter- 


mined from the vidas s ads where f, is the focal length of 


Ff, fa 
the convex lens, and f, that of the concave lens. With proper 
signs it becomes, 
1 lub Tasas, d 
IE WC EE Of, x TESTE 
pa pf. dies Np, EIER. 
Note.—ti) To geta real image with the combination, the focal 
length of the convex lens should be less than that. of the concave 
lens, i.e. the power of the convex lens should be greater. 
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(ii) 1f P, P, and P, represent the powers of the combined lens, 
convex lens and the concave lens respectively, the above equation 
is given by, P— P, --P,. 

(4) Auxiliary Lens Method.— When the power of the convex 
lens is less than that of the concave lens, it will not be possible to 
receive an image on the 
screen. when they are 
combined as in the 
above method. In this 
case a sharp image Q, 
ofthe source P is first 

Fig. 150 of all obtained on the 
screen by the convex lens L, (auxiliary lens) alone, or the position 
of the image is located by placing a pin at Q, and avoiding 
parallax as explained before (Fig. 150). Keeping tbe positions of 
P and L, fixed the given concave lens L, is then interposed be- 
tween L, and Q,, and a new position of image is obtained at a 
somewhat greater distance Q,. This is due to the fact that the 
converging rays after passing through the lens L, fall on the lens 
L, by which they are a little diverged. 


Reversibly, rays of light from Q, will appear to diverge from 
Q, ; hence Q, may be considered as the virtual image of Q, with 
reference to the lens L, where L,Qo=u, and L;Q, —v, both u and 
v being positive. Hence f is calculated from the general formula 
for a lens, and will be positive in value. 

Note that the image Qs will be obtained only when the distance 
L,Q, is less than the focal length of the concave lens L,, other- 
wise the light, after passing through Lo, will diverge froma point 
behind L,. 


. Questions 


i. What is the difference in the behaviour of a lens and a prism ? 
(Pat. 1937) 

2. What is meant by ‘the optical centre of a lens’? Show that the optical 
centre of a lens divides its thickness in the ratio of the radi of curvature. 
(R. B. 1949) 

3. Anelectric light is distant 6 ft. from a wall A convex lens gives 

a sharp image of the light oa the wall, when it is held 2 ft. away from 
the light. A s:cond sharp image is obtained on the wall, when the lens 
is held 2 ft. away from the wall. Determine the focal length of the lens 


and compare the magnifications produced in the two positions of the lens. 
(C. U. 1949) 


[Ane : Jait; Ij: HR 24:10] 
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_ ^. Show that, in a real image formation with a convex lens, the minimnm 
distance between the object and its image is 4f. 


_5. A rod 5 cms, long is held in front of a convex lens and forms an image 
25 ems. long upon a screen (placed parallel to the rod) at a distance of 100 cms, 
from the lens. What is the focal length of the lens ? (C. U. 1918) 


(4ns.: f=—163 cms.] 


6. An object 6 cms. high is placed at a distance of 40 cms. from a thin 
convex lens and an inverted image of height 4 cms. is formed on the other side 
oftheleos. Find the focal length of the lens graphically. Verify your result by 
calculation. (Dac. 1934) 


{Ans.¢ —16 cms] 


7. The real image formed by a lens is twice the size of the object and 18 
cms. from it. Find the focal length of the lens. 


Deduce the distance between the object and the image when the image is haif 
the size of the object. (C. U, 1947) 


[Ans.: f=6cms.; D=27 cms.] 


8. A convex lens of focal length 12 cms. and a concave lens of focal length 
10 cms. are placed co-axially at a distance of 10 cms. from each other. An object 
which is nearer to the convex lens on the common axis of the two lenses, is 
placed 45 cms. away from the convex lens, Find the position, magnification and 
nature of the final image formed. (Pat. 1942) 


[Ans.: The final image distance is—15 cms. with respect to the concave lens 
and away from the convex lens ś.e., it is nearer to the concave lens ; magnification 
==5/6 ; real, inverted] 

9. An object is placed in front of a convex lens so that a real image of the 
same size is obtained. It is then moved 16 cms. nearer to the lens, when the 
image sull real is three times as large as the object. What is the focal length of 
the lens ? (U. P. B. 1949) 

[Ans.: 24cms] 


10. If an observer's eye be held close to a convex lens of 3 cms. focal 
length to view an object at a distance of 25 cms. from the lens, show that the 
magnifying power is 6. Illustrate your answer by a neat diagram. (C. U. 1931) 


11. Pind the size of the image on the squared paper provided, the size of the 
object (placed symmetrically with its centre on the axis) being 5 cms. and its 
disatnce 30 cms. from the lens. (The focal length of the lens=10 cms.) 

(C. U. 1914) 
[Ans.: Size of the image-2:5 cms.] 


12. A convex lens of focal length 10 cms. is made to approach a rod of length 
5 cms, placed perpendicularly to the axis of a lens. Show by means of typic 
diagram drawn to scale (on the squared paper provided), the changes jn the nature 
and size of the image. (C. U. 1912, 16,17, 719 ; Pat. 1921) 


13. Investigate with the help of diagrams, the conditions for the formation 
of (a) real image, (b) a virtual image, by a plano-convex lens. 


ints. Proceed as in the case of a double convex lens, for a plano-convex 
lens behaves like a double convex lens.) 


14, A circular disc 1 inch in diameter is placed at a distance of 2 ft. froma 
convex lens of 1 ft. focal lengtb, Where and of what size will the ime ae 


[Ans.: 2 ft, behind the lens, 1 inch dia.] 
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15. You are provided with a lens of 6 inches focal length and a screen 
1B ft. square, and are required to form an image of a lantern slide 3 inches 
square so as just to fill the screen, Where must the lens and slide be 
placed ? (C. U. 1951) 


[Ans.: 80-5 ft. from screen; slide 6-1 inches from lens.] 


16. A convex and a concave lens each of 10 inches focal length are 
held co-axially at a distance of 5 inches apart. Find the position of the 
image, if the object is at a distance of 15 inches beyond (a) the convex 
fens, (b) the concave lens. 


[Ans : (a) 168 inches in front of the concave lens; (b) 110 inches 
behind the convex lens.] 


17. An object 1 cm. high is placed 1 metre in front of a concave lens. 
A convex lens is placed co-axially 5 ems. behind the concave lens. Both 
the lenses are of 10 cms. focal length (numerically). Determine. the 
position and size of the final image. (C. U. 1952) 


[Ans. : $-310/9 cms. behind convex lens ; $ cms.) 


18. The image of a pin is found to coincide with the pin itself when 
it is placed at a distance of 25 ems. from a concave mirror. Then a 
concave lens is placed between the pin and the mirror at a distance of 
20 ems. from the mirror; the image again coincides with the pin, when 
it is moved to a distance 35 ems. from the mirror. Find the power of 
the lens. (Utkal, 1947) 


[Ans. : 138 D] : 

19. An object is placed at a distance of 2f from a convex lens of 
focal length f. The rays, after traversing the lens, are reflected from 
& convex mirror and again refracted by the lens forming a real inverted 
image coincident with the object. If the distance between the lens and 
the mirror is a, show that the radius of curvature of the mirror is 2f —a. 

(Dac. 1927) 


20. You are given a lens through which you can look but which you 
are not allowed to handle. What tests would you apply in order to 


-determine if it is concave or convex? (Pat. 1929, '40) 
921. Obtain a general formula for refraction at any single spherical 
surface. Hence prove the formula for a thin lens. (All. 1946) 


22. The radii of curvature of the surfaces of a double convex lens 
are 20.cms..and 40 ems. and its focal length is 20 cms. What is the 
refractive index ef glass ? (C. U. 1935) 

[ Ans: 1:667] 

23. A small air-bubble in a sphere of glass 4 inches in diameter 
appears when looked at such that the bubble and the centre of the sphere 
are in a line with the eye, to be 1 inch from the surface. What is its 
true distance ? (4=1°5) 


[Ans.: 1:2 inch from the surface.] 


24. A small object is enclosed in a sphere of solid glass 7 ems. in 
radius. It is situated 1 em. from the centre and is viewed from the side 
to which it is nearest, Where will it appear to be, if the refractive index 

-of glass is 1-47 


[Ans.: 5-67 cms. from the viewing side.] 


25. A combination is formed by a convex lens of focal length of 5 cms. 
placed in contact with a concave lens of focal length 10 ems. Rays from 
an object placed at a distance of 16 cms. from the combination pass 
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through it and fall upon a concave mirror of radius 200 cms. placed 5 cms. from 


the combination. Find the final position of the image. (U. P. B. 1947) 
26. Two lenses of powers —l'Sand +25 dioptres are placed in contact. 
Find the power and focal length of the combination. (Del. U. 1942) 


[4ns.: 1D; —100cms.] 
27, Draw a graph showing the relation between the positions of object and 
image in a convex lens from the following observations : 
um 18:8, 20:9, 22, 24, 26, 28, 30. 
v=41'5, 3355, 30, 27, 25, 22, 20. 
Hence find the focal length of the lens. 
[Ans.: 13 cms] 
28. Draw a curve showing the relation between the distance of an object and 


that of its image as measured from a lehs, as the distance of the object is progre- 
ssively varied. Take, for simplicity, the case of a convex lens of negligible 


thickness. (Pat. 1923) 
29.. Mention the methods for determining tbe focal length of a converging 
lens, and describe one of them giving reasons for your choice. (R. U. 1952) 


30. A luminous source and a screen are placed at a fixed distance apart along 
ascale, and a convex lens can be moved between them. Explain how you will 
utilise this arrangement to determine the focal length of the lens, Ifa and b be 
the sizes of the image for the two positions of the lens, show that the size of the 
object is equal to Jab. (All. 1925) 

[Hints, Vide Art. 120a(5). Lets be the size of the object. Thenin the first 
position s/a=u/v ; or, s=a X u|v ; and in the second position s/b=v/u ; s=bXv/u ; 
+, at=ab ; or, s™ Nab] 

31. Explain with diagrams how you would find the focal length f of a 
convergent lens by the displacement method. 


Establish the formula, f- 1 =?" , where d=distance of the source of light 


from the screen, and x=distance between the two positions of the lens. 

d (R. U. 1950) 

32. A luminous object is kept at a fixed distance from a screen, and with the 
help of a convex lens an image is obtained. The lensis then moved and another 
image is obtained on the screen. (a) If the distance of the object from the screen 
be 9 in, calculate the focal length; (b) if the sizes of the images be 2 and 8 
inches, calculate the size of the object. (AL 1931) 


(Hints. Vide Art. 120a (5). The size oj the object— 2x8—4 in. Again 
v|u-8/4-2, or, v=2u. We have, v+u=9 ; or, 2u+u=9;,or, u—3 in. and 
v6 in. Hence f=2 in.| 


CHAPTER VI 


Optical Instruments : Defects of Vision 


121. The Simple Microscope : - If an object be placed between 
a convex lens and its principal focus, an erect, magnified and 
virtual image will be visible to an eve placed behind the lens, The 
convex lens, thus used forms a simple microscope This is popu- 
larly called a Magnifying Glass or a Reading Glass (Fig. 151). 


An object becomes visible when it forms 
an image on the retina of the eye. The 
apparent size of the object is proportional to 
the size of the image formed on the retina, 
and the size of the image depends upon the 
angle subtended at the eye by the object. It 
should be clearly remembered that for the 
greatest advantage in vision. the angle sub- 
tended at the eye by the object should be as 
large as possible. "This angle increases as the 
object is brought nearer to the eye and so 
the object appears to be larger. But as we 
cannot see objects clearly when too near the 
eye, there is obviously a limit to the distance 
up to which an object can be brought near 
the eye, if clear vision is to be obtained, 
Bi y This distance is known as tne least distance of 

ig. 151 a T 
Reading Glass. distinct vision (D). For the normal eye it. 


is about 25 cms 

In Fig. 152 OQ' represents the least distance of distinct vision, 
So an eye without the aid of 
a lens cannot clearly see au 
object placed at Q. For 
clear vision the maximum 
angle subtended at the eye 
by an object ig when placed 
at Q'. If the object be 
brought nearer, the subten- 
ded angle would be larger, 
SP pam rad Tig. 152— The Simple Microscope. 
vision OQ' is the least distance, But it will be clear from Fig. 152, 
that by the aid of the lens L, the image of PQ is formed at PQ’, 
and that both the object and the image subtend the same angle at 
the centre of the lens, i.e at the eye placed close to the lens. So 
the image appears both distinct and magnified. Thus the effect of a 
simple microscope, or 2 simple magnifying glass, is to enable an 
object to be brought very close to the eye when the image formed 
is magnified and yet to be distinctly visible. 
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Magnifying Power. —It is defined as the ratio of the angle sub- 
tended at the eye by the imqge to that subtended by the object when 
placed at the least distance of distinct vision. 

For distinct vision the angle subtended at the eye by the image 
= ZP0Q'=tan Z P'OQ' (the angle being small is taken as propor- 

i fi z 
—— (Fig. 152). 
Similarly, the angle subtended by the object when placed at the 
least distance of distinct vision = Z P,OQ' —tan Z P,0Q* 

.,P.Q' _ PQ _size of object 
“O00 00 D 
Therefore, the magnifying power, according to the definition, 


ERO PO. [PO = swe of image v po. tens -L d 


"OQ OQ PQ ‘size of object u 
Multiplying every term by v and transposing, Lies fiestas Since 
u 


tional to the tangent of the angle= Qe 


the lens is convex and the image is formed at the least distance of 
distinct vision, we have, v=D, and f is negative. 


v 
m Lr 


The magnification in the case of a simple microscope is limited 
because a powerful lens must be thick and very thick lenses cannot 
produce sharp images and the images are also curved and distorted. 

Best position where the eye is to be placed.— If the distance of 
the eye from the lens is a, the magnifying power will be given by 


LI 


From this it is clear that the best position of the observing eye 
will be when m is maximum, i.e.a=0. In other words, the eye 
should be placed as close to the lens as possible, 


ACHROMATISM OF A MAGNIFYING GLASS 


With a magnifying glass different coloured images should be 
produced due to dispersion, But if the eye is placed very close 
to the magnifying glass, no such chromatic error is produced. 
Since corresponding points of the image and the object and the 
centre of the lens (e.g, P' P and O in Fig. 152) lie in the same 
straight line the visual angle subtended at the eye by the red 
image is the same as that subtended by the blue image. The 
same is the case for every other colour. Thus the images. of 
different colours subtend the same visual angle at the eye and are 
of the same size, Therefore they superpose on each other on the 
retina and the image seen is achromatic. 

122. Field of view :—Through every optical instrument a 
definite field of view is obtained, which is expressed as the angle” 
subtended by the extreme portions of the field at the instrument, 
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tion of à for an eye of which the least distance of distinct visionis 25 cme. 
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Example.—Find the focal length of the lens which would producc a magnifica- 


kind of lens ta tt ? 
Ans. Here v/u—5,; 25]um5. .". i u=5. 


la Wes rca 


Then, j -27.3575! 


whence f= —6'25 cms. 


What 


The negative sign means that the lens is convex. 
123. Magnification and Magnifying Power compared :— 


Magnification 


Magnifying Power 


l. 


The ratio (I/O) of the size = 1. 


the image to that of the 
object, is, called magnifica- 
tion. 


Terms of magnification, 
(a) real or virtual, 
(b) large or small, 
(c) by the image formed by a 
convex or a concave lens. 
Linear magnification, 
I/O —v[u and increases with v- 


The value may be between 
— ^o and+ce and is depends 
on f. 5 

The real image can be cast 


on a screen. 
tion is larger with larger v, 


because the image on the | 


screen (as on cinema screens) 
may be shown from very 
near the screen to a fair 
distance. 

Magnification does not 
depend on the position of the 
observer, moreover it 
depends on the actual 
enlargement, 

It is equal to the magnifying 
power, on some conditions. 


3. 


The magnifica- | 


a 
4. 


3. 


The ratio of the angle sub- 
tended at the eye by the 
image to that of the object, 
when placed atthe least dis- 
tance of distinct vision. 
Terms of magnifying power, 
(a) virtual, 
(b) magnified, 
(c) mainly by the image 
formed by convex lens. — 
The angular magnification 
according to’ the object 
Olu _D 


y= Ojb^ p Whose 


numerical value is equal to 


D 


f 


The value lies between D/f 
and 1+D/f, so it depends 
on f. 

The linear magnification has 
no influence on it. Larger 
images will be formed at 
greater distances, so the 
angle subtended by it at the 
eye will not change. On the 
contrary it may be smaller. 


distance, 


and increases as v decreases, 


Depends on the position of 
the observer, Also it depends 
on the power of vision of the 
Observer (the least distance 
of distinct vision D). 

If v—D, it is equal to the 
magnification. 
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124. The Eye-pieces or Oculars :—In optical instruments like 
telescopes and microscopes the objective or the lens system facing 
the object casts .an image of that object on the other side of the 
lens system and an eye-lens, placed very close to the eye, finally 
magnifies this first image and serves the purpose of asimple magni- 
fier. But with a single eye-lens it is not possible to receive all the 
rays from the first image because the eye-lenses are of small 
apertures so that all rays passing through them"may not enter the 
pupil of the eye. If the diameter of the eye-lens be made larger, 
then rays passing through the outer part of the cye-lens would not 
enter the pupil of the eye. This diminishes the field of view of 
the instrument. So in order to increase the field of view and hence 
to make all the rays from the first image to pass through the eye- 
lens, an additional lens of comparatively larger aperture known as 
the field-lens is to be placed in between the objective and the eye- 
lens. This field-lens together with the eye-lens forms an eye-piece 
or Ocular. Three different types of arrangements of lenses are 
generally made in eye-pieces. k 


125. Huygens’ Eye-piece :—It' consists of two plano-convex 
lenses of the same kind of glass with their curved faces turned 
towards the object. Both the chromatic and the spherical 
aberrations have been ingeniously reduced to nearly a minimum 
value by the proper choice of the focal lengths and the separating 


Fig. 153 


distance of the component lenses. The focal length of the field- 
lens is thrice that of tbe eye-lens. In Fig. 153, F and E respecti- 
vely indicate the field-lens and the eye-lens of the ocular. Let 
fı and f, be their respective focal lengths. In order to avoid 
lateral chromatic aberration, the separation, d, between these two 


lenses are made equal to d— ath, Again for minimum spheri- 
M 


cal aberration, d — f, - fa. 
Vor. (11).—11 
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to Fig. 154 an incident ray PQ, parallel to the axis of the lenses 
F and E forms an image at N, the focus of the lens F. But the 


PQ final image is formed at O, 
aaea É by the lens E, of which EN 
is the virtual object. To re- 
move spherical aberration, 
the angle of deviation, 
ZLQM=ZNMO=8, 
and ZLOM= Z MNO-—6, 
*. PL is parallel to FN. 
.. LNMO- Z MNO-0, 


Fig. 154 


So, MO=ON. 
again, ^. M is very close to E, it may be taken that, OM =OE, 


ON-OE, or, ON - 0E. 
For the eye-lens E, EN =u, OE=v and the focal length — f;. 
u 1 | eee Pe) ae ING | 


" QE EN fs ^o» uf 
esent ista, 

E eure Cy f= but FN= 
or, EN EN gue f2=EN, bu fa 


/'. -the distance of separation between the lenses F and E is 
d-FE-FN-EN-f, -f;. 


Hence, f, - f: athe ; 


or, f,-3f, Se 
sca, 


Thus the separating distance is to be made equal to 2 


jn order that both the aberrations are minimised. The equivalent 
er un used d 

focal length of the ocular is given by the relation, 4, —— +r trr’ 

m f Pg RR 


As both f, and f, refer to converging lenses they are negative. 
ARIES o e a. 2 
UR 3f. fa Sats 3f. 
The negative sign shows that the system acts also as. a converg- 
ingone. The equivalent focal length being numerically equal to 


3 
F-zfa- 

2 2 

When the instrument, to which the ocular is attached, is 
focussed for parallel rays, the rays emerging out of the eye-lens 
must be parallel. So the position of the first image formed by 
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the objective should be such that the second image formed by the 
field-lens is at a distance f, from the eye-lens (i.e, in its focal 
plane). Thus Eg; must be equaltof,. But as EF=d =2f,. Fg, 
is also equal to f, numerically. Let u=(Fq,) be the distance of 
the first image formed by the objective from the field-lens. 


Now since =- --l and f, = -—3f, (—ve, because converging), 
2 


V—Fq,— - f2, we have, 


EL pae apa let 
ARCA cle MES gs 


Thus the first image should be formed at p,q, ata distance of 
Le behind the field-lens which actually intercepts the rays from 


the objective and finally casts its image at Pag, in the focal plane 
of the eye-lens. 

The main advantages of the Huygens' eye-piece are that here 
field of view is increased and that both the lateral chromatic 
aberration and the spherical aberration are reduced to a minimum. 
The longitudinal chromatic aberration may also be avoided by 
using achromatic doublets for both the eye-lens and the field-lens. 


The main disadvantage of this ocular is that here the first image 
P.q, has no real existence and the first real image that we get is 
formed at p,q. So if at all a cross-wire is to be used for any kind 
of measurement it is to be placed at p,q, and will, therefore, be 
magnified only by the eye lens. So spherical aberration will creep 
in. As the cross-wire would not be magnified to the same extent 
by the eye-piece as the first image p,q, is magnified, true 
measurements are impossible. So generally Huygens’ eye-pieces 
are not provided with cross-wires excepting when the magnification 
is sufficiently low. In this eyepiece as the first image is formed on 
the negative side of the field-lens it is generally known as a negative 
eye-piece, It is used only to examine the image formed and not for 
any kind of work involving any measurements of angles or 
distances, ‘ 


126. Ramsden’s Eye-piece.—This eye-piece consists of two 
plano convex lenses of the same focal length with their convex sur- 
faces turned towards each other. The separation between the lenses 
is equal to two-thirds of the focal length ofeachof these component 
lenses. In Fig. 155, F and E respectively represent the field-lens 
and the eye-lens of a Ramsden eye-piece, In this eye-piece neither 
the spherical nor the chromatic aberration is reduced to a mini- 
mum possible value. For lateral achromatism the separation 


should be gates =f, where f is the focal length of each of the . 


164 INTERMEDIATE PHYSICS 


two lenses, But as this arrangement makes the final image blurred 
due to presence of scratch-marks or dust particles present in the 
field-lens (cf. Kellner eye-piece) which become highly magnified 
when the eye-piece is focussed for parallel rays, the separation has 


Fig. 155 


intentionally been reduced to ?f. Thus chromatic aberration is 
not completely eliminated in this type of oculars. Again the 
condition of minimum spherical aberration, namely d — f, — fe, is 
also not satisfied in this eye-piece. But inspite of these defects 
Ramsden eye-pieces are extensively used in optical instruments 
whenever actual measurements of distances or angles are involved. 
This is because in this type of eye-piece, a cross-wire or a reference 
scale can be used for the actual measurement of the image formed 
by the objective. 


When focussed for parallel rays, the second image cast by the 
field-lens must lie in the focal plane of the eye-lens. Let p,q, be 
' the position of this second image. 


Then Eg,-f. But EF-2. ~. Fqa=2 eif. But pig, 


is the image of the first image p,q, and it is formed by the field- 
lens. If the position of the first image be at a distance u (=Fq,) 


leel = PRISE 
from the field-lens, then E SE = Tu 9b uf Thus the 
first image formed by the objective should be in front of the field- 
lens at a distance 1/4 from the lens, As this first image p,q, is real 
and lies in front of the eye-piece a cross-wire or a scale etched on a 
glass plate can be conveniently placed there. This cross-wire or 
scale will be magnified by both the lenses of the eye-piece exactly 
to the same extent as p,q,» Thus an accurate measurement is 
possible with such an eye-piece, As the first image is on the 
positive side of the field-lens this eye-piece is called a positive eye- 
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piece. The equivalent focal length of this eye-piece will be given 


by thelrelation Woie Wee u 3e 32:2 4 


Pipe opinas: wc 
Fy F=-5f. 


The main advantages of this ocular are (i) that here the field of 
view is increased and the illumination of the image is made uni- 
form by putting a ring-stop (fitted with cross-wire) at the focal 
plane of the objective, which cuts off the ragged-edge of the field 
of view ; and (ii) tbat as a cross-wire or a scale can be fitted at the 
position of the image formed by the objective, accurate measure- 
ments are possible. The disadyantages of this eye-piece lie in the 
facts that neither the spherical aberration is reduced to a minimum 
nor the condition of achromatism is satisfied here. 

127. The Compound Microscope :— This instrument is used for 
producing much greater magnification than that possible with a 
simple microscope. 

It consists of two convergent lens-systems O and O’ (Fig. 156) 
placed co-axially in a tube at a distance from each other. The 
lens O is turned towards the object and is called the objective, while 
the lens O’ behind which the eye of the observer is placed is called 


p” M 

Fig. 156—The Compound Microscope. 
the eye-piece. The objective is of short focal length and short 
aperture. The eye-piece is also of short focal length but of wider 
aperture. It can be slided within the main tube whereby itsdistance 
from the objective can be altered. The microscope tube is fitted 
on a slider by which it can be moved as a whole towards or away 
from an object PQ. 

In an experiment, the microscope tube is so adjusted that the 
object PQ is placed just beyond the principal focus F of the objec- 
tive which thus produces a real, inverted and magnified image P'Q' 
of the object. The eye-piece O' is then so adjusted that the image 
P'Q' formed by the objective falls within the focal length of the 
eye-piece and the final image P'Q", virtual, magnified and inverted 
(erect with respect to P'Q' but inverted with respect to the object 
PQ) isformed at the least distance of distinct vision for an eye 
placed just beyond the eyepiece. 
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In the actual instrument, the objective and the eye-piece are 
each formed of a number of lenses so as to avoid the defectswhich 
result from the use of a single lens, namely the appearance 
of colour (chromatic aberration) and curvature and distortion 
together with the defects due to the image-forming rays 
from a given point on the object not 
converging to a point in the ‘image 
(sphericalaberration, coma and astigma- 
tism). In high power microscopes, 
used for biological purposes, there are 
usually two or three objectives of diffe- 
rent magnifications, any one of which 
can be used according to necessity with 
the same eye-piece. e 


The magnification in this case may 
be very large. The image is therefore 
considerably less intense and so there is 
an arrangement in high-power micros- 
copes to illuminate strongly the object 
by light reflected from a mirror moun- 
ted below the stage O(Fig.157) on which 
the object is placed. 


For measurements between parts of 
the image, compound microscopes are 
usually fitted with cross-wires. These 
d consist of two very fine fibres (spider 

Fig, 157 lines are best for this purpose) fixed in 
A Compound Microscope. ^ & metal ring in positions at right angles 
to each other. These cross-wires are placed where the image is 
produced by the objective (i.e. at P'O') so that the final image and 
the cross-wires are seen through the eye-piece simultaneously with- 
out any parallax. Asa matter of fact, in focussing an object, the 
cross-wires are first focussed (i.e. the distance of theeye-piece from 
the cross-wires is altered until the cross-wires are placed at the 
least distance of distinct vision) and then putting the eye-piece (con- 
taining the arrangement of cross-wires) as far wide apart from the 
Objective as possible in the microscope tube, the tube as a whole 
with the objective facing the object is adjusted in position until a 
distinct image coincident with the cross-wires (i.e. without any 
parallax with 1espect to the cross-wires) is obtained, 


Magnifying Power.—Magnification by the object glass, 
m, = Dg cu (without considering signs). The second magnifica- 


tion is due to the eye-piece and is obtained as in the case of a 
simple microscope by the following— 


] 
| 
| 
| 
| 
| 
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re m,=1+ H (where f is the focal length of the eye-piece). 

.'. Tbe total magnification, m P^Q"|F Q = P"Q']P'Q' x PQ'|PQ 
a ( Dv 
-m,xm,- +7 E 


Conditions for Large Magnifying Power.—The equation for 
magnification shows that m is large when, 
~ (i) wis small, which means that the focal length of the objec- 
tive should be small; (ii) f is small, which means that the focal 
length of the eye-piece should also be small ; (iii) v is large which 
means that the eye-piece and the objective should be separated as 
far as possible. 

Examples.—1. If the focal lengthe of object-glass and cye-piece of a microscope 
are 2 cms, and 5 cma, respectively, and distance between them is 20 cms, what te 
the distance of the object from the object-glasa when the image seen by the eye ta 
25 cme. from the eye-piece ? 

Ans. Eyepiece: Fere image for eye-piece is on the same side as the 
object. So wis positive, v=+25 ; f —5; u=? ' 

Then, A is whence u=25,6, 

Objective : v2 20- Seems, 3;f=—2 cms, ; u'=? 

1 ED ND, zm 
we w^ whence u’=2°29 cms. 

2. The focal length of the object-glasa of a micrcscope ta à inch, that of the eye- 
piece is 1 inch. Taking thc least distance of distinct vision to be 12 inches, find 
the distance betwecn the object-glaee and the eye piece when the object viewed 1a } 
of an inch from the object-glass. (Pat. 1942) 

Ans. Objective: u'=+$; fan}; v's? 

Then L-4--2 ; or, v=-3in. 

H 1 2 12. 
Eye-piece : v= +12; fm —1 ; u=? Then, -p= -1;or, “=l in, 


^. The distance between the objective and eye-piecems/ tums Ie 2Ta in. 


3. The objective of a compound microscope has a focal length of half an inch 
and ia placed at a distance of 24 inches from the eye-piece. What must be the 
Socal length of the eye-piece, Y the final image of an object, placed $ inch from the 
object glass, 1a formed at the least distance of distinct vision, which te 10 inches. 

E (Pat, 1941) 
Ans, Objective: u=+%;0=?; f=—}. 
Then i M ro ; whence v= -2 in. 

v 3 2 


i.e. the image is at a distance of 14” behind the objective. 
.*. The object distance u’ of the eye-piece=(2!—14)=1". 
Eye-piece : u'm)”; v/210" ; f=? 
Ll. ls L510. 07 
Then 10 1 gi whence J: C] lg A 
128. Telescopes.— They are instruments used as aids for look- 
ing into distant objects. Retinal images formed by distant objects 
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are too small for clear vision. When a telescop? is used as an aid to 
an eye, the magnification of the image is also arranged simul- 
taneously. 

Telescopes may be of two classes: (1) Refracting, and (2) 
“Reflecting. The distinctive feature between them is that in refrac- 
` ting telescopes, otherwise called refractors also, the objective con- 

sists of a convergent lens of large focal length and large aperture, 
while in a reflecting telescope, the objective isa paraboloidal mirror. 

Refracting telescopes are essentially of two kinds : (1) Astrono- 

mical and (2) Galilean. 

129. The Astronomical Telescope :—It is a refracting type of 
telescope, It consists of two convex lenses mounted co-axially in 
a tube (Fig. 158), Here the objective O has a large focal.length and 


Fig. 158—Astronomical Telescope. 
large diameter, and the eye-piece E has a sbort focal length, ` The 
eye-piece should be large enough to cover the pupil of the eye, 
but it should not be very large, for the light which does not pass 
into the eye is lost, but, on the other hand, the objective has to 
collect sufficient light to form a bright image and so, the object 
being distant, it must be of large diameter, As the intrument is 
. meant for viewing distant objects, the rays falling on the objective | 
may be considered to be parallel, and so a real, inverted and very 
diminished image PQ is formed at the focal plane of the objective. 
The eye-piece, by a sliding adjustment, is so placed as to have the 
image PQ formed just within its focal length, and the final image 
P'Q', virtual, magnified and erect with respect to PQ but inverted 
with respect to the object, is formed by the eye-piece at the least 
bd c^ of aue vision. 

To focus the telescope for infinity, the eye-piece is so adjust 
to have the image PQ at its focal plane. So ilie Da Sas an 
the image PQ fall on the eye-piece and emerge parallel. An eye 
placed close to the eye-piece sees at infinity an image P'Q', virtual 
magnified, and erect with respect to the first image PQ. Since the 
first image is inverted, the final image PQ" is also inverted with 
respect to the object. The length of the telescope is then equal to 
the sum of the focal lengths of the objective and the eye-piece. 
The instrument is, in this case, said to be adjusted for normal 
vision. £ 
Usually, the instrument is used such that the final image of a 
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distant object is formed at the least distance of distinct vision, as in 
Fig. 158. In this case, the eye-piece is nearer the objective (i.e. it 
is pushed inside) than in the case for adjustment for normal vision. 


To focus the instrument on near objects, with the final image at 
infinity, the eye-piece is to be moved away from the objective 
farther than in the case when distant objects are viewed. 

Astronomical telescopes are usually fitted with cross-wires for 
purposes of measurements between the parts of the image. The 
cross-wires are placed at the position where the real image is 
formed by the objective so that the final image and the cross-wires 
can be seen through the eye-piece simultaneously without parallax. 

Such telescopes are used for viewing heavenly bodies such as 
the moon, stars, planets, etc. and hence they are called astronomi- 
cal telescopes. A 

Magnification.— The angle subtended by the object at the objec- 
tive is «, and since the object is at a great distance we may con- 
sider « to be angle subtended by the object also at the eye-piece 
(Fig. 158). The angle subtended by the image at the eye-piece is 
B. Hence the magnification is given by, 

angle subtended by image _ B .ZPEQ 
angle subtended by object «  ZFOQ 
..tan PEQ 
~ tan POO 
,,PQIEQ ..0Q _ focal length of objective ç; 
PQJOQ EQ. focal length of eye-piece (in the" cage of moina] 
vision). 


(as the angles are small) 


Hence, magnifcation—, when F and f are the focal lengths of 


*the objective and the eye-piece respectively. 
This is the case when the object is at infinity, and the image PQ 
‘due to objective is formed at the focal plane of the eye-piece. 

The magnification is, however, increased by focussing such that 
the final image P'Q' is at the least distance of distinct vision. 

Note.— (a) It is obvious from the expression for the magnifying 
power that for large magnification, the objective should be of long 
focal length and the eye-piece should be of short focal length. 

It should be noted that the principle of this instrument issimilar 
to that of the compound microscope but to meet the difference. in 
purpose, modifications are made. Both these instruments consist 
of at least two convex lenses of suitable focal lengths. 

(b) An image, when highly magnified, is reduced in brightness. 
So in order that a telescope may be able to collect as much light 
as possible from the object, object glasses of large diameter are 
used and this is the reason why astronomical telescopes are made 
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large. Moreover, if the diameter is large, the resolving power will be 
large, i.e. finer details of the object will be observed. 

When the Final Image is formed at the Least Distance of Distinct 
Vision—When the object is at infinity and the image PQ due to the 
objective is formed at the focal plane of the objective. The eye- 
piece, by the sliding adjustment, is so placed as to have the image 
PQ’ formed just within its focal length and the final image P'Q' is 
formed by the eye-piece at the least distance of distinct vision, D 
(Fig. 158). 

For the normal adjustment, the magnifying power or the angu- 


lar magnification, m= F . 


If however, the instrument is adjusted so as to form the final 
image at the least distance of distinct vision. 


i i = = = les vv 1 
The magnification, m tan FOO" EO EO (1) 
For the eye-piece, u= EQ and v- D 


Then, from the relation, apte L, 
vou f 

1 ol kaop Vly tftp 
Dos f D JT 


. From (1), m=F r EA) 


Examples.—1. Ina simple form of astronomical telescope the focal length of 
the obeject glass is 30 inches, that of the eye-piece is 2 inches. Calculate the 
magnifying power when the final image of a distant object is seen (3) a long way off, 
(5i) at a distance of 12 inches. Find the distance between the two lenses in each cgso. 

Ans. (i) Since the final image is seen a long way off, the image due to the 
objective is formed at the principal focus of the eye-piece. Hence, in this 


case, magnifying power= 5 -2- 15. 
The distance between the lenses=30+2=32 inches. 


(ii) In this case the distance of the final image due to the eye-piece is 12 
inches. We have, in the case of a lens, 


bd 1 


ini er Here v=12; f=-2; u=? 
v docks Np 
* B-a") whence u 7 


Hence, the magnifying power=~ eof = 175. 


Since 12/7” is the distance of the image from the eye-piece, the distance 
between the two lenses=39+12/7=30+1°71=31'71 inches. 

2. A telescope is formod of two convex lenses of 10 cma, and ?1 em. focal 
lengths pest Af the telescope is focussed on a scale one metre from the 
objectiveand the final image formed 25 cme. from the eye, calculate the magnifica- 
tion produced. (Pat. 1944) 

Ans. In order to form a final (virtual) image at a distanoe of 25 cms. 
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the object (i.e. the real image formed by the objective) must be at a distance;: 


say, u from the eye-piece, when we have, 
TEF 25 
-Emis wh =< cm. 
zg gy Whence u $m 


Again, the distance v (OQ in Fig. 158) is given by, 
1 1 


v 10 io 5 or, oe 7 i00 3 Or, v= CATY cms. 
m 1 ification, 210025 115, 
Total magnification, P PERIE 


130. The Terrestrial Telescope :—An inverted image produced: 
by an astronomical telescope is of little use for observing terres- 
trial objects. For ex- 
ample, erect image 
is essential if the in- 
strument is to be 
used by navigators, 
surveyors, etc. 


This difficulty of 
the astronomical tele- 
scope is removed in 
the terrestrial teles- , un 
cope (Fig. 159) by Fig. 159— The Terrestrial Telescope. 
the addition of a convex lens to the eye-piece so as to convert 
the inverted image into an erect image, though the length of the 
instrument is thereby inconveniently increased. Some light is- 
reflected and lost at each glass surface, and so the image becomes. 
fainter by the use of the extra lens. 

Due to the objective (which is not shown in the diagram), a real 
inverted image pq is formed. A convex lens L, which is the erec=- 
ting lens, is interposed between the objective and the eye-piece in 
such a way that the distance of the image pq from the auxiliary lens. 
L is twice the focal length (2f) of the lens L. Thus another real, 
inverted image p'q', equal in size to pq, is formed at the same dis- 
tance 2f on the other side of the lens L. This image being inverted: 
with respect to pq is erect with respect to the object. The eye-piece 
E is so adjusted that the image p'4' is formed just within its focal 
length and a virtual magnified image p”q” is seen at the least dis- 
tance of distinct vision. 

Instead of the lens Z, a combination of two lenses A and B: 

(Fig. 160) called an 

p" erecting eye-piece, is- 

also sometimes used. 
The first lens A of 
the combination is. 
placed at a distance 
of its focal length 
from the image pq' 
Fig. 160—The Terrestrial Telescope. and the rays emerge 
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as parallel beams and fall on B which brings them to real focus at 
pq’. Thus a real, erect image is obtained just within the focal 
length of the lens E, and so a virtual, magnified image p'q" is 
finally obtained. The lenses A and B are placed apart by a dis- 
tance equal to twice their focal length. 


131. Microscope and Telescope Compared :— 


Microscope 
1, An instrument to magnify 
very tiny objects placed close 
to it. 


Telescope 
1. An instrument to magnify 
distant objects placed anywhere 
between a small distance and 
infinity. 

2. Focal length of the field- 
lens is large, so that, possibly a 
real image is formed of a very 
distant object. 

3. The aperture of the field- 
lens is very large in comparison 
to that of the eye-lens. 

4. The action of the eye- 
piece is similar to that of the 
microscope and may be consi- 
dered to be asimple microscope. 


2. Hence, the field-lens is of 
small focal length, so that, 
possibly a real image is formed 
at a small distance. 

3. The aperture of the field- 
lens is very small in compa- 
rison to that of the eye-lens. 

4. The eye-lens magnifies the 
real image formed by the field- 
dens to a very large extent and 
the image formed by it is highly 
magnified, virtual and erect 
with respect to the image 
formed by the field-lens. 

5. The final image is inverted 
and is formed at the least dis- 
tance of distinct vision. 


5. The final inverted image 
may be formed at the least dis- 
tance of distinct vision or near 
the object i.e., at infinity. ^ 

6. As a matter of fact, the 
inverted and real first image is 
a reduced image of the object, 
This is magnified by the eye- 
lens. But the final image need 
not be larger than the object. 
Moreover in certain types of 
instruments, the image becomes 
very small compared to the 
object. 

7. Objects situated at very 
large distances which are very 
small to the necked eye come 
near at hand, so become larger 
when seen through a telescope 
and it seems that the observer 
is very close to the objects. 


6. As a matter of fact, the 
inverted and real first image, 
formed by the object-lens is a 
magnified image of the object. 
It is again magnified by the eye- 
lens, so the final image is higbly 
magnified. 


7. Very small objects even 
‘invisible to the naked eye are 
highly magnified, so that they 
«can be seen clearly. 


2 
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132, The Galilean Telescope.—The disadvantage of the great 
length of a terrestrial telescope, described in Article 130, is avoided 
to some extent in the Galileo’s telescope, which is the earliest form 
of a telescope. It consists of a convergent objective O of large focal 
length and an achromatic concayelens O’ as the eye-piece (Fig. 161). 
A real inverted image p'q' of the object should be formed at the 
focal plane of the objective, but the concave lens intercepts the 
rays before they 
reachthe focus, and 
so the rays emerge 
from it as a practi- 
cally parallel pencil, 
and the eye sees a 
virtual, erect and 
magnified image p'q" : 
at infinity. The eye Fig, 161—The Galilean Telescope. 
should be placed as close to the eye-piece as possible, for the rays 
being rendered divergent by the eye-piece the field of view 
diminishes as the eye recedes from it, As the rays emerge as a 
parallel pencil due to the interception of the eye piece at O', O'q’, 
is the focal length of the eye-piece. And, Og’ is the focal length 
of the objective O. 

Magnification— 

As in the case of the astronomical telescope, the magnification 

~ is given by, 

.LPOw' ZpOW _tan pOq 
LpOq Lp'Oq tan p'Oq’ 

P4 Jeg Oq' _ focal length of objective 


Oq'Oq Ow focal length of eye-piece 


m 1 (the angles being small) 


= (when the eye-piece is focussed for infinity). 


Astronomical and Galilean Telescopes Compared.— 


(a) Since the focus of the eyepiece coincides with the focus of 
the objective, the distance between the two lenses in a Galilean 
telescope is equal to the difference between their focal lengths, łe, 
(F—f), in an astronomical telescope this distance is equal to the 
sum of their focal lengths, i.e. (F+f). A Galilean telescope is thus 
shorter in length which is a distinct advantage over the other types 
as it causes less loss of light due to absorption, 

(b) In a Galilean telescope the image formed by the cye-piece 
is erect and so it is best adapted for viewing terrestrial objects, In 
an astronomical telescope the final image is inverted, so this type 
can be used only for astronomical work. 


(c) The field of view and the magnification of an astronomical 
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telescope are much greater than those in the Galilean type. In the 
Galilean telescope, the eye piece being a divergent lens, the image 
is practically formed by those rays only which pass near about the 
centre of the lens, the marginal rays being mostly lost, and for this 
reason, the final image is faint, i.e, the field of view is limited. 


(d) Cross-wires cannot be fitted in the Galilean telescope, for 
the eye-piece being a divergent lens there is no position where 
the cross-wires may be placed such that the final image formed by 
the eye-piece and the image of the cross-wires will be coincident in 
position. The focal plane of the 
objective is outside the instrument 
and no cross-wires can be placed 
= there if the eye is to be placed 

SG Ome immediately behind the eye-piece. 
SS i a 133. Opera-Glasses : The ordi- 
nary Opera-Glasses( Fig.162) usually 
consist of a pair of Galilean teles- 
copes mounted side by side with 
their axes parallel. The magnifica- 
tion in this case is small owing to 

Fig 162.—Opera-Glass, the shortness of the telescope tubes. 
The distanee between the two telescopes may be altered by 
adjustment to suit the two eyes of the observer, 

Example.—/n an opera-glass the focal length ‘of the objective ta 4 inchea, and 
that of the eye piece 14 in, What will be the magnifying power and ala» the distance 
beiween the objective and the eye piece when focussing a distant object ? (All, 1926) 


s 


Y 


Ans. The magnifying power is P where F is the focal length of the 


objective and f that of the eyepiece, .*, The magnifying power eda. 


In this case, the distance between the two F-[24-3 2222) in. 


134. Reflecting Telescopes :—Reflecting telescopes are princi- 
pally used for studying celestial objects and for such purposes they 
have some definite advantages over 
the refracting telescopes. Two 

m 


main types of reflecting telescopes = 
are described below. In Newton’s M, 
reflecting telescope (Fig. 163), a \ 
parallel beam of light from a 

distant object falls on a concave Le 
mirror, M, and, after reflection, Tt 

a real, inverted and diminished 
image would have been formed at 
its focal plane, but before reaching 
it the rays are intercepted by a small plane mirror Ma inclined at 
45° to the axis of the instrument by which the image is shifted to 


Fig. 163—Reflecting 
Telescope, 
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a side tube, where it is viewed by means of the eye-piece E. The 
eye-piece is so placed that the image formed by the mirror is in 


its focal plane and thus a virtual and magnified image is seen at 
infinity. 


Besides the above Newtonian type, there is another kind of 
reflecting telescope, known asthe Cassegranian Telescope (Fig. 164), 
Here a beam of light coming from the object is received at a 
paraboloidal objective mir- 
ror M, asin the Newtonian 
Telescope, but before con- 
verging at F,, the focus of 
the objective, it is intercepted 
by a convex hyperboloidal 
mirror M, whereby the image 
is formed at F,, as shown in 
the figure, through a hole in 
the objective and is viewed, 
as in the Newtonian Teles- 


d Fig. 164—The Ci ja; 
cope, through an eye piece, = eiseoope. jir, 


Advantages of a Reflecting Telescope :— 


(a) In a refracting telescope, objectives of large aperture are 
used in order to have a large amount of light, but due to the large 
aperture an appreciable portion of the light is absorbed by the 
Jens. To avoid this, large concave mirrors are used where the loss 
of light by reflection is much less and so the image obtainedis much 
brighter. 


(b) There is no chromatic aberration (Art. 175) due to. refrac- 
tion, and so the image is quite sharp and free from colour defects. 


(c) When the aperture of an objective is large, greater details 
of the object can be seen. It is more difficult to make large lenses 
used in refracting telescopes than to make reflecting mirrors of 
large diameters. 


(d) By using a paraboloidal mirror spherical aberration may 
be prevented. 

It is interesting to know about the largest telescopes, both 
refracting and reflecting, in the world today. The Yerkes Telescope 
at Lake Geneva, Wisconsin, U.S.A, is the largest refracting teles- 
cope in the world. It has an objective 40” in diameter and is 
mounted in a tube 63 ft. long. At the Mt. Wilson Observatory 
Pasadena, California, U.S.A. there is a 100" reflector of focal 
length 42:3 ft, made of glass silvered at the front face. The 
largest reflector of this type is sct up at the Mt. Palomar Obser- 
vatory, California where a 200” Pyrex mirror coated with alumi- . 
mium has been used. 
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135. Prism Binocular (or Field-Glasses) :—These are essen- 
tially terrestrial telescopes made in a compact form containing 
two totally reflecting prisms. It will be seen from the diagram (Fig. 
165) that rays from the objective first enter a prism and are 

internally reflected by it. They are again inter- 

nally reflected by a second prism after re- 

traversing the length of the instrument and 
finally pass through an erecting eye-piece. Thus 
the rays from the objective travel thrice the 
length of the tube by means of the prism, before 
reaching the erecting eye-piece. That is the 
distance between the objective and the eye-piece 
is increased without increasing the length of the 
instrument. So an objective of larger focal 
length can be used in this instrument. In the 
figure, the image formed by the first prism, which 
is placed with its-refracting edge vertical, is 
inverted laterally, but not vertically and by the 
second prism, which is placed with its refracting 
edge horizontal, i.e., at right angles to that of the 
first prism, the image is inverted vertically, but 
.Fig. 165—The not laterally. So the final image is upright and 
Prism Binocular. the correct -way round. Thus the purpose of 
the terrestrial telescope is served in a short length. This is the 
best form of binocular. This instrument is termed a binocular 
(Lat. bini, two together+oclus, eye as it is constructed with two 
telescopes one for each eye). 


Advantages.—Here by using an objective of greater focal length 
a greater magnification is made 
possible than in the case of or- 
dinary opera-glasses, and by 
the arrangement of prisms the 
objectives are placed farther 
apart than in opera-glasses by 
which a wider field and an in- 
creased stereoscopic effect are 
obtained. Fig. 166 illustrates * 
a modern form of prism 
binocular. 

136. The Stereoscope :— A Fig. 166—A Prism Binccular. 
photograph of an object always 
gives a flat appearance because it is taken from the same angle, 
But, if two pictures of an object are taken simultaneously by two 
cameras whose lenses are separated in the same way as our eyes, 
ie, from slightly different angles, and then if the two pictures 
are mounted side by side and looked through lenses or tubes so 
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that one eye looks at one Picture only, they will form in the brain 
a stereoscopic view, i.e. the im- 


Pression of one picture with Ly A 
depth (as the object is actually 
seen). Thisistheaction ofthe — " YST i. i 
stereoscope. Tw 

The action will be under- =f 
stood from Fig, 167. Here ABO eee S 


and A’B’ aretwo stereoscopic — , A — ES. 
pictures of the same object i.e. aif 
photographs of the same object La 


taken by a double camera hav- t 
ing two objectives placed side Fig. 167—The Stereoscope, 

by side at the same angular distance as the eye. The two pictures 
are correctly mounted on a card-board which is introduced into 
the stereoscope. This is a wooden box having two compartments 
in which the two pictures are to be housed. On the same side of 
‘the box, there are two holes, one for each compartment in which 
two converging half lenses L,, L, are fixed behind which the eyes 
of the observer are placed. The positions of the lenses are so 
arranged that rays coming from corresponding points P, and P, of 
the two stereoscopic pictures, which enter the eyes after refraction 
through the lenses, form images which appear to combine into a 
single image at P. 

The two photographs of the same object being taken side by 
side at the same angular distance as the two eyes, the two images 
seen by the eyes appear to combine and give the impression of 
only one object in relief, i.e. an object as actually seen. 
© 137. The Magic Lantern (Optical Lantern) :—By means of 
this apparatus a real magnified image of a lantern slide, a film, or 
a drawing on glass, is projected on a screen so that it can be dis- 
played to a large gathering. 

The essential parts of this instrument are as follows (Fig. 168) : 

(i) A Powerful Source of Light A.—If it is a carbon arc lamp, 
the positive carbon, on which the crater is formed is taken to be 


Fig. 168—The Optical Lantern. 
horizontal and the other carbon-rod vertical in order that the full 
light produced in the crater may pass through the apparatus. Lime 
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light, acetylene burner, or any other suitable source, may be used 
if electric light is not available. A suitable reflector (not shown in 
the figure) may be placed at the back in order to turn the back- 
rays to the forward direction. 

(iiy The Condenser C.—It consists of two plano-convex lenses 
placed with their curved surfaces facing each other : The conver. 
gent lens-system turns the divergent rays from the source into a 
convergent beam directed towards the object PQ. It concentrates 
the rays to illuminate the object properly and is therefore called 
a condenser, 

dii) The Siide.— It is a photograph on a glass plate of suitable 
size, or a film, or a drawing on glass. It is put in a wooden frame 
which is inserted in a groove S in the lantern, It can be changed 
by drawing out the wooden carrier. This constitutes the object. 


(iv) The Focussing Lens L.—It is a convergent combination of 
lenses corrected for chromatic and spherical defects. Its position 
with respect to the slide can be adjusted by means of a rack and 
pinion arrangement D. The action of the lens can be stopped by 
means of a cap which can be fitted on it. 


(v) A Vertical Screen E.— It should be preferably white. 

Action.—By tbe action of the condenser C, the diverging rays 
from the source A are turned into a convergent beam directed 
towards the object PQ, which is thereby uniformly and strongly 
illuminated. The slide is put in an inverted fashion. The position 
of the slide is beyond the principal focus of the focussing lens 
system L and so an inverted, magnified and real image P,Q, of the 
inverted object PQ (i.e. an erect image) is produced on the distant 
screen E. The focussing lens L is then slightly adjusted (i.e. 
moved fcrward or backward) by means of the rack and pinion 
arrangement D until the image formed is made very distinct and 
of the desired size. 

Lantern slides are usually about 3" square and the size of the 
image on the screen may be as large as 8 feet square. Tbus 
the light passing through the slide is spread over an area 1000 
times as great. H: nce it is obvious that unless a powerful source of 
light is used, the image will not be distinct. 


N.B.—As the image thrown on the screen is inverted, the slide 
is to be inserted in an inverted position in order to get an erect 


image. 

138. The Epi-diascope :—An Epi-diascope (Fig 169) combines 
a magic lantern and an episcope. The episcope is a convenient 
instrument for projecting the images of opaque objects like ordi- 
nary diagrams, maps, pictures. photographs, etc., on a distant 
screen. Light from a strong gas-fiiled lamp, or arc lamp A having 
a concave reflector R at the back, is concentrated by the condenser 
C vide Art. 137), onto a map ora diagram in a book placed on a 
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table, called the object table. Light from the object PQ then 
travels upwards through a focussing lens system L on to a plane 
mirror M having a silvered surface from which it is reflected and 
finally focussed on to a screen E. 

The mirror M is 
placed at 45° with res- 
pect to the horizontal. " 
The object PQ is beyond 
the principal focus of the 
convergent focussing lens 
system L, andso a real 
magnified image is pro- 
duced onthe screen E. 
By adjusting the rack 
and pinion arrangement 
D, the distance between 
L and PQ may be altered 
until the image P,Q, is 
made distinct and of the 
proper size. 


When an episcope is 
also fitted to project lan- Fig. 169—The Epi-diascope, 
tern slides, like an ordi- 
nary magic lantern, it is called an Epi-diascope. 

139. The Photographic Camera :—It is an apparatus by which 
a permanent image of an object can be taken on a photographic 
plate or film. Its essential parts are the following— 

(i) A Light-tight Box BA (Fig. 170).—It is made of folding 
black cloth; leather or paper such that it can be extended or 


Fig. 170—The Photographic Camera, 


shortened in length according to necessity. , The inside of the box 
must be black or painted black for stopping internal reflections, 
The box is usually fitted on a tripod stand by means of which it 
can be set at any desired height or tilted in position. The base of 
the box is provided with a rack and pinion arrangement(not shown 
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in the figure) by which the back of the box at which the plate is 
placed can be moved in or out. 

(ii) The Photographic Objectiye L.—It is a combination of 
lenses L equivalent to a converging lens and is corrected for 
chromatic and spherical errors. Its design depends on the purpose 
for which the camera is used. There is a rack and pinion arrange- 
ment D by which the objective ĉan be moved forward and back- 
ward for purposes of focussing. 

(iii) The Iris Diaphragm.—It is an adjustable shutter by which 
the aperture of the lens can be regulated to permit variation in the 
intensity of image and improve its definition. 

In order to obtain a clearly defined image, only the middle 
portion of the lens should be used ; the other parts are covered 
up by means of an adjustable diaphragm, called a stop by photo- 
graphers. By using stops with holes of different sizes, the requisite 
amount of light may be allowed to reach the film, The smaller 
the diameter of the opening the better is the definition of the 
image, though a longer exposure will be necessary, The diameter 
of the stop is always expressed as a fraction of the focal length of 
the lens: thus, the fractions f/16 or f/8, marked on the outside of 
the adjustable diaphragm ofa camera means that the diameter of 
the stop is y% or } of the focal length of the lens. 


(iv) The Shutter.—It permits the time of exposure to be varied. 
In modern cameras, there is an automatic arrangement for varying 
the time of exposure from 1 sec. to 3}5th second. Such exposure 
are called instantaneous. There is provision for time exposure 
also whereby the plate can be exposed to light for any length of 
time according to the judgment of the photographer. 


(v) The Screen E.—It is a ground glass plate on which the 
focussing is first done and is subsequently replaced by the photogra- 
phic plate. 

(vi) The Slide.—This is a fat light-tight box for housing the 
sensitive plate. It has a movable shutter which can be drawn out 
when the plate is to be exposed. 

(vii) The Plate.—It isa plate of glass (or celluloid) on which 
there is a thin layer of an emulsion of one or more halides of silver 
in gelatin. 

How a Photograph is taken—The camera is set up at the proper 
height in front of the object, the shutter of the lens is opened and 
by varying the distance of the camera from the object, an image is 

_ roughly formed on the ground glass screen. Then, by adjusting the 
distance between the objective and the screen (by altering the posi- 
tion of the screen or the position of the objective or both, by the 
help of rack and pinion arrangements’, an image of the proper size 
is sharply focussed on the screen, The aperture of the diaphragm 
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is then adjusted for the proper illumination and definition of the 
image. The camera is then loaded with the plate in the slide The 
plate is then exposed to light by drawing out the shutter of the 
plate, The time of exposure is a matter of art which can be learnt 
only by experience. It depends on the intensity of the light and 
the size of the aperture. 


No visible image however, appears on the plate being simply 
exposed to light. The shutter of the slide-carrier is then closed 
and the slide is removed to a dark room where the plate is kept 
immersed ina chemical solution, called the developer. The silver 
salts in those parts where they have been acted on by the incident 
light rays are here gradually reduced by the developer to the 

. metallic state. When the picture is satisfactorily revealed, the 
plate is carefully washed with water so that even the last trace of 
the developer may be washed out. The plate is next washed ina 
solution of *bypo" called the fixer solution. Until this is done. the 
plate is not free from the action of light. The hypo ( hypo-sulphite 
of soda) solution washes away the silver salts from the parts of the 
plate not affected by light, By repeated washing in water, the last 
trace of the hypo is removed, after which the plate is dried up ina 
current of air. The plate thus developed and fixed is called the 
negative, since the bright parts of the image are depicted black on 
the plate and vice versa. To print to positive (called the photo» 
graph), the film side of a sensitised paper, similarly coated as the 
plate, is held in contact with the negative in a suitably constructed 
frame and light is passed through the Negative, to acton the film 
for an appropriate period. The image on the paper is then 
developed and fixed as before. The paper is afterwards thoroughly 
washed and dried. This is the photograph. The method is called 
contact printing. 


140.: Telephoto lens :—In a photographic camera, the size of 
the image formed on the ground glass screen or the plate depends 
on the focal length of the camera objective because the magnifica- 
tion is, 


f 
m feu 


When the distance (u) of the object is large m is sufficiently 
reduced. So to increase the magnification and hence the size of 
the image, the focal length of the objective should be made 
considerably large. But in that case the plate should also be 
placed at a distance nearly equal to this large focal length from the 
objective. So the camera box becomes rather unwieldy and the 
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objective can neither be properly corrected for aberrations and 
distortions. But by suitably combining a short focus convex lens 
with a concave lens placed at a distance, it is possible to get an 
effective focal Jength which is as large as that necessary for the 
required magnification, Such a combination is known as the 
telephoto lens which can be fitted in a camera of ordinary size. 


Fig. 171 shows an 
arrangement of a tele- 
photo lens. The rays 
from the distant object 
fall on the convex lens 
A and an image is 
expected to be formed at 
Pp’. But the concave 
lens B, placed between 
Fig. 171 p'and A such that Bp’ is 

less than its focal length, 


casts a real image finally at p on the plate. The rays meeting at 
p appear to bave deviated at PQ and hence the equivalent focal 
length of the system becomes QP. If Bp'isincreased, Bp will 
also increase ; but such increase should be limited by the maximum 
distance to which a plate can be shifted in camera box of adjus- 
table size. Both the constituent lenses are made achromatic but 
the combination is not free from other defects. The image formed 
by such a lens is rather flat showing very little perspective. 


141. The Pin-hole Camera and the Lens Camera Compared :— 
The image formed by a pin-hole camera is never sharp. The 
smaller the hole the sharper is the image, but the amount of light 
received on the screen is very small for photographic purposes. 
Ano!her defect of the pin-hole camera is that the images formed 
by it are equally sharp i.e. there is little difference in sbarpness, 
though the EEEE of tbe objects are changed, but the images 
formed by a lens camera are much sharper if tbe object iscorrectly 
focussed, but, for other distances of the object, blurred images are 
formed. 


In photography the amount of chemical action taking place on 
any small area of the plate will depend upon the amount of light 
falling on it, which again depends upon (a) the intensity of the light 
from the source ; (b) the area of the hole ; (c) the timeof exposure. 
Keeping (a) or (c) constant or the both, the area of the hole i.e. 
the. froat surface of the lens in a lens camera can be made large 
compared witb the pin-hole, so tbat with a very short exposure the 
same quantity of light will reach a small area on the plate. This 
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is a great advantage of the lens camera ; but for still objects with 
long time exposure 
there is no special 


advantage wit s 
lens mode eae visual. 
142, Eye and F 


Vision :—The eye- 
ball (Fig. 172) is 
nearly spherical in 
sbape, and, within 
limits, is capable of 
turning in its socket, 
It is nature’s optical Fig. 172—The Human Eye, 
instrument, 


A human being has two similar eyes, and has the advantage of 
binocular vision (vide Art. 146) The eye-ball is complex in 
structure. Its exterior is formed by a white membrane S, called the 
Sclera. The front portion C of the sclera is transparent and more 
convex than the rest. This part is known as the Cornea. Internal 
to the sclera is a dark-brown membrane Ch which is known as the 
choroid. The anterior continuation of the choroid is a seat of 
muscles, known as the ciliary muscles Cm, From this ciliary body 
a diaphragm, circular in form, hangs and is perforated inthe centre 
by an aperture whose size can vary by an involuntary action of 
the ciliary body. Its function is to regulate the size of the aperture. 
Its colour gives the colour of an eye, This diaphragm / is called the 
iris. Behind the iris is suspended the focussing lens L of the eye. It 
hangs from the inner surface of the ciliary muscle by means of afew 
fibres, called the suspensory ligaments (S.L ). The lens is. bi-convex 
(more convex at the back), transparent, andis composed of different 
layers of different refractive indices. The spaces in between the 
cornea in front and the iris is called the anterior chamber of the 
eye, while the space between the iris and the suspensory ligaments 
is called the posterior chamber, and they are filled up by salt. solu- 
tion known as aqueous humour, On the internal back-portion of the 
choroidis stretched a delicate purple-red membrane having anet work 
of minute structures, called the rods and cones, which receive the 
light waves, and the optic-nerve fibres, which carry the light sensa- 
tion to the visual centre of the brain. This light sensitive membrane 
R is called the retina. On the inner surface of.the retina there 
is a region Y about 1 to 2 mm. in diameter, called the yellow 
Spot or the macula lutea. In the centre of the yellow spot there 
is a small depression, called the fovea centralis. The imaginary line 
that passes through the optic centre of the eye lens and the fovea 
centralis is called the visual axis of the eye. The yellow spot is the 
Tegion of the highest optical sensitivity in the retina, The imagis 
nary line that passes through the centre of the cornea and the 


Optic axis 


Optic nerve 
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optic centre of the eye-lens is called the optic axis of the eye. The 
optic axis meets the retina at the posterior pole of the eye. The 
optic nerve-fibres enter the retina about 3 mm. below the posterior 
pole of the eye. The spot where the optic nerves enter the retina 
is called the optic disc, This disc B has no sensitivity and hence 
is called the blind spot. The space between the retina and the 
lens is known as the vitreous chamber and is filled up with a 
transparent colourless and gelatinous mass known as vitreous 
humour V. 


Action of the eye.—Rays from an external object entering the 
eye suffer refraction mainly at three surfaces, the outer surface of 
the cornea and the two surfaces of the eye-lens, Then again there 
is the continuous refraction experienced by the rays in passing from 
layer to layer to the lens and finally the rays are brought to focus 
on the retina. The image produced by the eye-lens (convergent) on 
the retina is real, diminished and inverted. That we see it erect is 
due to a process of mental interpretation only, to which all observers 
are habituated, 


143, The Photographic Camera and the Eye compared :— 
Photograpliic Camera (Fig, 170) Eye (Fig. 172) 
1. A light-tight box, 1. The spherical eye-ball is 


formed of a fairly hard substance, 
called the sclerotica, 


2. A converging lens or a 2. The cornea, aqueous hu- 


combination of lenses by which 
a real, inverted and diminished 
image is formed on a photogra- 
phic plate. The focussing is done 
by adjusting the length of the 
boz. 


3. The image is received 
after developing the sensitised 
plate by chemical means. 


4. An adjustable diaphragm 
or stop regulates the amount of 
light entering the camera. 


mour and the crystalline lens to- 
gether form a similar image on 
the retina. The focussing is 
done by altering the curvature of 
the lens by means of what are 
called ciliary muscle, This power 
of the eye tofocus the image 
by adjusting the lens is called 
accommodation 


3. The image impressions 
received on the retina are con- 
veyed to the brain through the 
optic nerves. 


4. The amount of light 
entering the crystalline lens is 
regulated by the iris J, which isa 
diaphragm with a circular aper- 
ture, called the pupil, near to its 
centre. 
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Photographic Camera Eye 

5. A shutter in front of the 5. The eye-lids can shut out 
lens shut out light whenever the light for long or short 
required. periods at will. 

[Note. . It has already been said that the images formed on the 
retina are always inverted though we see them erect. This however, 
cannot be clearly explained. The explanation is that our mind 
has learnt by touch and muscular sense from our infancy that an 
inverted image on the retina means the presence of an erect object. 
Thus it is only a mental interpretation ] 

144. Power of Accommodation :—An eye issaid to be normal 
when in a state cf full relaxation it can focus on the retina objects 
at an infinite distance, When such an eye looks at a near object, 
the image should be formed beyond the retina, but the eye by 
virtue of an inherent power (which acts in voluntarily), called its 
power of accommmodation, can form the image of the object on the 
retina, According to Helmholtz, the mechanism of accommodation 
is that the ciliary muscles automatically contract, drawing forward 
the choroid and relaxing the suspensory ligaments, this diminishes 
the tension of the lens-capsule and allows the inherent elasticity of 
the lens to increase its convexity, Chiefly the anterior surface of the 
lens changes in curvature. The degree of accommodation obviously 
will vary with the distance of the object under view. 

Thus accommodation is that property of the eye-lens by which its 
effective focal length is automatically altered to suit the act of 
viewing distant or near objects. 

Far-Point of the Eye.—The most distant position up to which 
the eye can see, when fully relaxed, is termed the far-point. For the 
normal eye it should be at infinity. But actually the far-point 
is only a distant point (which varies from person to person) for 
an eye. 

Near-Point of the Eye.—For every eye there is a limit to its 
power of accommodation. This power ceases when the object is 
brought to acertain minimum distance from the eye. The nearest 
position upto which a small object can be distinctly seen, employing 
the maximum amount of accommodation, is referred to as the near» 
point of the eye. It can be determined for an eye by noting the 
shortest distance at which a man can read the smallest test-type 
with the other eye closed. 

Least Distance of Distinct Vision.—It is the distance of the 
near-point from the eye. For a normal eye it is about 10 inches 
(i.e., 25 cms.). 

145. Defects of Vision :— 

The common defects of vision are the following—(a) Long- . 
sight (or Hypermetropia); (b) Presbyopia; (c) Short-sight (or 
Myopia); (d) Astigmatism. 
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(a) Long-sight (or Hypermetropia).—For the normal eye, the 


distance of the near-point is 
about 10 inches (25 cms,), and 
for a long-sighted person it is 
greater. A long-sighted eye 
cannot see near objects dis- 
tinctly, but if the accommoda- 
tion isnormal thereis no diffi- 

Fig. 173—A Long-sighted Eye, culty about distant objects. 

Rays from the normal near- 
point are broughtto a focus behind the retina (Fig. 173 ). The causes 
are: (a) the eye-ball is too small, or (5) the focal length of the 
lens is elongated. 

The remedy is to interpose a convex lens so that the focal length 
of the combination is 
Shortened and by that 
the image is formed on 
the retina (Fig. 174), 
Usually it is found in 
the case of a hypermet- 
rOpic eye that parallel 
rays from distant objects 

- are focussed on the re- Fig. 174—A Corrected long-sighted Eye. 
tina. In order that rays 
from the normal near-point N can be focussed on the retina, the 
converging lens L, of the spectacles should be of such power as to 
make the rays from the object appear to come from the near- 
point N, of the defective eye. 

Let v=distance of retina from the lens, f,— focal length of 
the eye, d —distance of the near-point of the long-sighted person 
found by trial. 

Hence, 1- a1 ove ve (0D 
us d f. 

Suppose a lens of focal length f, should be interposed to bring 
the near-point of the defective eye to a position 25 cms. from the 
eye. So we have, 


gioi ab as | dba ue oen eo | from 1) 

FOB pe QUAD E 
1 x 

enge Tx As d»25.1 *3s and, therefore, f, is — ve. 


This gives the focal length of the spectacles lens required and 
the negative sign of f, shows that the lens must be convex. 

(d) Presbyopia. — This is another form of long sight which is 
due to old age. This is called Presbyopia and sometimes also called 
far-sight. The crystalline lenses of the eyes lose elasticity gradually 
with age, and the accommodating power of the ciliary muscles 
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decreases. Thus a short-sighted eye in childhood tends to become 
normal in after years, but the defect of long-sightedness is sure to 


increase gradually. 

Example.—1. A long-sightod man can see'clearly at any distance more than 
10 ft. What kind of spectacles lens should be used MEeMabIe Mot to hoad Prini 
placed 10° from his eye ? 

Ans, The distance of the near-point of the man is 10 ft. or 120". So, we 


have, if v=distance of retina from the lens of the eye, L E ux Again, if 


z Lele NERA 
f=focal length of the spectacles lens, > 10 pty s mtr 


1 ees Bore 
or y 120 10 Be 7 f=—-10'9 (approx.). 


Hence, the spectacles lens should be convex and of focal length 10'9" 
(approximately). 


2. A long-sighted person has a minimum distance of distinct vision of 50 cms. 
What kind of lens must be used in order to reduce this distance to 25 cms. ?. What 
ahould be the focal length of the lena ? 


ife AS | : 
Ane, Here u=50 cms. Hence sa et A where feis the focal. length of 


the eye lens, Again, if fı is the focal length of the spectacles lens, 


1.1.1. a 0193 E 
v7.5 ihre Oai o n za D 


Thans pels lens should be convex and of focal length 50 cms. 

(c) Short-sight (or Myopia).—A short-sighted person cannot 
see distant objects distinctly. The raysfrom a distant object: are 
brought to a focus in front 
of the retina R (Fig. 175) ; 
so the far-point is nearer 
than infinity but as to 
near vision thereis no diffi- 
culty if the accommoda- 
tion is normal, though the 
near-point N, may be " oe " 
vidc than 25 cms. FIENT A Savalen Pya; 

The causes of the defect may be (i) the eye-ball is too elongated ; 
(ii) the focal length of the eye is too short. 

Let d=the distance of the farthest point Fupto which the short- 
sighted person can see 
distinctly (Fig. 176). 
This point, in the case 
of a normal eye, should 
be at infinity. 

It is necessary to 
interpose a concave 
len, L,, such that 
Fig. 176—A Corrected short-sighted Eye. parallel rays from 
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distant objects will, after refraction through the lens, appear to 
diverge from F, the far-point of the defective eye and will thus be 
focussed on the retina by the lens L of the eye. 


PE. 


befi l-L-1 à tsa 
As efore, we have, < 27 (1) 
By interposing the lens, the far-point would be at infinity. 
IE E1154 
So, r E 
y co A y MA 
ob RU oes A Ohi! We 
en 9a (7 Eto) fad 


Hence the focal length of the spectacles lens should be equal to 
the distance of the farthest point upto which the short-sighted 
person can see distinctly, and the positive sign of f shows that the 
lens must be concave. 


Examples.—1. A short-sighted man who can read clearly when the print is 
not more than 3 inches from his eye, requires spectacles to enable him to see distant 
objects, What kind of lenses does he need and what must be the Socal length ? 
Draw as acourately as you can the path of ray Ki light from a distant object 
through the lens of the man's eye (a) without the specta es, (b) with the OM 

(C. U. 1909" 

Ana, Here, the farthest puint=3 inches. So, 4 - E^ : 

e 
Bat if f be the focal length of the lens to be used, we have, 


Let atu as Reems ss Cu indilin 
fpes, EE iu or jm zis f=3 inches; 
, The man will evidently require a concave lens of focal length 3 inches (for 
diagrams see Figs. 175 & 176). 


2. A short-stghted man can read printed matter distinctly when st sa held 
at 15 cms. from his eyes; find the foca. ength of the glasses which he must use if 


Ae wishes to read with ease a book at a dis neer f 60 cms. (C. U. 1953, *56) 
Eu gratin te C 4$ ares ee | Medii 
, Sse? and -—_ at ee wey! 
Mi c cw MATE rr e IE car 
1 CO | 


hv 
736 7607 60739 ^ f=+20 cms. 


) So the glasses of the spectacles must be concave and of focal length 
20 cms. 


(d) Astigmatism (Gk. a, without+stigmatos, a point of focus). 
—This defect of eyes is usually due to irregularity in the curvature 
of the vertical and horizontal sections of the cornea ; the curve 
generally is more pronounced in the vertical section than in 
the horizontal with the result that horizontal and vertical lines at 
the same distance will not be in focus at the same time. Such an 
eye, when looking at a net work may be able to see clearly, for 
instance, the horizontal wires, while vertical wires may be indistinct 
or curved. A cylindrical or sphero-cylindrical lens is used to 
remove this defect. The defect may differ in degree in thetwo eyes. 


t 
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146. The Advantages of Two Eyes (Binocular Vision) :—As 
with two ears we hear only one sound, so, by our two eyes, when 
fixed on any object, we see only one object. Though each of the 
eyes forms an image on its own retina, the brain integrates the 
two different images into one image. One advantage of having two 
eyes is the power of estimating distance correctly. It may have been 
noticed that the threading of a needle is very difficult when one eye 
is kept closed. To illustrate it further, suspend a small curtain ring 
at some distance with itsplane in the line of sight. Now hold a long 
stiff wire, bent at one end, and try to insert the bent end through 
the ring keeping one eye closed. It will be found more difficult to 
do it when one eye is closed than when both eyes are open. This 
difference is due to the fact that simultaneous vision by the two 
eyes gives a marked facility in estimating distance. 


Further, due to the difference in position of the two eyes with 
respect to an object, the right eye sees more of the right side and 
the left eye sees more of the left side, When the object is viewed 
simultaneously by both the eyes, the two images which are slightly 
different overlap on each other. The resultant gives a combined 
idea of depth and solidity (vide Art. 136). 


147. Persistence of Vision :—Visual impression, however mo- 
mentary, received on the retina of the eye persist for about one- 
tenth of a second even after the stimulus is removed ; so if a series 
ofimpressions at intervals of more than ten per second falls on 
the retina, the eye will not be able to distinguish between them and 
a continuous impression will be produced and this is the reason 
why Newton's disc (Art. 178). if rapidly rotated, appears greyish 
white which results from the overlapping of the colours on the disc. 

Again, if there be a picture of a bird on one side of a piece of 
card-board and a picture of a cage just on the opposite side, then 
on rapidly revolving the card-board the two impressions blend and 
the bird will appear to be inside the cage due to persistence of 
vision. For thesame reason the red end of a burning splinter, 
when whirled round, gives the impression of a continuous red circle. 


148. Cinematography :— The Cinematograph is a projection 
lantern specially adapted for exhibiting pictorially on a screen the 
movements of objects. Its working, known as cinematography, 
depends essentially upon the principle of persistence of vision, If 
photographs are taken of a moving object at intervals of about 
woth of a second, then the discontinuous pictures, when projected 
On a screen at the same rate, will fuse together and produce an 
illusion of continuity. 

In a cinematographic film there are numerous pictures of some 
objects in different succeeding positions taken by means of a special 
camera (motion-picture camera). These pictures are rapidly moved 
before a projecuon lantern, the arrangements of which are similar 
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to those of an optical lantern (Fig. 143). The pictures on the film 
come in front of the condenser to the position occupied by the 
slide of the optical lantern. About twenty pictures on the film pass 
in front of the condenser per second, and as each of these arrives 
in position the film stops for 35th of a second by a clock-work 
arrangement and passes onto the next picture after a brief dark 
interval. The images of these rapidly moving pictures are thrown 
ona screen with an interval between each pair during which the 
film is not illuminated, but as the pictures follow one another very 
rapidly they represent some continuous incident or story due to 
persistence of vision, as the impression of one picture does not 
vanish before the second is received ; and this goes on one after 
another. Thus, in cinematography, we do not see moving pictures, 
but a rapid succession of stationary pictures. 

Working.— A common form of film is a 16 mm., celluloid film 
on which the pictures are positively printed. Such films are made 


EZ, Projection lens 
E Take-up sprocket 


3 Rotations per 
pull-down interval 


Fig. 177— The Cinematograph, 
up in reels of 50 feet. The film is drawn from a reel box R,, called 
the supply spool, by means of a uniformly driven sprocket S,, called 
the feed sprocket (Fig. 177) ; the film is kept in engagement with Si 
by means of the pressure roller r,. The film passes through the 
pressure pad gate G infront of an aperture, as shown in the picture; 
the film is strongly illuminated by light passed through this aperture 
from an optical lantern; the lantern, as usual, consists of a high 
power lamp, or a powerful carbon arc with a reflector at the back 
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and a condenser lens in front. An intermediate sprocket, shown in 
the picture as pull-down, pulls the film through the gate at rated 
interval. A revolving shutter S. placed between the condenser and 
the aperture cuts the light off when a picture is replaced by the 
next in succession, The satety shutter, shown in the picture, may be 
us d in times of any derangement. The take-up sprocket S, (with the 
help of its pressure roller r.) collects the used film and passes the 
same to the other reel box Rg, called the take up spool. The projec- 
tion lens L forms on a distant screen a real magnified image of the 
picture through which the beam of light is passed 

149, Cinema Tricks : —Sometimes curious tricks are seen to be 
performed on the cinema. Many natural phenomena are seen to be 
accelerated and sometimes retarted. The seed of a plant takes a 
long time to grow, but the photographs of its growth can be taken 
at intervals over a comparatively long period of time on a single 
film, and when it is thrown on the screen at the ordinary rate we 
get the impression of very rapid growth. On the other hand, snaps 
of such things as running, high jumping, strokes in cricket or tennis 
can be taken at 160 to 200 per second and then thrown on the 
screen at the ordinary rate of 16 per second producing what is 
called a slow-motion picture. 

150. The Periscope :—Periscopes are used in submarines 


to get a view.of the objects lying on the surface of water 
The whole assembly of 


optical parts fited in 
a vertical bronze tube is 
represented in Fig. 178. 
The parallel rays from a 
distant object enter the 
tube through aplate glass 
window W. They arethen 
totally reflected by the 
right angled isosceles 
prism P, and are made 
to form the first image at 
Pı with the help of the 
convergent lens L, The 
rays from p, fall on the 
achromatic plano-convex 
system of lenses La such 
that after reflection they 
emerge out paralk lly. 
These parallel rays then 
traverse a cosiderably 
long distance in the 
vertical tube and ultima- 
tely fall onthe achroma- 
ticconvergent lens Lg. La Fig. 178 
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would have cast an image of the object at pa. Buta second total 
reflecting prism P, diverts the rays and the image p, is formed in 
front on the eye-piece E. which finally magnifies the image. In 
order to get the view from any direction, the upper part of the 
tube can be rotated about the axis of the tube. 


151. Heliograph and Heliostat:—A heliograph simply con- 
sists of a plane mirror suitably mounted in order to reflect sunlight 
from one place to another several miles away. This instrument is 
used for the transmission of message. The mirror is tilted in 
order to cover or uncover it, according to necessity, so that the 
observer at a distant station may note the duration and the 
regularity of the flashes of light (according to a given code) from 
which the message is to be constructed, 

The heliostat is only a heliograph mirror by which a reflected 
beam can be sent to a particular direction all day long, suitably 
mounting the mirror on a frame driven by clock-work. 


Questions 


1. Show that the magnifying power of a reading lens is ( 14258 


where D is the least distance of distinct vision, a the distance between the eye 
and the lens, and f the focal length of the lens. What conclusions do you 


about the best position of the eye ? 
oat (P. U. 1919, Del. U. 1942 ; All. 1946) 


2. You are given two convex lenses of focal lengths of 60 cms. and 3 cms. 
respectively. How do you arrange them to form (a) a compound microscope, 


(b) a telescope? Draw diagrams and explain the arrangements. 
(C. U. 1922, '45) 


3. A compound microscope is adjusted for viewing the distinct image of an 
object. If the distance of the object from the object glass is now slightly 
increased, explain what re-adjustment of the instrument would be necessary 
for obtaining a distant image again. Will the magnification be the same as 
before ? 

IBINTS.—If the distance of the object PQ from the lens is increased then 
the image P'Q' is shifted towards the object glass. Hence to obtain a distinct 
image, the eye-piece will have to be shifted towards the object glass (vide 


Fig. 156). 
Magnification =f=(1+?); here u will be increased and v will be 


diminished so magnification will be much diminished, though D and f will 
remain the same.] 

4. Two convex lenses of focal lengths 1 cm. and 6 cms. respectively are 
arranged to form a microscope. A small object is placed 1:2 cms. from the 
object glass. If the image seen appears to be 25 cms. from the eye-piece, what 
is the distance between the object glass and the eye-piece ? (Pat. 1947) 


[Ans.: 10:84 cms,] 


———— 
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s; You are given two lenses of focal lengths 20 cms. and 2 cms, Explain 
how you will arrange them to form a telescope. Draw a neat diagram to show 


the paths of rays when a distant object is viewed through it. What will be its 
length and magnifying power ? 


[ Ans.: Length —204-2—22 cms. ; m=2=10) 


6. The focal lengths of the objective and the eye-piece of an astronomcia} 
telescope are 10 in, and 1 in. respectively. The telescope is focussed on an 
object 5 ft. from the objective, the final image being formed 10 in. fiom the 
eye of the observer. Calculate the length of the telescope and the magnifica- 
tion produced by it, (Pat. 1942) 


[ Ans. : Length e (124.79) ; magnification — 2:2 ] 


7. Describe any type of an astronomical telescope and explain, the 
formation of the final image of a distinct Object, tracing the path of the 
principal rays, (cf. R. U. 1949 ; C, U. 1957) 


8. A simple astronomical telescope is made from iwo convex lenses of 
focal lengths 100 cms. and 5 cms. respectively. Find the magnifying power 
When the instrument is used to view a distant object, if the final image is 
formed (a) ata great distance, (b) at a distance of 25 ms. from the eye-piece, 

[4ns.: (a) 20; (b) 24.] 

, Draw ray diagrams for the two cases, and calculate in each case the 
distance between the objective and the tye-piece, 


[4ns. : 105 cms, 3 10416 cms.) 


9. An astronomical telescope having an eye-piece of focal length’ 1 inch is 
in adjustment for a Person who can see most distinctly at a distance of 9 
inches. Prove that, in order that it may be an adjustment for a person whose 
distance of distinct vision is 14 inches, the eye-piece must be moved through 


gg ofan inch. (Utkal, 1951) 
10. Describe the construction of celestial telescope. What modification 
will make it suitable for terrestrial purposes ? (Pat. 1930} 


11. Describe the construction of a simple telescope which will give erect 
image of distant objects. Why are images in cheap telescopes usvally 
coloured ? (Dac. 1930) 


of such a telescope. An astronomical telescope has an object glass of focal 


€ye-piece ? ‘ (Pat, 1949) 
[Ans.: 0°48”) . 
13. In what way is an Opera-glass different from an astronomical teles- 
cope ? (C. U. 1932) 


14. Explain how a telescope can be made from a concave mirror and a 
convex lens, Illustrate your answer with diagrams showing the paths of rays. 


(Dac. 1932) 
15. Describe with a neat sketch a prismatic binocular, and state its advan- 
tages over other types, (G. U. 1949) 


16. What are the essential parts of a photographic camera or a magic 
lantern? State the utility of the different parts. 
(Pat. 1932 ; cf. All. 1943) 
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17. Describe tlie construction of an epi-diascope, indicating the function of 
each of its component parts. Also trace the courses of rays through the 
instrument, 


18. Compare and contrast the optical arrangements of the human eye and 
those of a photographic camera. (Pat, 1937) 


19, What spectacles are required by a person who cannot see clearly 
objects at distances greater than 10 cms. ? 

{Ans.: Man short-sighted ; a concave lens of f=10 cms, required.} 

20, The focal length of a concave lens is 6 inches and a small object 1s 
placed, 18 inches from the lens; draw a figure showing the paths of rays by 
which the image is formed, and determine its position, What do you mean by 
the power of a lens ? (C. U. 1926) 

{Ans,: The position of the image is 4'5 inches in front of the lens.] 


21. What are the common defects of the human eye and how are they 
remedied ? (Utkai, 1950 ; G. U. 1950) 


22. What are the two principal defects of vision ? Explain how they are 
rectified with the help of spectacles. 
(C. U. °44, '48, '53, '56 ; Pat. 1963 ; P. U. 1920 ; G. U. 1957) 
23. A student with defective eye-sight can see clearly nothing tbat is 
farther from his eyes than 50 cms. What is the power, kind and focal length 
of the correcting lens that will enable him to see easily and clearly distant 
objects ? . (Pat. 1927) 
[Ans.: Concave lens, f=50 cms., or Power= —2D 
.M. Find the lens needed by an eye whose minimum distance of distinct 
vision is 8 ft., if a book at a distance of 16 inches is to be seen clearly. 
(C. U. 1949) 


[Ans.: Convex lens ; f= -$ ft 


_ 25. A long-sighted person can see distinctly only objects which are at a 
distance of 50 cms. or more; find the power of the spectacles which will enable 
him to see distinctly objects at a-distance of 25 cms. (Pat. 1944 ; G. U. 1957) 

[Ans.: (f= —50cms.; Power —2 Dioptres.] 

26. Give the focal length and type of lens required to enable a person to 
read a book at a distance of 10’, if he cannot see the objects distinctly at a 
distance less than 30". (C. U. 1947) 

[Ans.: —15 inches ; convex lens.] 


27. A short-sighted person cannot see distinctly objects which are less 
than 5 inches and more than 40 i nches away. What kind of lens, and of what 
focal length, would you select to enable him to see distant objects distinctly ? 
What will be his least distance of distinct vision when wearing these lenses ? 

(G. U. 1930) 


‘Ans. : Concave lens of focal length 40 inches ; s inches.] 


28. Explain the advantages of a pair of eyes over a single eye. _ (Pat. 1943) 
29, Itis difficult to thread a needle with one eye closed. Explain. 


1G. U. 1957) 
30. Explain why the spokes of a rapidly revolving wheel cannot be distin- 
guished, (G. U. 1950) 


CHAPTER VIL 


Dispersion of Light 


_ 152. (a) Dispersion :— When a beam of white light inci 

Lone face of a prism passes through it, the beam eri el ; " 
other face is not only devia- E 

ted towards the base of the 

prism but is also broken up A Ne 

into different colours. This 
was first observed by Newton. 
Suppose, sunlight is allowed 

to enter into a darkened room 

"through a narrow slit P (Fig. 
179). The light is allowed to 

— fall on the face AB ofa glass P 

prism ABC placed with its 

refracting edge A parallel to 

"the slit. The emergent light B fe 

is then allowed to fallon a Fig. 179—Dispersion of 

screen S where a Sunlight, 


Such phenomenon of breaking-up of white light into its compo- 
ment colours is known as dispersion, and the coloured band is 
called a spectrum, In the Solar spectrum, there are, however, a 
“large number of different tints, each of which shades off gradually 
into the next, and, in general seven principal colours, violet, indigo, 
blue green, yellow, orange and red (vibgyor), spoken of as the 
xolours of the spectrum, are clearly distinguishable in it 

If, now, by making small pin-holes in the screen, each of these 
constituent colours be separated and allowed to be deviated by 
- another prism, it will be found that violet is the most deviated and 
red the least ; that different colours occupy unequalspaces in the 
spectrum, the violet occupying the greatest and orange the least; and 
“that each of these colours is simple and cannot be broken up again 
into any other colour. Such light, which can be decomposed into 
— several colours, is called light, and ae light of a single 
colour is referred to as simple, of oo TOmALIS. 
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Newton's Conclusions — 

(1) White light is not simple, but is a combination of seven 
colours. 

(2) The colours can be separated by passing the white light 
through a prism. j 

(3) The different colours are deviated to different extents. 
This is what is expressed by saying that the different colours ‘have 
different refrangibility ; amongst the visible colours violet is the most 
refrangible and red the least. 

(4) The deviation of the yellow is intermediate between the 
deviation of the two extreme colours violet and red. So yellow is 
called the mean colour. 

. (b) A Prism does not produce Colours.— That a prism does not 
itself produce the different colours of the spectrum, but only 
separates them, which 
are already present in 
the incident beam of 
white light, was shown 
by the following ex- 
periment: A solar 
spectrum VR is formed 
Fig. 180 on a white card-board 

i screen AB having a 
small hole H (Fig. 180). Now move the screen so that light of one 
colour only is allowed to pass through the hole, and let this light 
fall on another screen M after being refracted through a second 
prism Q. It will be found that there is only deviation of the colour 
and no further decomposition. 

153. Impure and Pure Spectra :—1f a single ray of white light 
could be isolated and allowed to pass through a prism, it would 
split up into its separate 
colour constituents produc- 
ing a pure spectrum ; but | 
in practice a single ray 
cannot be isolated, and 
even if a very narrow 
pencil is taken, each ray 
of that pencil produces a 
spectrum of its own on the 
screen with the result that 
the constituent colours 
overlap on each other to Fig. 181—Impure Spectrum. 
some extent as in Fig. 181. 
Such a spectrum, in which the constituent colours of the different 
rays are partially superposed on each other, is called an impure 

trum ; and the spectrum in which the colours do not overlap 
on each other but are separated distinctly into elementary colours 
is called a pure spectrum. j 
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154. Production of Pure Spectrum :— It is obvious from Fig. 
181 that if a spectrum be produced by a broad beam it will be 
impure as there will be much overlapping of colours. The spectra : 
R,V;, R4V, are formed by the two extreme rays of the incident 
pencil. The spectra due to the other rays will be formed between 
them. The widths of R,R., V, V, will depend on the breadth of 
the incident pencil; so to obtain a pure spectrum with no over- 
lapping, the first condition is that the incident beam should come 
through a narrow slit. 

In a pure spectrum the differently coloured rays should be 
brought to separate foci on the screen. It may be possible for a 
convex lens to bring the differently coloured rays to separate fociif 
they are in parallel groups after emerging from the prism, i.e. ifall 
the red rays, all the yellow rays, and so on, come as parallel 
beams. For this, the incident rays should be parallel. Moreover, 
all the different spectra will not be in focus on the same screen, 
unless all the beams forming the coloured image have got almost 
the same deviation. For this reason the best result is obtained 
when the prism is set in suchaposition that the mean colour under- 
goes minimum deviation in passing through it, or, in other words, 
the prism should be placed in the position of minimum deviation 
for the mean rays, i.e. the yellow rays. The other rays will then 
be nearly at minimum deviation. 

155. Conditions for Formation of Pure Spectrum :— 

(i) The slit should be narrow. 

(ii) The prism should be placed in the position of ‘minimum 
deviation for the mean rays. 

(iii) An achromatic convex lens, i.e., a lens which produces no 
colour effect (vide Art. 177) should be placed between the prism and 
the screen to bring the emergent rays to focus, and another between 
the slit and the prism to make the incident rays parallel. 

(iv) The refracting edge of the prism should be parallel to the slit. 

156. An Arrangement for Pure Spectrum : — i 

A source of white light, suppose illuminates the narrow vertical 


Fig. 182—Pure Spectrum, 
slit S (Fig. 182). The slit is placed at the principal focus ofa 
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convex lens L, in order to have rays, coming through the slit, 
rendered parallel. The prism is placed with its refracting edge, 
vertical in the position of minimum deviation for the yellow rays, 
and, hence, approximately for all rays. A second lens L4 brings 
the differently coloured rays to their different foci (R to V) on the 
screen which is at the focal plane of the lens. 


157. Other Methods for the Production of Pure Spectrum :— 
The method mentioned above. is one of the most convenient 
methods for the production of a pure spectrum, but a pure spect- 
rum can also be obtained in the following ways with the help of a 
single lens instead of two. 


(i) Sis a narrow slit strongly illuminated by white light andthe 
prism ABC (Fig. 183) is 
Placed in the position of 
minimum deviation for the 
yellow ray when the rays of 
any particular colour will 
appear to diverge from a 
point from the same side of, 
and at almost the same dis- 
tance from the prism as the 
slit S. Thus, the red rays 


Fig. 184—Production of Pure Spectrum, 


prism and the screen at a distance from the slit greater than its 
focal length, ‘each of the coloured constituents lying between R 


M 
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and V’ (Fig. 183) will form separate real images on the screen, and 
so a real image of the virtual spectrum will be obtained on the 
screen (Fig. 184). In the real pure spectrum R'V thus obtained, 
the different colours will occupy separate positions in the order of 

“their refrangibilities, red being towards the edge and violet towards 
the base of the prism (Fig. 184). 


(ii) An achromatic convex lens L is placed between the slit 
and the screen and so adjusted as to form a well-defined real 
image S’ of the narrow slit S which is strongly illuminated by white 
light (Fig. 184(a)). The prism is then introduced between the lens 


Fig. 184(a)—Production of Pure Spectrum. 


and the screen with its refracting edge parallel to the slit and set in 
the position of minimum deviation for the mean rays, say yellow, 
due to which all the rays of the same colour will be deviated 
approximately by the same amount and will be brought to one 
focus. Different colours being differently refrangible separate 
positions of the different images will be obtained and thus a real 
pure spectrum RV will be projected on the screen (Fig. 184(a]]. 


158. The Study of Spectrum :—It should be noted that the 
visible portion of the solar spectrum forms only a small part of the 
total solar radiations which extend on both ends of tbe visible part. 
There is an invisible type of radiation beyond the red of the spec- 
trum, known as Infra-red radiation, which we have already called 
heat radiation, and also there is another invisible type of radiation 
beyond the violet, known as Ultra-violet radiation. 


When all known radiations are analysed, it is found that there are 
also other waves smaller than the ultra-violet waves, such as X-rays and 
Gamma-rays, and also waves greater than the infra-red waves, such as 
Radio waves. The effects of the different parts of the total spectrum 


are also different. 
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159. Effects of the different Parts of Spectrum :— 


(a) Luminous Effect—In Chapter I, in defining ‘luminous 
flux', it was stated 
i | that this flux is 
dre rri evaluated in terms 

i of the capacity of a 
radiation for pro- 
ducing visual sen- 
sation. It is only a 
small part of the 


Ole i — -4 
040 048 O56 064 072x10 cms, whole spectrum of 
—^ radiations that is 
Fig. 185 capable of produc- 


ing this effect, and 
even over this small part the visual sensation produced in not 
uniform. The effect is maximum at the yellow-green part of the 
spectrum (at 5550A wave-length), and diminishes on either end of 
this line. This is shown in fig. 185, and explains why objects look 
less bright in red or violet light than in yellow-green light, In this 


figure, v stands forge xw, where v- visibility at wave-length A. 


vo 7 visibility at =0'554p usually considered as unity, G,- value of 
the power of the fixed irradiator: (watts per sq. cm.) at 4—0'554^, 
G,— value of the power of the fixed irradiator at A=A,. 

(b) Heating Effect.— By holding a linear thermopile (vide Part 
VID, or a delicate thermometer with blackened bulb, at different 
parts of the visible spectrum, it can be proved that the heating effect 
diminished from the red to the violet end of the spectrum. By using 
a prism of rock salt, which is transparent to heat radiation, the 
increase of the heating effect can be detected up to some distance 
in the invisible portion of the spectrum beyond the red end of the 
visible spectrum where it is maximum, and then a range of heat 
rays of diminishing intensity may be detected for a distance about 
seven times the length of the visible spectrum. The portion of 
invisible spectrum extending beyond the red end of the visible 
spectrum is known as the Infra-red spectrum, and the rays are 
called Infra-red rays. As glass absorbs these rays, prism and 
lenses of rock salt are used for studing the infra-red spectrum. 

In the invisible part of the spectrum beyond the red the heating 
effect is great, and so these long waves are called radiant heat 
waves, but it must be remembered that all waves carry energy, and 
therefore may produce heat, though in different degrees, when 
they are absorbed, 

(c) Chemical Effect.—The chemical effect of the different 
radiations can be shown by the decomposition of certain salts by 
the action of the rays of different wave-lengths. This action increases 
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from the red rays to the violet rays of the visible spectrum and 
extends to a considerable distance beyond the visible spectrum. 
The portion of the invisible spectrum beyond the violet is called the 
ultra-violet spectrum, and the rays forming it are called ultra- 
violet rays. As glass absorbs Ultra-violet rays, prisms of quartz 
(also called rock crystal), or of fluorspar, are used for studying this 
portion of the spectrum. The rays of this part, on account of the 
chemical action they produce in decomposing salts of silver are 
also known as actinic rays. 


The ordinary photographic plates which contain silver salts are 
greatly affected by ultra-violet rays. Red rays have very little 
action on the photographic plate. 


160. Further study of the Infra-red and Ultra-violt Spectra :— 
It has already been stated that both infra-red and ultra-violet 
portions of the spectrum are invisible and they are to be studied by 
their heating or chemical effects. The presence of the infra-red 
portion was discovered by William Hershell in 1800 and the ultra- 
violet portion by Ritter in 1801. 


The ultra-violet radiation from the sun has a great beneficial 
‘effect on our health, though the excess of it is dangerous, This is 
used for many curative and sterilizing purposes. Many chemical 
changes brought about by light are due to the ultra-violet rays, the 
exposure to which increases the vitamin content in some food-stuffs. 
They cause fluorescence in some substances which may be used to 
distinguish real diamonds from artificial ones. The ultra-violet 
radiation is, however, absorbed by the Ozone present in the atmos- 
phere and scattered by smoke and dust particles present in the air. 
it is also absorbed by ordinary glass, and so people workingindoors 
lose much of the beneficial effects of the sunshine passing through 
the glass window. lt has already been said that ultra-violet are 
most effective in photography.’ So photographs taken on a cloudy 
day would require longer exposure, as such rays from the sun are 
greatly absorbed by the clouds, but the infra-red radiation on the 
other hand, near about the visible spectrum penetrates through 
the cloud and fog readily, and so photographs taken on a, cloudy 
day by means of specially prepared photographic plates, which are 
made sensitive to infra-red rays, would give very clear pictures. 
It should be noted, however, that the infra-red radiations, which 
are far from the visible part of the spectrum like those chiefly 
emitted by cold bodies such as the earth, is absorbed by clouds and 
fogs as ordinary light is. 

161. Different Kinds of Spectra :—Spectra may be divided into 
two classes :—(1) Emission Spectra, (2) Absorption Spectra. 


(1) Emission Spectra may be divided into three sub-divisions : 
(a) Continuous Spectra ; (b) Line Spectra ; (c) Fluted (or Band) 
Spectra. 
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(a) Continuous Spectra— The spectra given by an incandescent 
solid gives the colours continuously from red to violet without any 
break or gap, depending on the temperature of the solid, and so 
the spectrum is called continuous. 


Liquids and gases under great pressure also gives continuous 
spectra. 


Examples.—The spectra of lime-light, a luminous coal-gas flame, incand- 
escent electric lamp, electric arc are continuous. 


(b) Line Spectra. — The spectrum obtained from an incandescent 
gas or a vaporised substance in flames is not continuous, but con- 
sists of a number of bright lines separated from one another by 
dark spaces, each elementary substance giving its characteristic line 
or lines whether in combination or not. Thus the line spectrum is 
a property of the atom. 


Examples.— The spectrum of incandescent sodium vapour produced by adding 
a little common salt to a Bunsen flame (non-luminous), when examined by a 
spectroscope gives two deep bright lines in the position occupied by the yellow 
part of the white light spectrum, called the D-lines of the epectrum, which are 
characteristic of the metal, sodium (vide spectrum chart opposite page 195). 
But the wave-lengths of these two lines differ only very slightly ; so ordinarily 
yellow light given by sodium vapour iscalled monochromatic. Similarly, the 
spectrum of hydrogen gas produced by passing electrical discharges through it 
consists of several lines of which three lines, one inthered, one in the green 
anda third in the violet portion of the spectrum are prominent. The spectrum 
of Mthium salts gives a bright red line. The salts of potassium, have got two 
prominent lines, one in the red and one in the extreme violet and those of iron 
have got a large number of bright lines in the different parts of the spectrum. 
Each elementary substance has its own characteristic lines. 


(c) Fluted (or Band) Spectra. —The line spectrum is charac- 
teristic of atoms. Under certain circumstances, a molecule can also 
be made to emit light characteristic of the molecule, depending on 
the method of excitation, Such a spectrum is characterised by a 
number of broad luminous bands, each being sharply defined at 
one edge and gradually shading off at the other. On careful 
examination it has been found that a large number of bright lines 
are closely packed at the bright end while the spacing of lines is 
more and more wide at the faint end. Band spectra of a gas may 
be obtained by enclosing the gas in a Geissler tube (Art. 165, Part 
VII) at a low pressure and then passing an electric discharge at a 
comparatively low voltage. When in the solid state, the band 
spectra of a substance are generally obtained by filling a. hole 
drilled in a pure carbon rod with its powder and then using this 
rod as the positive electrode of a carbon-arc. 


(2) Absorption Spectra.—If in the path of white light some 
transparent substances be interposed which absorb some of the 
constituent rays of the light, then the spectrum of the transmitted 
light will be found wanting in the colours of the absorbed rays. 
Such a spectrum is known as absorption spectrum. 
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Each substance has its own absorption spectrum by whichit cam 
be identified. Such spectra may be divided into two subdivisions A 
(i) Dark-line spectra ; (ii) Dark-band spectra. 

(i) Dark line Spectra.—7f white light from a hot source be 
passed through a space filled with a cooler vapour, the vapour will 
absorb from the white light just those constituents which the vapour 
itself emits when heated to incandescence ; so the resultant spectrum 
is like a continuous spectrum crossed by a number of dark linesdue 
to absorption of some of the rays during their passage through the 
vapour. 4 

Examples —(a) Solar spectrum, ie. the spectrum obtained by sunlight is an 


example of this class. Here a continuous spectrum is crossed by a large number 
of dark lines, 


MUR IAE i is est Wavelength. 
tinuous spectrum, Now interpose 
between the arc and the slit sodium 
vapour by heating sodium (common 
salt) in a non-luminous Bunsen- flame. 
A dark line appears inthe yellow part 
of the white light spectrum. 

This shows that vapours and 
gases, which produce bright-line 
spectra, when emittinglight, must, 
when absorbing produce dark- 
line spectra. 

(ii) Dark-band  Spectra.— 
Instead of interposing sodium 
vapour, as in example (b) given 
above, if the spectrumbe viewed 
through a piece of red glass, then 
only red colour of the spectrum Ultra violet 
Will be visible, because red ab- 
sorbs all the colours except the 
red. Similar effects will be pro- 
duced by using other coloured 
glasses, ^ A dilute solution i 
potassium permanganate absorbs 
the middle fed ofthe spectrum. Gamma rays | 
Hence in the spectrum of white 
light passing through such absorb- 
ing media, dark bands, or absorp- Fig. 186 
tion bands as they are termed 
are seen to be present due to some portion being absorbed. 


When all the colours of a compound light are equally absorbed 
in passing through a substance, the case is known as general absorp- 
tion, but the absorption of any particular colour or colours as in 
the above cases, is known as selective absorption. 


$9ADA^ -UDIZ 2424 


. 
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162. Some Wave-lengths of Ether Waves: Unit of wave- 
length :—Of all known ether waves, only a small portion can 
produce the sensation of light. The wave-length of the longest of 
these waves is 80x 10-? cm. These waves produce the sensation of 
zed light. The wave-length of the shortest waves is 40x10- cm. 
[vide Art. 162, Part. II, Vol. Ij They produce the sensation of 
violet light, Wave-lengths are measured in units, called Angstrom 
units (A.U.), one Angstrom unit being equal to 10 ° cm. Therefore, 
the wave-length of red waves is 7500 A.U., and that of the violet 
waves 4000 A.U. So the wave-length of the visible portion of the 
spectrum ranges from 7500 to 4000 A.U. The wave-length of 
Ultra-violet rays ranges from 4000 to 1000, of X-rays from 1400 to 
0:066 ; Infra-red rays from 8,000 to 40,00,000 A.U ; longer waves 
are generally called the Hertzian waves. Hence the following types 
of radiation are all similar and are arrangedin the order—Hertzian 

waves, Infra-red waves, Visible light, Ultra-violet light, X-rays, 
Gamma-rays (Fig. 186). 

163. Spectra of Sun and Stars : Fraunhofer Lines: If a 
solar spectrum be carefully examined, it will be observed that the 
whole length of the spectrum is crossed by a large number of dark 
lines. Fraunhofer was the first to notice this, and he made a 
systematic study of these lines. He named these lines by the letters 
of the alphabet ABCDEFGH : of which A, B and C are inthe red, 
Dinthe yellow, and so on, These lines are known as Fraunhofer 
lines. 

The spectrum chart (opposite page195)showsthe bright line spec» 
tra of some elements and the solar spectrum with Fraunhofer lines, 

164. Kirchhoff’s Law :—It was not until 1861 that Bunsen and 
Kirchhoff first gave an explanation of the Fraunhofer lines. The 
sun is assumed to consist of a white-hot solid (or liquid) at the 
centre, known as the photosphere, surrounded by a comparatively 
cooler atmosphere, called the chromosphere in which practically 
vapours of all the terrestrial elements like oxygen, hydrogen, cal- 
cium, sodium, etc., are present. It has already been stated that the 
vapour of an element absorbs those light waves which it would 
itself emit if it were incandescent. So, according to Bunsen and 
Kirchhoff, the white light emitted by the sun, in its passage through 
the cooler envelope containing vapours of different elements is 
robbed of those rays that can be produced by the elements when 
incandescent, Hence the presence of dark lines in the solar spectrum 
indicates the presence of some terrestrial elements in the atmosphere 
‘of the sun. The lines appear dark by contrast with other portions 
of the spectrum and are not really due to absence of light. As 
evidence of the correctness of this, it may be cited that during a 
solar eclipse when the sunlight is cut off by the moon’s disc, the 

solar spectrum becomes reversed, the dark lines appearing bright in 
the absence of the more luminous spectrum. 
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Hence the law is, “The vapour of an element at a lower tempe- 
rature selectively absorbs the light which it will itself emit when at 
a higher temperature." This may be verified as in example (b) under 
dark-line spectra in Art. 161, 2 (i). 


The spectra of most of the fixed stars are like the solar spec- 
trum, i.e. a spectrum of dark lines on a bright background. There 
are certain heavenly bodies, known as the nebulae, which give an 
emission spectrum of a small number of bright lines. This shows 
that such bodies must be wholly gaseous, and those gases are 
probably at a very low pressure. 


165. The Spectrometer :—A spectrometer is acompactappara- 
tus for producing a pure spectrum and also for observing spectra 
of various kinds. A spectroscope, when provided with a suitable 
scale for measurement, is called a spectrometer (Fig. 187). 


KEN 


us nui 


Fig. 187—A Spectrometer. 


Parts.— This instrument consists of a collimator, a telescope, and 
a prism table. The collimator C consists of a metal tube having an 
adjustable slit S fitted at the outer end of another tube which can 
be moved in and out of the collimator tube. A convergent lens- 
system is placed at the other end, which is turned towards the 
prism.table. The telescope T is also a metal tube having a conver- 
gent lens-system at each end, the object glass being one which is 
turned towards-the prism and the other is the eye-piece beyond 
which the eye is placed. 


| The telescope can be moved round the prism-table which, as also 
_ the telescope, can be clamped in any positon. The telescope andthe 
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collimator should be such that their axes may be arranged to be in 
the same straight line passing through the centre of the prism table. 
The slit of the collimator should be at the principal focus of the 
collimator lens, so that the rays passing through the lens are 
rendered parallel. The rays fall on the face of the prism placed on 
the table in the position of minimum deviation in order that the rays 
of different colours may appear to be distinct and separate. The rays 
are refracted through the prism and received by the telescope 
which is already focussed for parallel rays, and a pure spectrum 
will be seen through it. The axis of the prism-table and the axes 
of rotation of the telescope and collimator should be the same. 


Adjustments.— 


(1) Teleseope and Eye-piece.— Turn the telescope towards a 
white surface, say a white wall, and adjust the eye-piece until the 


sag 
a ecce] 
EV 


Fig. 188 


cross-wires are clearly visible. Focus the telescope on a distant 
object and it is then said to be focussed for parallel rays (Fig. 188). 


(2) Collimator and Telescope.—Arrange a sodium flame in 
front of the slit S by heating in a Bunsen burner a strip of asbestos 
soaked in a solution of common salt. Turn the telescope to view 
the slit through the collimator after making the telescope co-axial 
with the collimator. Now the slit is drawn in and out till a sharp 
1mage of it is seen through the telescope, which is focussed before 
for parallel rays. So the rays emerging out of the collimator are 
parallel, that is, both the telescope and the collimator are now 
focussed for parallel rays. 


3) Prism-table.—Now place the prism on the prism-table and 
adjust its height properly. 

166. Use of Spectrometer :— The spectrometer is used for (a) 
determining the refractive index of the material of a prism by the 
method of minimum deviation, and for (b) studying the different 
kinds of spectra of different sources (vide Art. 168). 


167. Experiments with the Spectrometer : — 


(1) Determination of the Angle of a Prism.—After the above 
adjustments of the spectrometer place the prism in such a way that 
the parallel beam from the collimator falls symmetrically on the 
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edge of the prism. Now keeping the prism fixed the telescope is 
turned on either side of the two faces of the prism to receive the 
reflected image of the slit on the cross-wires. Accurate #eadings 
from the scale and the vernier for the two positions of the telescope 
are taken, the difference of which will give the angle between the 
two reflected beams which is twice the angle of the prism. 


The principle of this method is the same as that explained in 
Art. 90 (vide Fig. 110). 


(2) Determination of the Angle of Minimum Deviation.— With 
the spectrometer, set up as in the last experiment, obtain through 
the telescope a refracted image of the slit. Now rotate the prism 
table when the image will be found to move in a particular direction 
and then for a certain angle of incidence it will stop and then turn 
back in the opposite direction, This is the position of minimum 
deviation. Bring the telescope to receive the image on the cross- 
wires and read the scale and the vernier for this position, Then 
remove the prism and take the direct reading for the slit with the 
telescope facing the collimator, The difference of these two readings 
is the angle of minimum deviation [vide also Art. 87 (5)]. 


(3) Determination of » of the Material of a Prism—Knowing 
the value of the angle of the prism and the angle of minimum de- 
viation for sodium light, the refractive index of the material of the 
prism for sodium light can be calculated from the formula, 


pc sint t 2n sin-4 (vide Art. 89). 


168. Spectrum Analysis and its Importance :— Each elementary 
substance gives its own peculiar spectrum ; for example sodium 
vapour gives two yellow lines ; lithium a red line ; hydrogen three 
red lines, one green line, and one violet line, etc. By its charac- 
teristic spectrum an element may be detected even when present 
in minute quantities, A mixture gives a spectra of its components. 
The identification of substances by observation of their spectra is 
known as Spectrum analysis. This method. has given a great deal 
of information about the nature of the heavenly bodies, stars, 
nebule, etc. The study of spectra has also been of great service in 
many chemical investigations, and by it the purity of a sample can 
be detected. 


Even if two different elements produce lines of the same colour, 
those lines will be found to occupy different characteristic positions 
in the spectrum. So after mapping out emission spectra of all the 
known elements anew substance can be detected by studying its 
spectrum and by comparing it withthe maps of the known elements. 
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169. Dispersive Power :—NWhen white light is passed through 
a prism, the component colours are deviated to different extents 
and so an angular separation, which is called dispersion, takes place 
between the colours, which will increase with the refractive index 
of the prism. The power of spreading up ol thedifferently coloured 
rays by different transparent materials, i.e. the dispersive powers 
of different substances, are different and the dispersive power of the 
material of any prism with respect to any two colours is measured 
by the ratio of the difference between the deviations of those two 
colours to the deviation of the mean ray between them. Thus, if A is 
the angle of a given thin prism for which the deviations suffered by 
the red. violet and the mean rays are respectively given by à», ôv, 
8, and if Hr, Hv» and p be the respective refractive indices corres- 
ponding to those colours we have, 

3,=(u,-1)4 ; & 7 (^—D45 $—(u-1)4. 
8y— By My TH 
$ res 

170. The Width ofa Spectrum :—The width of a spectrum 
depends on the angle of separation between the two extreme rays 
of the spectrum and the distance 
of the sereen on which the 
spectrum is formed. In Fig. 
189, the extreme rays red 
and violet are marked R and 
V and the angular separation 
between them, 8. The angle @ 
can be calculated as follows, 
if the prism ‘producing: the 
dispersion is of smal angle. 

Fig, 189—Width of Spectrum. The deviation 5 of a ray of 
given colour is independent of the angle of incidence, if the prism 
is of small angle, and is given by 5=(p-1)A, with usual notations 
(vide Art. 93). Now if Hy, Ms be the refractive indices for violet 
and red rays and w 3, their deviations, we have, 

8y= (Ho — 1)A, 

and, 3,=(H#r- 1)A, 
oe 8— 8, —9,— (ly ~My )Ay ix " (1) 
if 8, be the deviation for the mean ray (ie. yellow ray in this 
case), and py the refractive index for it, 


Dispersive power=o= 


8y=(#y— 1)4 sa (2) 
Ferenc 
nay X ôy 


narri uial do : ; 

The quantity, TCR is the dispersive power of the materia | 
v 

of the prism and so, for a thin prism— 
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Angular widih or separation of the spectrum = Dispersive power 
of the material of the prism multiplied by the deviation of the mean 
ray. 

Prisms made of different kinds of glass have got different dis- 
persive powers, i.e they can separate the colours to different 
extents. The dispersive power of flint glass, which is a silicate of 
lead and potassium is much greater than that of crown glass, which 
is a silicate of sodium and calcium. For a given angle of devia- 
tion the dispersion produced by a carbon disulphide prism is even 
greater. So, for projecting a long spectrum a carbon disulphide 
prism is often used. 

From the above it is clear that it is possible to combine a crown 
glass prism and a flint glass prism of different angles i.e. whose 
refractive indices are different), placed with their refracting angles 
turned in opposite directions, in such a way tbat rays of light 
passing through them will be (a) dispersed without deviation, or (b) 
deviated without dispersion. 

171. Dispersion without Deviation :—As pointed out above it 
is possible to produce a combination of two prisms of different 
dispersive powers and angles such that when a ray of composite 
light passes through it, there is dispersion between the constituent 
colours without any deviation of the mean ray. The deviation of 
the mean ray produced by one prism is annulled by the other 
prism, the latter's deviation being equal but opposite, But the 
materials of two prisms being different, there remains an overall 
dispersion, 

Let us consider two such prisms, one of flint glass and the other 
of crown glass, and let them be placed in contact with their bases 
turned opposite to each other, and let white light be passed through 
the combination. 


For the flint prism, let the angular separation, 0, and the 


F 
deviation of the mean ray, ô, be given by (see equations 1. and 2 
of the previous article) the following - 


F FoF F UF b 
o= l^ = Pr) x Ár, and à, = (^ -1 ) XAr, and those for the 
crown prism, 
c c c € € 
0= (poir) xA., and 5,2 (5- Lx Ae. 
Since the prisms are turned in opposite directions, the disper 


sions will, also be in opposite directions. So, after transmission 
through the combination, the resultant dispersion g will be, 


EC F F c c 
aci e [s pee - [e] 4. ká 4) 


vor. I (L)—14 
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Now since the deviation of the mean ray isto be the same for 
both the prisms, 


F 
Sy =5y= 8, (say. That is, | My-1 m 5,71 — 


LJ 
or, fest T "t (iii) 
* uy-]l 


Equation (iii) gives the ratio of the angles of the two prisms 
for the mean ray to pass undeviated. 


The resultant dispersion, 


-| iy Be | è, | pays bs ++ from eqn. (ii) 


Py-1 


E ETO, OS 

af botr or be ye 
‘ee _ J9y2| e—-o|X8, 
ya! p~l 


= Difference between the dispersive powers of flint glass and 
crown glass multiplied by the deviation of the mean ray due to 
either prism. 


172. The Direct-vision Spectroscope:—The instrument is 
designed to obtain a spectrum in the direction of the incident light, 
Thus there is only dispersion and no deviation and hence all the 


Fig. 190—Direct-vision Spectroscope. 


different parts of the spectroscope, viz. the collimator, the prism 
system and the telescope are all mounted in one straight tube. 
Often it is small enough to be carried about in the pocket and so 
it is also called a pocket spectroscope. 


Description.— It consists of the following parts (Fig. 190)— 
(1) An outer tube having an adjustable slit S at one end 
tnrough which the light is admitted. 
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(2) An inner tube sliding coaxially within the outer one and 

it carries the following elements : 

(a) the collimator L which is an achromatic convex lens ; 

(b) the combination of prisms, ordinarily three of crown (C) 
glass, and two of dense flint (F) glass, placed alternately, 
with their refracting edges turned in opposite directions, 

(c) a telescope having the objective, O, and the eye-piece, E. 


Adjustments.—The slit, after its width is properly adjusted is 
made parallelto the refracting edges of the prisms. It is then 
turned towards the source of light. The inner tube is slided so that 
the slit Sis placed at the focal plane of the collimator L from 
which then abeam of parallel rays fallson the combination of 
prisms. The spectrum produced by the prisms is brought to focus by 
the objective, O, and when looked through the eye-piece, a virtual 
magnified image of the spectrum ‘extended on either side of the 
mean colour is seen. . 

Explanation :—Consider a crown glass prism anda flint glass 
prism of such refracting angles that the deviation for the mean rays 
in both the cases is the same, In the case of the flint prism F, the 


deviation for yellow, red and violet are respectively &. $ and 5, 
[Fig. 191(b)], and the corresponding deviations for crown prism 


(a) (5) 
Fig. 191 


C are fe & and = [Fig. 191(2). Now angular separation being 
greater in flint prism, 


» oF c c c Li 

8,-9,23,—8,; or, 8,8. 

F F c c Re 
and 8,—8,»58,-8,; OF, 5,> dy. 


ae fs 
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When the two prisms are placed in contact with their refracting 
edgesopposite to each other, the yellow rays will be undeviated, but 


the red rays will be deviated by an angle (8,8) towards the base 
of the crown glass prism, and, the violet will be deviated by an 


angle (By - &) towards the base of the flint glass prism (Fig. 192). 
The angular separation between the red and the violet will be 


r c 
=(@—w) x by (Art. 171). 


v The theory holds 
good also for a spec- 
troscope employing 
y more than one prism 
of each kind, because 
a number of similar 
prisms: (crown or 
flint, may be looked 
Fig. 192 upon as an equiva- 


lent single prism. The only difference is that theresultant dispersion 
will be increased due to a number of prisms being used. 


173. Deviation without Dispersion :— The refacting angles of 
a crown glass prism and a flint glass prism can be so chosen that 
when two such prisms are combined together with their refracting 
edges turned in opposite directions there will be noangular separa- 
tion, i.e. no dispersion between the colours of a beam of white light, 
though the combination will deviate the incident beam of white 
light asa whole. This is called an achromatic combination of 
prisms, 

174. Achromatic combination of prisms, (Deviation without 
dispersion, )— À prism ordinarily produces deviation of an incident 
ray, This deviation is also attended with dispersion when the ray 
iscomposite in nature. But 
it is desirable in certain expe- 
riments toavoid this dispersion 
effect, so that only a known 
amount of deviation is ob- 
tained. Ina single prism this 
is never possible because My 
and /, must be different for 
the material. So a number of 
prisms may be conveniently 
arranged such that the disper- Fig. 193 


sion produced by some of them is cancelled by that produced 
by the o hers. For the present discussion we shall consider only 
two thin prisms C and F placed such that the total dispersion 
produced by them is nil (Fig. 193). 
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If A and A’ be the angles of these thin prisms, and if H, u^ 
and o, w' refer to their refractive indices and dispersive powers 
respectively, then, the dispersion produced by the prism C is 

A (Hy — py) and that by the prism F is A’ (u,' - pp’). 

So the total dispersion is A (v, — p,) -- 4 (w= p’). In order 
that a combination is achromatic, this total dispersion must 
vanish, 


e À (1v 7 ny) + AC (U^, - n',)- 0, 


MU D. n (1) 


Relation (1) can be written also in terms of the dispersive 

powers of the prism materials because, 
Hy 7 n, (u— 1) w and Hs — ul, m (u' — Y)o', 

fi (r-1o0 __A’ T 
.'. From (1), (zijo A UN 2) 

So in order that the combination of the two prisms may be 
achromatic the above relation (1) or (2) must hold good. The 
negative sign indicates that A and A’ must be oppositely directed 
as shown in Fig. 193, because neither w nor p of a material is 
negative. If the two prisms be of the same material, o =w and 
A — p, and hence A=’ (numerically), So the two prisms must be 
identical in size and as such they would combine to form a parallel 
faced slab of glass producing no dispersion and neither any devia- 
tion, In general, however, the combination consists of a crown 
glass prism (C) and a flint glass prism (F) of different dispersive 
powers and different indices of refraction. In that case o7 and 
#'># and hence it follows from relation (2) that 44'. So in an 
achromatic combination of two prisms—one of crown glass and the 
other of flint glass—the crown glass prism must be of greater 
refracting angle, Actually if a white ray enters such a combina- 
nation, the deviated component rays will come out parallel to each 
other and they will overlap on emergence. If a slit of definite 
width is used as a source, the coloured components will overlap 
only in the central portion of the emergent beam while its edges 
will still be coloured. 4 

The total deviation produced by the above achromatic com- 
bination of two prisms can also be easily calculated. The devia. 
tion produced by the prism C is given by 

D=A(#~1) 
and that produced by the prism F is D'-- A' (w - 1). 
-. Total deviation is D+D'= A iu — 1)- A' (4-1) 


Saunja) 


Substituting from (2), total deviation=A (#-— 1) [1 -2] 
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As has been stated above, if the two prisms are of the same 
material, o=w’ and the total deviation is nil. 


175. Chromatic Aberration :—A convex lens may be looked 
upon as built up of several 
prisms (see Art. 97), and it 
produces dispersion like a 
prism due to which violet 
rays being most refrangible 
are brought to a focus at Fy 
(Fig. 194) nearer to the lens, 
and the red rays being the 
Fig. 194—Chromatic Aberration, least refrangible are focussed 
at F, at a greater distance, 
The rays of intermediate colours are focussed between F, and Fy 
Due to this a reál image produced by an uncorrected single lens on 
a screen is found to be fringed with colours of the spectrum. If 
the screen be placed at F,, the outer edge of the image will be 
coloured red, and, if placed at F,, the outer edge will be 
coloured violet. ‘This effect of dispersion of light by a single lens 
is called chromatic aberration of the lens, 


176. Achromatic Lens:—As two prisms, one of crown glass 
and another of flint. glass, can be combined to obtain a deviation 
without dispersion (Art. 173), so by combining a convex or con- 
verging lens of crown glass with a concave or diverging lens of less 
power (i.e. longer focal length) made of flint glass (which has a 
higher dispersive power), the dispersion due to the crown glass 
lens may be neutralised by that owing to the flint glass lens ; but 
the deviation produced by 
the convex lens is only 
partially neutralised by the 
devation in the opposite 
direction produced by the 
concave lens so that the 
combination still acts as a 
converging lens [Fig. 195]. 
Such a combination of two Fig. 195 
enses in which chromatic 
aberration is reduced to a minimum is called an achromatic lens. It 
should be remembered, however, that such a combination of two 
lenses will not be achromatic for all colours of the spectrum but 
will be only achromatic for two given colours. 


All optical instruments like telescopes, microscopes, photo- 
graphic cameras, etc. must use achromatic lenses in order to avoid 
coloured images. ; 


g 
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176. (a) Achromatic Combination of Two lenses in contact :— 


When two lenses are in contact, the equivalent focal length is 
given by F, where, 


1 HN 
F EU eee p (1) * 

Here f, and fa are the focal 
lengths of the component lenses. 

Due to chromatic aberration, 
the principal foci for the red and 
the violet components will be 
different and for achromatism of 
the system the difference between 
the focal lengths of the red and Fig, 196 
. the violet components must vanish. 

The condition of achromatism is that F, — F,=0. 


Again as F ~ LEE, the condition of achromatism de- 
v 


F, EF, 
mands that 
ben 
We know, FUR E 
ae a d (a 
Now, Ron +- and £ (n, D(A -4 : 


. 1 - iE melas 
re n) had (> i } 
E LET: ET e SL : 
(ue) (4,71 G = 
=o,/f, 1* £ 
where œ, isthe dispersive power of the lens of mean focal length f,. 
Similarly, - = ) awzlfa. 
sy 2 
Where c, is the dispersive power of the lens of mean focal 
length fa. à 
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.. For achromatism, 


(1) 


Here o, and a, are positive. Hence f, and f, must be of 
Opposite signs. If f, refers to a convex lens, f, would refer a 
concave lens. If both lenses are of same material, f, = f, numeri- 


: 1 Ld 
cally (.' o,-0,). This would make L— 1...1 =0. so the 
mU sel REUS 
purpose of the lens combination is not served here, So 035505, If 
w, refers to crown glass and o, refers to flint glass, o, being 
greater than o,, f, must be greater than fy. Thus in order to 
make a converging achromatic combination of two lenses in 
contact, a convex lens of crown glass of smaller focal length is 
to be placed in contact with a concave lens of flint glass of greater 
focal length so that the above relation (1) is satisfied. In achromatic 
doublets generally the flint glass lens is made plano-concave (Fig, 
195) the concave surface of which is placed in contact with a 
Suitable convex lens of crown glass. If the convex surface faces 
the incident ray, this achromatic doublet also sufficiently reduces 
the spherical aberration. 


If a number of lenses are put in contact to form an achromatic 


combination, the condition is given by 5 70, where the summa- 


f 


tion () extends over all the component lenses. 


177. Achromatic Combination of Two lenses, separated by a 
distance :—The equivalent focal length F in this case is given by, 


Laid ars where a is the separation between the two 
F fi fa 143 


component lenses. 


T7 1 1 a 

=o t+ —4+— 5% z se I 
Fy TER, Tew Fivfav » 
SIN eee RI 
LÍ fi. Ser fix ar 


: LDS 
Por are age g^ 


and, oo i (I1) 


We know, l =(p—1) (1-2. So if we suppose the material 
7 1 Ta 
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of the two component lenses to be the same, / and o are the same 
for both the lenses and hence we can write, 
ates listed 1 

Acl B eg 

l1 u-l1 1 ki D DIU TUI 

Wag uif, f, w-1fy far. “Bates 

Substituting s (I) and (ID, we kaye, 

sd] (zi a 


a 
F, 2 +7)+ RES 


1 
and, = 
p ^55 Fifa = 
FA dena 
Bv — xs 15 (i Se 
c ere E 
po kt fir (2-1)? 
on a | (Hy = By) (p, u,-2Y _ ji 


ff. e7) u-i 
But p, +4, =2p approximately. 
The condition of achromatism becomes, 


1 1 2a Biy: 
teaming | 
or, EE or, a= cR m (<) 


The above relation gives the condition of achromatism for the 
two lenses of the same material separated by a distance, This 
principle is utilised in the construction of the Huygens’ eye-piece. 

Note: If the two lenses be of different materials having 
dispersive powers w, and ®,, the condition for achromatism is 
given by, 


a- - EEE e im (8) 
914-05 
The proof is left as an exercise for the students. 


In relation (x) o being absent, this condition of achromatism is 
valid for all colours, But it must be remembered that the equivalent 
| — focal length F is used here only in a restricted sense. So the 
achromatisation of focal length here indicates that theachromatisa- 
tion of magnification is only ensured and not necessarily that of 
position, It can be easily shown that for complete achromatisation 
of the system both for the magnification as well as for the position, 
each of the component lenses must itself be achromatic, 
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In order to make the system achromatic for two colours for any 
position of the object, it would not only be necessary to give F the 
same value but also to 
give the equivalent 
planes the same posi- 
tions for both the 
colours. This is not 
possible ;. neither it is 
possible to make the 

A system achromatic for 

Fig. 197 one position of the 

object. This is evident 

from the following treatment. Let pq be the final image of PQ 

formed by the lenses L, and L,, p,q, being the first image formed 

by L,. Let PQ=h,. p,q, =h; and pg=hs. Let L,Q—u, q1L, 73, 
L,q,—u, and L,q-v. 


h, wu hz u 
T Mie 22 wn By 
hen EP and ce 


hs y vju,u os E. on (1) 
hy 

If the images formed by two colours coincide in position and 
size, u, v and h/h, must be the same for both colours. Hence 
v,/u, should also be the same for these colours. But L,L, is a 
fixed distance. Hence in order to have v,/u,=constant, q, must 
be a fixed position for both colours, which automatically demands 
that both L, and L, must be achromatic themselves. 


178. Recombination of Colours :—(a) A pencil of white light 
is admitted through a vertical narrow slit S which is placed at the 
principal focus of an achromatic lens L (Fig. 198). The emergent 


Fig. 198 


parallel beam falls on the prism P, and is dispersed. P; is an 
exactly similar prism placed with its refracting edge opposite to 
that of the first so that the two prism constitute a parallel-faced 
slab of glass only. The beam dispersed by the prism P, enters 
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into P, and comes out as a parallel beam. The light received on 


a screen appears as white, the 
reason being the neutralisation of 
the disperison (or the angular 
separation) between the rays from 
one prism by the other. The incident 
pencil is only a little displaced later- 
ally. The borders of the white patch 
will be tinged with red and violet 
colours respectively owing to the 
dispersion of the extreme rays. 


b) Newton's Dise— The same 
effect can also be produced by the 1 va. d 
Newton's Disc (Fig. 199), which, is Fig, 199—Newton's Disc. 

a circular card-board disc divided nonum s 
usvally into four quadrants each of which is painted with the 
different colours of the spectrum in the proportion in which they 
are present in white light. When the disc is rapidly rotated by 
means of a whirling table, the impressions produced by the 
different cólours overlap, and the disc appears greyish white, The 
recomposition is due to what is called "persistence of vision" (vide 
Art. 147). 3 : 

(c) Thedifferent colours produced by the dispersion of abeam 
of composite light through a prism may also be recombined by the 
use of any plane mirrors placed suitably so as to reflect each of the 
dispersed colours to the same spot on a screen. The resultant 
effect resemble the original colour. £ . 

179. Colours of Bodies :—(a) It has been verified by experi- 
ments that coloured bodies, whether opaque or transparent. have 
got no colour of their own. Their colours are determined by (i) 
the nature of the incident light ; (ii) the proportion of it absorbed 
by them, and (iii) the ior of the colours produced in the eye 
by the colours not absorbed. : 

j Incident light.—Sunlight is white because all the different con- 
stituents of white light are present in it in necessary proportions 
but all the so-called artificial white lights are not really white. 
They more or less lack some constituents of white light. For 
example, the light from an electric lamp contains much more Des 
orange and less blue-violet ; that from a gas lamp is reddish-ye ia 
and deficient in the blue constituent. So a blue suit looks dar! er 
in artificial light. Light from an electric atc Is almost as day lig He 
So the colours of bodies may be much changed, if the incident light 


» jo One mdi O the light incident on an Mim beu 
ortion i t the sufrace, some may penetrate a little 
sporia R return in part, and some may be 


di into it and then 
completely itae Hid. The colour of an opaque body then depends 
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upon the nature of the incident light and also upon the light 
absorbed by it. The body appears coloured with the constituents 
reflected by it. Thus in white light a red flower appears red because 
it absorbs all the constituents except the red which is reflected by 
it. A body appears white as it reflects all the constituents of white 
light absorbing nothing, and a body is black when it absorbs all the 
constituents reflecting nothing. Thus the colour of the reflected 
light is not due to something added to the incident light but some- 
thing usually subtracted from it. 


By passing an object along the different parts of a spectrum, the . 
theory of colours may be verified. A white flower appears white in 
white light but it will appear red in red light, green in green light, 
and soon. A red flower will appear bright red in the red part of 
the spectrum but black in other parts as it absorbs all the colours 
except the red which it reflects, Seldom we get a body having a 
pure colour, so the reflected colour is not always a pure colour, 
but may be a mixture of their adjacent colours ; hence a body 
when held in the spectrum may appear bright in one portion, but 
not totally black in the adjacent portions, as it may reflect these 
colours also to some extent, 

(ii) Transparent Bodies, - When white light is incident ona 
transparent body, it absorbs some constituents and transmits the 
fest to which its colour is due. A piece of red glass appears red 
because it absorbs practically all the colours except the red which 
it transmits, Again, if the object be held in a light whose colour is 
other than that of the body, it will appear black. So a picce of red 
sealing wax will appear red through red glass, but a blue or green 
object. will appear black because the red light coming through the 
red glass is absorbed by the blue or the green object and the obser- 
ver receives no light, 


The colours of many coloured glasses are not, however, pure ; 
yellow glass transmits yellow, and green and orange as well as 
blue glass allows indigo and green besides blue. So the combination 
of these two glasses will allow the light common to both of these, 
i.e. green. 

Even a good transparent body like water, glass, etc, absorbs 
some light, which may not be noticeable in thin layers, but the 
effect is marked in thicker layers, Ordinary deep water looks 
grcenish, but when the depth is very great it may appear black. 

(b) Colours of Powders.—The colours of many substances in 
the powdered state look lighter because the incident light is 
repeatedly reflected from many particles in different layers and so 
is unable to penetrate far below to be absorbed. If, however, the 
powder is very finer, practically no absorption will take place and 
the powdered mass will appear white due to the diffused light 
reflected in all directions. 
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180. Colours and thelr Mixtures :— 


(a) Primary and Complementary Colours: Mixture of 
Spectral Colours.—1t was shown by Newton that all the seven 
paie colours into which white light was split up could notbe fur- 
ther analysed, i. e., those colours were pure. But there are three 
spectral colours, red, greem and blue, by mixing which in right 
proportions practically all colours can be obtained, They are, 
therefore, called the primary colours. Any two spectral colours 
which together give white light, are called complementary colours. 
Thus bluish green and red yellow and blue, greenish-yellow and 
violet, are complementary. 


If red light and green light are mixed, the resulting colour is 
yellow, which the eye cannot distinguish from a certain spectral 
yellow ; but a. spectroscope will at once show the difference ; for 
the spectral yellow seen through a spectroscope will remain yellow 
whilst the yellow formed by the mixture, when examined by a 
spectroscope will be separated into its red and green components. 

It is clear from this that wave-lengths determine colour but colour 
does not necessarily determine wave-length, 

(b) Colours of Paints or Pigments and their Mixtures —The 
mixing of coloured paints or pigments is not the same as that of 
mixing of two coloured lights or spectral colours, For example, 
yellow rays of the spectrum mixed with blue rays produce white 
lights, but the mixture of yellow and blue pigments appears green, 
The colours of pigments depened upon the particular colour or 
colours cach absorbs. This is because the yellow particles of the 
pigment absorbs all except yellow, and blue and green particles of 
the pigment absorb all except green and blue, Hence the mixture 
reflects, the green rays alone which are not absorbed 

To sum up, we may say that in the case of mixing spectral 
colours we have the effects of superposition or addition, while in 
the case of mixing pigments the effect is of absorption or subtraction 
of colours, 

181. Retinal Fatigue :- When we look intently ona bright 
object for some time and then suddenly turn our eyes onto a white 
surface, we do not see the object in its actual colours, but the shape 
of the object is seen in dark outline: This phenomenon is called 
retinal fatigue. This is due to the fact that the nerves of the ret ina 
being excited by strong light become insensitive for some time to less 
powerful source, The colours of the temporary illusive image — 
called the after image — which is seen due to the retinal latigue are 
complementary to the actual colours of the object. Thus when we 
gaze intently on a red patch printed on a white screen for some 
time and then suddenly look at a white surface we see a greenish, 
blue patch, as greenish-blue is complementary to red. Similarly, 
when we gaze ata blue patch painted on red background, it will 
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appear temporarily to be red on a blue background after suddenly 
turning our eyes on to à white screen. 

182. Colours in mature :— 

(a) The colour of the Sky.—1t may be noticed that of the sea 
waves of various sizes—striking at the side of a ship lying at 
anchor, only the smaller waves are thrown back ( i e. reflected ) 
from the sides of the vessel while the large waves pass right or 


wavelengths) starting from the sun pass on through the atmosphere, 
they encounter innumerable dust and air particles which can easily 
scatter the smaller waves | i.e. blue and violet waves), but they are 
not large enough to stop the large waves (i.e. red waves), So the 
red waves pass right on like the large seg waves passing the ship, 
while the blue and the violet waves become scattered. For the 
reason the sky appears blue. 

(b) The Colour ofthe Sunset. The sun at midday is nearest 
to us, but as it sinks lower towards the horizon the rays have got 
to travel through a greater depth of the atmosphere and gradually 
more and more of the smalier waves ( i.e. violet, blue, etc.) are 
scattered or reflected, and finally the larger (i.e. red) rays predomi- 
nate and produce the beautiful colour of the sunset. 

183. The Rainbow :—The rainbow is a beautiful solar spectrum 
formed when the sun shines on raindrops or fountain spray. The 
result is due to reflection, refraction and dispersion of the rays by 
raindrops, and an observer standing with his back to the sun, sees à 
citcular arc of spectral colours in the sky, the red being at the top 
or the outer edge, and violet at the bottom or the inner edge. This 
is called a Primary Rainbow. Sometimes another arc is seen outside 

, the first with the order of the colours reversed i e; violet on the 
top and red at the bottom. This is known as a Secondary. Rainbow. 
The Primary Rainbow.— The primary bow is produced by rays 
of light which have undergone two refractions (not total reflection) 
in the raindrops. In 
order to understand the 
formation of the primary 
bow, consider light from 
the sun falling in paral- 
lel rays upon a spherical 
raindrop. One of the rays 
is shown in Fig. 200 in- 
cident at A, It will be 
refracted at A and, on 
reaching the surface of 
the drop at B, some of 
Fig. 200—A ray of light from the sun the light will pass out, 

suffering refraction in a raindrop. but the rest. will be 

: , 
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reflected and will reach C, where some will.emerge along CE while 
a fraction will be reflected at C inside the drop. Here the angle of 
deviation D of the ray incident at A will be given by, 
D=2- Z ADC -1—2Z ADO 
=n—2n-' Z ABD 4- £DAB)} 
-2n0-2[s-(7-r)-(i- r.] 9 1--2i - Ar. 

Rays will be incident on the drop at all angles between 0° and 
90° ; those falling normally (i=0°) will pass through the centre of 
the drop and will be reflected back along the same path for which 
D will be 180°. 1f a graph be plotted between D and i of any ray, 
the curve will be like that shown in Fig. 107, and the minimum 
value of D for any ray can be obtained from the graph. The 
minimum value of D, however, will be different for different 
colours. For red this value is 138°, the corresponding angle of 
incidence being 61°, and violet beng more refrangible than red, the 
minimum value of D for violet is 140°, the corresponding angle of 
incidence being less than 61°. 

It will be noticed from Fig. 107 that for rapid changes of i in 
the neighbourhood of the lowest point on the curve, D changes 
slowly, and consequently the emergent parallel rays will be more 
closely packed ; so when the rays traverse the drop in such a way 
that the deviation is a minimum, then they become sufficiently con- 
centrated in one direction to be seen by the eye. Each ray of the 
beam from the sun suffers a deviation which is different for 
different colours and so dispersion would take place resulting in 
the formation of a spectrum. It has been seen that in a bow the 
emergent red rays make an angle of 42° (i.e, 180°— 138°), and the 
violet rays an angle of 40'(i.e. 180* — 140"), with the line parallel 
to the original direction, i.e. the 
line joining the sun and the eye 
of the observer. 


Fig. 201 shows an observer at 
E with his back to the sun facing 
the raindrops 4,, Aa, etc. Hence, 
if with the eye E asthe apex, a 
cone having a semi vertical 
angle of 42° (i.e. 180°+ 138 ) with 
its axis EK parallel to the sun's 
ray is drawn, all the red rays 
emerging from drops lying on 
the bounding surface of this cone 
will travel. towards the eye E of 
the observer; and since these 
rays will have suffered minimum 
deviation they will be easily 
seen, Now the violet being more R à 
refrangible, that is, the refractive Fig, 201— The Rainbow. 
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index of water for the violet light being greater than that for 
the red, the angle of minimum deviation (140°) is greater for the 
violet rays than for the red and so the semi vertical angle of the 
corresponding cone will be less for the violet than for the red rays. 
It has been found that the emergent violet rays are inclined to the 
same line EK at an angle of 40°, and all the drops lying oa the 
pounding surface of this cone will send violet rays to the eye. The 
other colours will occupy intermediate positions between these. 
Thus the primary bow consists of a coloured arc, red on the outside 
and violet on the inside. 


Secondary Bow.—Here the sun’s rays suffer two reflections and 
two refractions, as shown at A; and A, in Fig. 201, and the violet 
light emerges making an angle of 54° and the red an angle of 51° 
with the line EK from the sun to the observer. Thus the colours 
in the secondary bow are reversed, violet being on the outside and 
red inside. The secondary bow is much fainter than the primary 


bow. 


184. Transformation of absorbed Radiation :— Generally all 
bodies are warmed up when lizht waves fall on them, which means 
that light waves are absorbed by the bodies and are transformed 
into longer heat waves. There are also many substances which 
absorb light rays of one wave-length and emit light of another 
wave-length, This is shown by the following phenomena— 


(a) Fluorescence.—Some substances when exposed to light of 
one kind becomes luminous and continue to emit light of another 
kind as long as the stimulating light is present. These substances 
absorb waves of the particu'ar colour, say violet and emit waves 
of another colour, say blue. This phenomenon is called fluorescence 
and the substances exhibiting this property are called Fluoresceat 
bodies, This effect is only confined to the surface layers of the 
bodies and lasts as long as the radiations fall on the fluorescent 
substance. This effect was first noticed in fluorspar calcium 
fluoride) and hence it is termed fluorescence. It should be noted 
that it is not a case of reflection (though the effect is confined to 
the surface only), as the colour of the emitted light is changed. If 
a solution of chlorophyll (the green colouring matter of plants) in 
alcohol is exposed to white light in a dark room, the emitted light 
is brilliant red. Ordinary paraffin oil, or a solution of quinine 
sulphate, exposed to sunlight, presents a bluish appearance. 
Uranium glass is a strongly fluorescent solid, mineral willemite, 
calcite and some fossils are also fluorescent. ; 


Again, certain substances exposed to invisible ultra violet radia- 
tions emit radiations of longer waves and become visible, 

Luminous dials of watches and clocks are coated with a 
compound of radium mixed with crystalline zinc sulphide The 
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greenish yellow light which comes out is the result of the impact 
of the <-rays (Part VII) given out from the radium on the zinc 
sulphide. t 


The fluorescent screens used in X-ray work.are coated with 
barium platinocyanide. These screens will fluoresce yellow under 
the action of X-rays and give out a greenish glow in the violet and 
ultra-violet parts of the solar spectrum. In studying the pheno-. 
menon of fluorescence quartz lenses and prisms are to be used 
instead of those of glass. 


In fluorescence the atoms of the substance absorb a portion of 
the spectrum of the incident radiation and re-emit it in another 
portion of the spectrum, This transformation is, however nearly 
always from a smaller to longer wavelengths, a fact known as 
Stoke’s Law. Thus it is a sort of step-down transformation of 
frequencies of the radiations. 


(b) Phosphorescence—Certain substances when exposed to 
sunlight for some time, retain their fluorescent state even after the 
light is completely cut off. This phenomenon is called phosphores- 
cence, the term being derived from the glowing of moist phosphorus. 
in dark. 


Phosphorescent paints can be purchased which absorb light 
during daytime and give it out at night. These paints contain 
calcium sulphide and barium sulphide. Balmain's luminous paint, 
à sulphide of calcium, glows for hours after being exposed to a 
strong light. Sulphides of barium and strontium and some salts of 
aluminium, uranium and platinum are phosphorescent. 


The glow-warm and many marine forms of life are self- 
luminous and they are different, from phosphorescence. The 
phosphorescence of decaying substances, such as rotten fish etc. 
seen at night, is due to some bacteria giving out light. 


The difference between phosphorescence and fluorescence lies in 
the fact that the former effect persists for some time while the 
latter ceases after the exciting light is cut off. 


The explanation of phosphorescence is that some sort of 
chemical change is produced by the original illumination. This 
change is unstable and so when left in the dark the body gradually 
reverts to its stable condition by emiting light. . 


It has been found that violet and ultra-violet rays are most 
effective in exciting phosphorescence, and also fluoresence. 
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(c) Calorescence.—Some substances wiich can absorb long 
heat waves and transform them into smaller light waves are called 
calorescent substances. If light from an arc-lamp be passed through 
a solution of iodine in carbon bisulphide to cut off the light rays, 
and then the heat radiations be focussed on a thin sheet. of 
platinum, the platinum sheet becomes highly luminous, i.e., gives 
out visible light radiations of smaller wave-length (first shown by 
Tyndall). 


185. Josef Fraunhofer (1787—1826) :— 


He was born at Straubing on the Danube, son of a glass-maker 
of small means. Passing through untold miseries of life, he 
ultimately started life with a 
glass-grinding machine, and 
gradually learned also engrav- 
ing on metals. Afterwards he 
joined a large optical works 
where he successfully made 
large pieces of flint glass—a 
lead glass of high refraction 
and dispersion suitable for 
the finest optical purposes. 
He also attained a control on 
the quality by measuring the 
refractive index which he 
determined from prisms cut 
out of the manufactured glass. 
By the use of a like prism he 
found the absorption lines in 
the solar spectrum, now 
Josef Fraunhofer known as Fraunhofer's lines, 

which Newton had not seen. 


The precise measurements of the wave-lengths of the different 
colours which he made also greatly helped the construction of 
achromatic lenses. Powerful refracting telescopes also were 
constructed with glasses manufactured by him and this aided 
astronomy to an extent hither-to-before not possible, We owe to 
him also the knowledge of the conditions of getting pure spectrum, 
such as the use of a fine slit, paralellism of the rays through the 
prism, and observation through a telescope. 

In his later years Fraunhofer engaged himself with studies on 
the phenomenon of diffraction of light. The finest grating which 
he made had 300 lines to the millimetre, He was, in short, a 
tireless enquirer of truth and an inventive genius. He died at 
thirty-nine, a bachelor. On his epitaph is written *'Approximavit 
Sidera" (He brought the stars nearer). 
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186. Robert Wilhelm Bunsen (1811— 1899) :— 

The place Heidelburg shall ever be remembered by posterity 
for a unique combination of two rare men of science, Bunsen and 
Kirchhoff. 


They combined their talents 
here for investigations on the 
composition of materials, and 
began from where Newton and 
Fraunhofer left the problem. 
For experiments on flame 
colouration with the ultimate 
object of obtaining a method 
for chemical analysis without 
the use of wet reagents, 
Bunsen felt the need for a 
burner giving a steady flame. 
When in 1885, gas lighting was 
introduced in Heidelburg, he 
immediately set to work for it. 
The Bunsen burner which the 
world knows to-day resulted 
from this work. Fora labora- 
tory it is not only an ideal heat 
source but in a way italso form- 
ed the foundation of our science 
of spectrum analysis. Since 
his time it has now become R. W, Bunsen 
possible to evaporate on a pure platinum wire any substance in the 
non-luminous ga5 flame and to cause them to emit light. This 
light, following Newton and Fraunhofer's method, could easily be 
made to lend itself for spectral decomposition by using a prism. 
Thus a new technique of chemical analysis was obtained. The 
greatest advantage of it again is that the method succeeds even 
when a substance occurs in a sample in traces only. By his method 
he himself discovered two new elements, rubidium and caesium, 
and since his time his method has served as the most accurate 
method for identification of elements already known, and discovery 
of new ones. He is truly regarded as the founder of spectrum 
analysis by emission. Besides this, his name is also very widely 
associated with a variety of very outstanding achievements. He 
discovered a cell, called the Bunsen cell, which was widely used at 
his time for producing strong currents. Using such cells he 
electrolytically prepared pure metals like calcium, aluminium, 
magnesium, etc, Burning magnesium and reproducing Davy’s arc 
light with strong currents from Bunsen’s cells he produced new 
sources of light with unattained intensity to measure which he 
invented the Grease Spot Photometer. His electrolytic preparation 
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of pure metals led him to invent the Ice calorimeter with which to 
measure specific heat accurately for purposes of atomic weight 
determination, Regarding his other achievements, his work 
concerning the interior of the earth, volcanic phenomena and the 
formation of rocks are certainly noteworthy. He made a scientific 
journey to Iceland in 184g where he discovered the nature of 
geysers, In this connection he later investigated the dependence 
of melting point on pressure, an important knowledge for latter 
workers. He worked also on the Cacody! series—a branch of 
Organic Chemistry—and recognised in this substance a radical 
consisting of carbon, hydrogen and arsenic. 


He was born in Gottingen, son of a Professor of Philosophy. 
He entered the local university at seventeen where latter hebecame 
a member of the staff, In 1836 
he’ joined the Technical School 
at Cassel, and then eventually 
changing from the universities 
of Marburg and Breslau, he 
ultimately came to Heidelburg 
in 1852, where he remained for 
thirty-seven years till retire- 
ment, These were for him very 
fruitful years of research and 
teaching unique in the history 
of Heidelburg. His life lay 
almost entirely at the labora- 
tory—a true devotee to the 
cultivation of pure science, He 
did not found a family. At the 
age of seventy-eight he retired 
from teaching. 

187. Gustov Kirchhoff 
(1824—1887) :— 

Gustov Kirchhoff Though Bunsen and Kir- 

chhoff should be regarded as 

combined talents founding the science of spectrum analysis Bun- 

sen’s own contribution to it chiefly related to the emission of light 

while Kirchhoff's to absorption of light.. The law known as Kir- 
chhoff’s law on spectra embodies his monumental work. 


This law gives a complete explanation of the Fraunhofer's 
lines of the solar. spectrum and other absorption spectra. It reveals 
the existence of the same terrestrial elements, such as sodium, 
hydrogen, iron etc., in the atmosphere of the sun, nay in all 
celestial bodies too, whatever are their distances and thus seeks to 


establish a general truth that matter everywhere is alike and the 
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universe isa whole. Besides his spectral investigations, mention 
should be made here also of his laws on the distribution of currents 
in networks, these being enlargements of the Ohm’s law, 


He was born at Konigsberg in Prussia, son of a legal dignitary,. 
After completing his studies here he first entered the Berlin Uni- 
versity in 1848, but later became an assistant professor in Breslau. 
At this place he met Bunsen at whose instance he obtained an invi- 
tation to Heidelburg, in 1854. Here he had his most fruitful years. 
In 1875, he left for Berlin to work alongside Helmholtz, 


Questions 


,l. Explain clearly why a prism is chosen for producing spectrum. Draw a 
diagram of the arrangement for producing a pure spectrum and add notes on the 
different parts. (Pat. 1932) 


2. Explain what you understand by 'disperison' of light. What is a pure 
spectrum? Describe an experimental arrangement for the formation of a pure 


Spectrum ona screen. (C. U. 1957) 
3. What is spectrum? Distinguish between a real and a virtual spectrum, 
a pure and an impure spectrum. (Pat. 1941) 


4. What is a pure spectrum and how can it be produced? Describe experi- 
ments to show that the radiation from an arc lamp extends beyond red at one 
end and beyond violet at the other end of the spectrum. 

(Pat. 1931 ; cf. G. U. 1949) 

[Hints.—In the Infrared part of the spectrum (i.e, beyond red) the heat 
radiation can be detected by « thermopile or an ether thermoscope. The radiation 
in the ultra-violet portion (beyond violet) can be observed by the aid of photography. 


A photographic plate exposed to the ultra-violet rays will be found to be affected 
on development] 


5. Describe a spectrometer. Explain why it is necessary to place the prism 
in the minimum deviation position. (C. U. 193 
6. Why does a white object look coloured when seen through a prism ? 
What is a spectrum? How is a pure spectrum formed? How does a careful 
study of a spectrum help us in understanding the composition of the source ? 
(C. U. 1952) 
7. Explain how a pure spectrum may be formed on a screen by means of a 
prism, a slit and two convex lenses. Illustrate your answer with a neat diagram 
showing the course of the rays, (Pat, 1948) 
8. What differences are there between the spectra of the light from an 
ordinary electric lamp, a sodium flame and the sun ? 
+ . (Pat. 1948 ; cf. U. P. B. 1947) 
9. Discuss in general terms the spectrum produced by the following:— — 
(a) When the sun is used as a source of light; (b) When the light is 
produced by an incandescent solid; (c) When the flame of a Bunsen burner 
is coloured: by sodium light; (d) When light is produced by a luminous gas 


flame. 
(C. U. 1923, 25, '28, '32, '45 , Pat. 1928. '36 ; cf. Dac. 1929, *35) 


10. What would be the nature of the spectra of light from (a) the sun, 
(b) an electric bulb, (c) a neon lamp, (d) sodium salt in a Bunseh flame ? 


(G. U. 1950) 
11. A clean platinum wire is gradually heated in a non-luminous Bunsen flame 
and observed through a spectroscope ; state what you observe. (C. U. 1933) 


12. Objects, which appear Polen Age DEG light arc illuminated by 
i Describe and n the effects observed. 
a sodium flame. ibe and explai (C. U. 1909, "11, 24) 
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13. A gas absorbs from the incident light just the rays it itself emits, How 
would you verify this experimentally ? State the importance of the principle. 
(Pat. 1924, '29) 
14. Describe briefly the nature of the observed spectrum when the source of 
light used is(a) an iron arc. (b) a white hot carbon and with a glass cell contain- 
ing dilute solution of permanganate of potash in front. (Pat. 1946) 
In what ways does the solar spectrum differ from that produced by an arc- 
lamp? How do you account for these differences ? (Pat. 1938) 
15. What are Fraunhofer's lines in a solar spectrum? How has their origin 
been explained t (Pat. 1946 ; cf. Utkal, 1950) 
16, What isa pure spectrum ? Show, by diagram, how a pure solar spectrum 
can be formed on a screen. (G. U. 1957) 
17. Describe a solar spectrum, and give a gencral explanation of the 
dark lines in the spectrum. (C. U. 1913; All. 1922; G. U. 1957) 
18. What are Fraunhofer's lines, and how are they produced ? What infor- 
mation is obtalned from them about the sun ? (U. P. B. 1948) 
19. What difference would you observe between the spectra of (o an in- 
candescent solid, (b) a sodium flame and (c) the sun ? (C. U. 1956) 
20. How will you study the spectrum due to (a) candle flame, (b) electric 
bulb.(c) sodium flame and (d) the sun? (U. P. B. 1950) 
21. What will be seen on placing before the slit, (a) an arc lamp, (b) a 
sodium flame, (c) the arc lamp and in addition, the sodium flame interposed 
between the arc and the slit ? 
Account for the peculiarity, if any, observed in the last case. 
(Utkal, 1944) 
22. Describe the constituent parts of a spectroscope and their functions. 
State how you would fit it up and show the path of monochromatic light 
through it. (C. U. 1935, '56 ; cf. Pat. 1934, '46) 
23. Describe the different parts of a spectrometer. How will you proceed to 
use the instrument to find the refractive index of a p 
(Del. U. 1938 ; C. U. 1937 ; All. 1946) 
24. What is monochromatic light? How would you verify whether a given 
light is monochromatic or not t (All. 1945) 
25, How could you produce dispersion without deviation ? Describe, with a 
sectional diagram, an instrument for studying spectra, based on the above 
principle, (G. U. 1950) 
26. Distinguish between ‘dispersion’ and ‘deviation’, Describe a contrivance 
by which you can get dispersion without deviation. 
(C. U. 1922, '25, of. '46 , All. 1921, '44 ; Pat. 1936) 
27. Differentiate between ‘angular disperison’ and ‘dispersive power". Invest- 
igate the conditions so as to produce dispersion without deviation or deviation 


without dispersion in a combination of prisms. (M. B. B, 1952) 
28. Give a short description, with a neat diagram, of the direct-vision spect- 
roscope. ( C. U.1933 ; All. 1944) 
29. Describe the construction, working and use of a direct-vision spect- 
roscope. (R. U. 1950) 
30. Describe any two methods of re-compounding, to form white light, the 
various kinds of light obtained in a spectrum, (C. U. 1946, *49) 


31. Describe and explain the appearance of (a) a red flower, (b) a green 
flower, (c) a piece of white paper and (d) a black object, when they are moved 
from one end of the spectrum of white light to the other. (Pat. 1933) 


32. Explain wby coloured glass appears white after being crushed to a fine 
po» der. (G. U. 1950) 
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33. Why do white objects appear blue, and yellow objects black, when seen 
through a thick blue glass? Describe some experiments to show that jon 
explanation is correct. (Dac. 1932) 

34, What is the colour of an object due to ? ae why (a) a mixture of 
ordinary blue and yellow pigments appear green, and (b) when dark blue crystals 
are ground into fine powder, the colour of the latter appears to be light blue. 

(Pat. 1940 , C. U 1941) 

35. A dark blue suit appear black when viewed in candle M Bou 

, U. 1957) 

36. Blue and yellow sectors on a rotating disc give white, while blue and 
yellow glasses combined transmit deep green or none at all. Explain. 

1 (G. U. 1950 ; Pat. 1927) 

37. Write short notes on the following :—(a) Complementary colours, 
(b) pioapuorotice (c) Fraunhofer lines. (G. U. 1922) 

38. Why do ordinary blue and yellow pigments appear green when mixed 
Objects which appear vari coloured in white light are illuminated by sodium 
flame. Describe and explain the effects observed. (C. U. 1919, 44) 

39. A man gazes intently, for a time, at a red square painted on a piece of 
white cardboard. He then looks at a white screen and appears to see a square 
different colour. What colour does he see? Explain the phenomenon. The 
experiment is repeated with a blue square painted on a red background, Describe 
and explain what the observer notices on looking at a white screen immediately 
afterwards. (C. U. 1941) 

40. What is the difference between phosphorescence and fluorescence ? 

(All. 1921 ; ef. C. U, 1935) 


CHAPTER VIII 


Velocity of Light : Theories of Light 


188. Velocity of Light :—The velocity of light was first. deter- 
mined by a Danish astronomer, named Römer, in 1676. He 
observed the eclipses of one of Jupiter's satellites. The planet 
Jupiter has got many satellites revolving round it in the same way 
as the moon revolves round the carth. Moreovet, their orbits lie 
nearly in the same plane as the orbit of Jupiter rouhd the sun, So 
each satellite becomes eclipsed when in course of revolution it 
passes into the shadow of the planet cast by the sun. The interval 
between two consecutive eclipses of the innermost satellite of 
Jupiter is 42 hours 48 seconds, That is, this is the time required 
for one complete revolution of this satellite round Jupiter. 


Rómer's Method— 


As a satellite moves round Jupiter, it takes a constant time to 
complete one revolution, for it moves with uniform velocity. 
Rómer kept observation of the innermost satellite of Jupiter using 
an astronomical telescope. He continuously recorded for over an 
year the successive instants of time, as he observed them from the 


earth, every time this satellite entered into the umbral shadow of 
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Jupiter cast by the sun and became eclipsed. An eclipse takes 
place once in every complete revolution of the satellite round 
Jupiter, Rómer found that the observed time intervals between 
successive eclipses all round the year was not constant. 

If light takes no time to travel from one point to another, then 
the light emitted by the satellite before an eclipse just occurs will 
be received by an observer on the earth at the same time, irres- 
pective of the relative positions of the satellite and the earth, and 
the time interval between two successive eclipses will always be 
constant But Römer found it not constant, This could be so, 
Römer argued, if light takes a time to travel from one place to 
another, i.e, if light has a finite velocity. For, the instant of 
time when an eclipse of the satellite will be observed from the 
earth will then depend on the distance of the earth from the 


Fig. 202—Rómer's Method. 


satellite at that moment. So consequently, if the eclipses are 
observed from the earth, time interval between successive eclipses 
will vary as the relative distance between the earth and the sate- 
Mite will change. The variation of this time interval will be the 
smallest or the greatest when the actual distance between the earth 
and the satellite will change the least or the most between two 
successive eclipses. 

Jupiter takes 11°86 years to complete one revolution round the 
sun. Let E,, Ea and E, be positions occupied by the earth in 
succeeding times while moving in its orbit round the sun during a 
little over one year and let J,, J, and J, be the positions of Jupiter 
in its own orbit during corresponding instants of time. Suppose 
at E, and J,, the earth and Jupiter are nearest to each other while 
they are farthest from each other at E,J, during one revolution of 
the earth round the sun. The first position, E,J, where the sun, 
the earth and Jupiter are in the same straight line with the earth 
in the middle is called a position of Conjunction. The second 
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position E,J, where they are in the same straight line again but 
with the sun in the middle is called a position of Opposition. Let 
the next position of conjunction be at E.J.. 

Rómer observed that the time interval between successive 
eclipses was shortest at about the position E, of the earth and it 
increased in succeeding months reachinga maximum value at a 
position midway between E, and E; and gradually decreased to a 
minimum again at the position of opposition E, ; then this interval 
increased again in succeeding months till it became a maximum 
again at a position midway between E, and E,, decreasing again to 
a minimum at Es, the next position of conjunction. He found that 
if the eclipse at E, is taken as the first, the eclipse at E, will be 
113th and that at Ez, 225th. 

Let 9 be the actual interval between two successive eclipses. 
If n eclipses take place during the time the earth moves from the 
first position E, of conjunction to the position of opposition E,, 
the actual interval between the occurrence of the first and the nth 
eclipse is (n—1) 0, The interval T,, which will be observed from 
the earth's surface, will, however, be given by, 


. T,2(n-1) d -44, where y is the velocity of light, 


This will be so, because an eclipse will be observed on the earth 
4 distance between Earth and Jupiter 

later by a time equal to SU eVo i Gare after 
its actual occurrence; it should again be noted that the first 
eclipse is observed when the earth is at £,, and the last eclipse 
when it is at Ep. ` 

Again, n eclipses will occur as the earth moves from the 
position E, of opposition to the second position E, of conjunction 
again, and so the time interval T, between the first and the mth 
eclipse, as observed from the earth, will be given by, 


T,=(n—-1) 9 Eis - as, for the same reasons. 


But E,J,—E,J,— D E,J,- E,J, — (practically) the diameter 
D of the earth's orbit round the sun, assuming the orbit to be 
circular. 

7, =(1- 1942, and T,-(n- 16-7. 
2D 

TTC 

Römer found (7,-T,) to be 33 min. 12 secs., D was taken 
by him to be 191 x 10* miles. His value of velocity of light in air 


_2x 191 x 10° | : -Toa 
was thus=— 55 x 60 191415 miles/sec. = 192,000 miles/sec, 


(approximately). 


T; -7,=2, whence v= 
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The accuracy of Rémer’s method was limited by the accuracy 
with which the diameter of the earth’s orbit was known in Rómer's 
time. 

Sources of Errors.— 

1. The earth's orbit is actually elliptical with the sun at one 
focus, while Rómer assumed it to be circular. 

2. Asthere was no precision chronometer in Rómer's time, it 
is unlikely that the observed difference of 33:2 min. in a continuous 
record of time for about a year is free from doubts. 

189. Fizeau's Method :- Fizeau was the first to measure the 
velocity of light in 1894 over terrestrial distances. The principle 
of his method was to send a light signal to a distant station. from 
which it travelled back and calculate the velocity by noting the 
interval of time taken. The diagram of his apparatus in a simpli- 
fied form is given in Fig. 203. A beam of light from a bright 
source S passes through a convex lens L, and is brought to a 
focus at the plane of the toothed wheel D, after being reflected by 
a plate of glass P placed at an angle 45° with the horizon, The 
toothed wheel rotates in a plane at right angles to the beam of 
light reflected from the glass plate P. The wheel has a large 
number of teeth equally spaced along its circumference, the 
opening between any two teeth being equal to the space occupied 
by a tooth. As the wheel is rotated, the light is alternately inter- 
cepted by a tooth and transmitted through the next opening, The 
plane of the disc is at the principal focus of a convex lens L,, so 
that the transmitted rays emerge from L, as a parallel beam, 


L 


Fig. 203—Fizeau's Method. 


which after traversing a distance of a few miles, arrives at the 
lens Lẹ and is brought to a focus at the surface of a concave 
mirror M whose centre of curvature is at the centre of 
the lens Ls Then the rays are reflected back and 
retraverse their path as à parallel beam, and if the light 
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is not obstructed the rays will be reflected by P to S, some being 
transmitted to the eye E through P. The observer at E will then 
see the image of S. 

The wheel D can be rotated with great velocity about its axle. 
It is possible by rotating the wheel, and so adjusting its speed, that 
when a beam of light after passing through the opening between 
two teeth of the wheel comes back to the wheel after reflection 
from the mirror M, it finds atooth in place of the opening and thus 
gets stopped. The result of this will be that no image of the source 
will be seen. If the speed be doubled, the light will pass through 
one opening and will fall on the next opening after reflection from, 
M and the image will be visible, If light travels with finite velocity 
then the speed of rotation of the wheel will affect the image seen, 
and if light travels instantaneously, however, great the speed of 
rotation may be, the image will always be visible. Fizeau found 
that the speed of rotation affected the visibility of the image, and so 
he concluded that light travels with a finite velocity. If the speed 
be so increased that more than 10 images are seen in one second 
then due to persistence of vision a continuous image will be seen, 
But Fizeau so adjusted the speed that the light travelled from the 
plane of the wheel to M and back again in the time taken by the 
next tooth to come into the position of the opening and thus light 
was cut off from the observer at E. : p 

Calculations.—If light travels with . velocity v andif it takes 
time T to travel from the plane of the wheel to the mirror M (a 


Let n be the revolutions of the wheel made per second. Then 
the angle turned through by the wheel per second, Le. the angular 


The time taken by the wheel to turn through an angle à which 
is subtended by an opening at the axle of the wheel=0/2an- 
When the lipht was cut off for the first time for à particular 


E edt 
T=6/2nn. Weis Sian 4nnx/0. 


If m=number of teeth in the wheel, and if an opening is equal 
to one tooth, 


2m0=27; or G=alm 


, Amnx | 
zs. vm4nnx[o Ehe 4mnx. 

In Fizeau's experiment, the wheel had 720 teeth and made 12:6 
revolutions per second when the image of the source was eclipsed. 
So the time for one revolution of the wheel was 1/2:6, The teeth 
and openings were of equal length and so they together numbered 


936 INTERMEDIATE FHTSIOR 


(2x720). Therefore, the time taken by a tooth to occupy the 
position of the preceeding opening, 


2% 720% 126 second, 

The distance between the plane of the wheel and the concave 
mirror M was 8633 metres ; so light travelling from the plane of 
the wheel to M and back traversed a distance of (2x 8633) metres. 
Therefore the velocity of light according to this experiment, 


xw $313 x 10'? cms, per sec, 


Advantages and disadvantages.— 

Advantages.—(1) It is a terrestrial method and the time of 
Observation is small. (2) All the quantities involved in the 
calculation are measurable and no assumptions are necessary. In 
these respects this method is superior to Rómer's method. 

Disadvantages.—(1) The primary difficulty for Fizeau was in 
regard to the production ánd measurement of a high speed of 
rotation of the wheel, Moreover, it was difficult to determine the 
specd at which the exact extinction of image took place, 

(2) The light, when not peut through an opening, was ro- 
flected by the intercepting tooth back into the field of view causing 
a general illumination of the field of view. This made the image 
less distinct, 

(3) A large open-air space, about 4 miles in Fizeau's experi- 
ment, is necessary and so this experiment cannot be done in a 
laboratory. Moreover, due to absorption of light in the open-air 
space and loss of light by reflection from the glass plate P, the 
image received by E is faint. 

190. Foucaul's Method (A Laboratory Method) :—Wheat- 
stone conceived the idea of such an experiment, and. subsequently 
it was taken up by Arago, but the success of the method goes to 
Foucault, The method is as follows — 


Fig. 204 —Foucaulht't Method. 
Sunlight passing through a rectangular aperture S, falls upon a 
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nm parallel plate of glass P (Fig. 204), Tho transmitted light 
alls on the achromatic convergent lens L. Then ít travels a dis- 
tance d of about 20 metres and falls on a plane mirror Q which is 
rotated at high by air-turbine r an axis at. right angles 
to the plane of the paper. This plane mirror is at the centre of a 
concave mirror M of radius of curvature R. So’ whatever is the 
[A ol of Q, the light that falls on M from Q, falls normally and 
reflected back along the same path. 

If Q is stationary, when the light reaches it again after reflection 
from M, the rays travel back to P and are mostly reflected from it 
to form a real image of S at Æ at the side, If Q rotates rapidly, it 
moves through an appreciable angle 0 by the time the beam leaves 
Q and returns to it from M and consequently the light is reflected 
in the direction of the dotted rays to form image at £,, in the ob» 
serving eye-piece at the side (by light reflected from P) and an 
image S' by the light transmitted through P where SS'=£E,, The 
displacement EE, (=, say) of the image is measured by a micro- 
meter eye-picce, 

Calculation :— 

Let a= distance of L from the slit S, d= distance of L from the 
mirror Q. The light returning from M being reflected. from [^] 
appears to come from a virtual point. behind Q distant equally as 
M. Thus the pencils forming the images at E and E, (Fig. 204) 
appear to come from sources S, and S',, where QS, QS, =R and 


Fig. 205 


the line joining S tothe optic centre O of L passes through S, 
(Fig.205), So also the line joining S to $,' passes through the 
optic centre O of L 


ss’ a 

5- imate) 

From Fig. 205, $$, Ria approximately, since the angle 
subtended at the lens Z by the two pencils is small. f 


=., Now, if a reflecting surface turns through 
4 


+ 
6, the beam reflected from it turns through 26, and so the angle 


5,08, e 29:3 , 


x 
on vy 
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or, S,8,-20XR .. x= gj OD ; 


(R+d)x 
2a.R 


If n— number of revolutions made by the mirror per second, 
its angular velocity, o=27n. Let the light travels from Ọ to M 
and back in time t. Hence the velocity of light v will be given by, 


2R 
2R A EC 


In the time the mirror Q rotates through 0. 


EXT 


or 0— 


y= 


EU _(R+d)x 
6=ot 2mm xXt= ZR » from (1). 


(Rede, 1 _(R+d)x 


"o =“ 9axR ^ 2m  4xan.R 


2R 2R 87.a.n R? 
2 ee feats E = 4ra.n.R = ————: 
a ETI ee EET, 


This expresses v in terms of quantities which can be measured. 

in Foucault's experiment the displacement EE,( —x) of the 
image was observed to be 0'7 mm. and the velocity of light calcu- 
lated to be 2:98 x 10! ?cms./sec. 

Importance of Foucault's Experiment.—By putting a tube filled 
with water placed between Q and M, Foucault was able to show 
that the velocity of light is less in water than in air. This finding 
served as great support of the wave-theory of light, according to 
which the velocity of light in water should be lesser than in air, for 
the R. I. of water relative to air is greater than unity. The impor- 
tance of the method, should be noted therefore, is that the velocity 
of light in different media may be conveniently determined by put- 
ting the same between Q and M. 

Merits and Defects of Foucault's Experiment —The velocity of 
light in any transparent medium other than air may also be mea- 
sured by this method. Moreover, the experiment may be carried 
out within a laboratory. M. Cornu has criticised this method 
because it depends on the following two assumptions— 

(i) The laws of oblique reflection from a mirror moving with 
a velocity small compared to that of light are the same as those 
for a stationary mirror. 

(ii) The laws of reflection of rays forming a real image which 
moves transversely to the direction of the rays, are the same as 
when the image is stationary. 5 
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Moreover, the brightness of the image in Foucault's experi- 
ment is diminished very much, unlike in Fizeau's experiment, if 
the distance QM is increased in order to get an enlarged displace- 
ment of the image. This is because, when the mirror Q turns, the 
image sweeps over M and the light is intercepted and returned by 
M only for a small fraction of the time in which a complete 
rotation of O takes place. Again, in Foucault's experiment the 
displacement EE, of the image is very small and cannot be 
measured with sufficient accuracy. This is the chief defect of 
Foucault's method. 

191. Michelson's Method :—In 1926 Michelson devised a very 
accurate method for the determination of velocity of light—a 
method which is even more accurate than that of Foucault’s. His 
arrangement is as follows : 

Light from a strong source S passes through a convex lens L 
which converts it into a parallel beam (Fig. 206). This beam on 
coming out through a slit E is reflected from a face a ofan 
octagonal mirror A which is uniformly rotated at high speed. 

‘ / 


4 


Fig. 206—Michelson's Experiment. 
Then after successive reflections from the stationary plane mirrors 
M, and M,, it falls on a concave mirror C,, the mirror M, being 
at its focus. The beam reflected by C, is received by a distant 
concave mirror C, placed co-axially with C}. The light reflected 
from it is reflected back to it again, as shown in the figure, by the 
plane mirror M, placed at the focus of C.. From C, the parallel 
beam travels to C, again from where, after successive reflections 
from the stationary plane mirrors M, (placed at the focus of C,) 
and M,, it falls again on a face a’ of the octagonal mirror. 
Reflected from this face, this beam enters into the observing 
telescope T being turned at right angles by a totally reflecting 
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prism P. The optical path from the slit E to the mirror Ms is 
arranged to be equal to that from M; to T. 

As R rotates, the image in the telescope T is displaced. But if 
the speed of rotation of R is so adjusted that the position of the 
face a is occupied by the next in the time the light travels the 
optical path E to M; and back, the image in the telescope will be 
found at the same position where it was formed when the octago- 
pal mirror was at rest. 

The time taken is that of $th of revolution of the octagonal 
mirror. The effect will be the same, if the speed of revolution is 
doubled, etc. If o=angular velocity of the octagonal mirror, d= 
optical distance from Eto Ms, v=velocity of light, then for the 
first speed, 

12x 2xd or, Sed 
8 @ y n 
If n— number of revolutions per second of the octagonal mirror, 
w= 2an, à; en ya bX 200% d 16nd. 

Michelson set up C, on Mount Wilson, California, and C, on 
Mount Antonio, a distance of 22 miles. The mirror C, was of 30 
feet focal length. and 2feet aperture. His value for velocity of 
light in air is 2:909796x 1019 cms./sec. and the error, he claims, 
does not exceed 4 kms.[sec. This velocity being in air, if reduced 
to vacuum, will be equal to ^x 2:99796 x 101? cms./sec., where 
p= refractive index of air. 

192. The Value (v) of Velocity of Light :— 

The value, v=(3'0044+0'003)x10*° cms.[sec. by M. Cornu, 
and v = (29986 + 00003) x 101? cms./sec.by Michelson and Newcomb 
make the greatest claims to accuracy. The most generally accep- 
ted value, however, is 3x 10!? cms./scc, or 186000 miles/sec. 

193. Light year :— Distances between stars are enormously 
large. So in astronomy such distances are measured in terms of a 
very large unit, called the "light year. ltisequalto the distance 
through which light travels in one year's time, j 

Obviously, it is equal to the distance given by the velocity of 
light multiplied by the number of seconds in a year. 
1 light-year—186000 x [60 x 60 x 24 x 36511 
= 5°87 x 10? miles. 

194. The Theories of Light :—To account for the various facts 
concerning light, viz. it is invisible, it travels in straight lines, it can 
be reflected, refracted, diffracted, dispersed, polarised, etc., the 
following two theories have been put forward—(1) the Corpuscular 
or Emission Theory, and (2) the Undulatory or Wave-Theory. 
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(1) The Corpuscular Theory.—According to the corpuscular 
theory a luminous body is supposed to emit tiny particles in all 
directions, called Light Corpuscles, very much like the shots fired 
from a gun. These corpuscles travel in straight lines with an 
enormous velocity (186,000 miles per sec.) through gases, trans- 
parent solids and liquids and through vacuum ; and the impacts 
of these. corpuscles on the retina of our eyes produce the sensation 
of light. This theory was advanced by Sir Isaac Newton. The 
rectilinear propagation of light is readily explained by this theory, 
and the reflection of light was explained by Newton by supposing 
that the reflecting surface exerted a repulsive force at right angles. 
This force gradually neutralized the component of velocity, per- 
pendicular to the surface, of the approaching particles without 
altering the component parallel to the surface. In explaining 
refraction, Newton had to suppose that the velocity of light in an 
optically-denser medium is greater than that in air, but later this 
was found not to be true, 


(2) The Wave-Theory.— The wave-theory was first formulated 
by the great Dutch Physicist Huygens in 1678 according to which 
light, like sound, is a form of a wave-motion, but, unlike sound, 
light travels with perfect readiness through the best vacuum possi- 
ble and even through the intermolecular spaces of all matter, But 
as every wave motion requires a medium for its propagation, 
Huygens assumed such a medium to exist and called it ether, which 
pervades all space and penetrates any matter. According to the 
wave-theory, every point of a luminous body sends out waves in 
all directions which travel with the same velocity through the 
ether. Some of these waves falling on the eyes produce the sensa- 
tion of sight. As when water is disturbed by throwing a stone into 
it, water waves are produced by the up-and-down movement (i.e. 
transverse movement) of the water particles, so ether waves start 
by the transverse movement of ether particles produced by the 
vibratory motion of the ultimate minute particles, of which a body 
is composed, i.e. ether particles vibrate perpendicularly to the 
direction of propagation of the waves. To be able to transmit the 
waves, the ether must be continuous and elastic and must possess 
density. The elasticity must be very high like that of a solid and 
the density extremely small as that of an extremely rarefied gas. 
We have seen that light and heat are similar forms of energy and 
that a body which emits light also emits heat. Both light and heat 
energy are carried: by 
ether waves generated by Se 
the vibrations of the 
Particles constituting the erem 
internal structure of a / 
substance. The  dis- Quem p 
Placement curve of a 


Fig. 207 
VOL. II (L)—16 


249 INTERMEDIATE PHYSICS 


light wave is shown in Fig. 207. It should be remembered that 
water waves or sound waves which are waves in air, are fairly 
large whereas the wave-length, i.e. the distance of the highest point 
(crest), or the lowest point (trough), of awave to the highest or 
lowest point of the next wave (Fig. 207), of light waves is indescri- 
bably small. The wave theory can easily explain most of the 
common optical phenomena and so it has generally been 
- accepted. 

Propagation of Waves.—According to the wave-theory, every 
point of a luminous body is a centre of disturbance from which 
the waves spread out in all directions through ether. If at any 
instant an imaginary surface is drawn tangentially through all the 
particles which are in the same state of vibration, i.e. in the same 
phase, the surfaceis known as a wave-front. 


ji The propagation of light in a medium in 

/ X a particular direction means the propaga- 

H M tion of the wave-front. The direction 
/ x in which the wave travels is at right angles - 


f ` to the wave-front and a ray of light re- 
/ ` presents this direction. Spherical waves 
are represented by concentric circles, As 
KA S REPE the wave travels outwards, its curvature 
A a ioe ey diminishes, and af a very great distance 
i from the source the surface of the wave 
Fig. 208 becomes a sphere of very large radius, so 
that a limited portion of the wave-front may be consideredto be plane, 
This is evidently the case of waves constituting a parallel beam, as 
in the case of light coming from the sun. 


Huygens’ Principle. - Suppose P (Fig. 208) is a luminous source. 
The disturbance in ether produced at P will spread out uniformly 
in all directions with the same velocity provided the medium 
around is isotropic, so that the wave-front at any instant will be on 
a sphere drawn with P as centre and radius equal to the product 
of time and velocity of propagation. After an interval, let the 
disturbance lie on the surface of a sphere whose trace is AB, on 
which every point is in the same state of disturbance, i.c. AB is the 
wave-front. At any later instant of time, similarly let the distur- 
bance lie on the trace A,B,. Evidently light travelled from AB 
to A,B, in the interim period. Huygens considers the mechanism 
of such propagation as follows : Each ether particle in the wave- 
front AB becomes a new centre of disturbance from ,which spheri- 
cal waves, calied secondary wavelets are spread out from each 
particle as centre with the same velocity as in the case of the wave 
travelling from P to AB, provided, of course, the medium remains 
the same. The envelope of these secondary wavelets, i.e. the 
spherical surface, whose trace. is A,B,, which touches all these 
spheres, is the new wave-front at the end of the period envisaged. 


i 
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The wave travels outwards from 4,B, to succeeding fronts as it 
did from AB to A,B,. Evidently the wave-front at any pointmoves 
in the direction of the normal to the wave-front at that point. 


195. Reflection and Waye-Theory :—According to Huygens’ 
method of construction 
the laws of reflection 
are deduced below by 
taking the case of re- 
flection of a plane 
wave-front at a plane 
surface. 


Let XY be a reflecting 
surface and AF be a 
plane wave travelling in 
the direction CA and 
TTE oa ys Fig. 209 — Reflection on the Wave-Theory. 
point of AF, the plane wave-front, reaches XY in succession, the 
point struck becomes a centre of disturbance from which spherical 
waves start. In thetime ¢ taken by F to reach E, the wave from 
A will travel a distancez Vt, where V is the velocity of propagation 
of the original wave-front. Now with centre A and radius AB( — 
Vt) describe a sphere. From E draw a plane EB tangential to the 
sphere and at right angles to the plane of the paper. Then EB is 
the reflected wave-front travelling in the direction AB. 

Now in the triangle AEB aud EFA, AB=FE= Vt, AE iscommon 
and ZABE- Z EFA=90°. .. The two triangles are equal in all 
respects. Hence Z AEB = Z EAF m yes (1) 

Here CA, which is perpendicular to the incident wave-front and 
which is the direction of the incident wave, represents an incident 
ray at the point of incidence 4, and AB, the direction in which the 
reflected plane wave travels, represents a reflected ray. 

To prove that the angle of incidence is equal to the angle of 
reflection, draw AN prependicular to XY at A. Because AN is 
perpendicular to the plane AE and AB is prependicular to the plane 
EB, we have, LAEB-— Z NAB ; 
and because AN and C4 are perpendicular P to AE and AF respec- 
tively we have, ZEAF— Z NAC. But from (1), ZAEB= Z EAF. 

ZNAC= 4 NAB. 

Thus the angle of incidence is equal to the angle of reflection. 

Again, the incident ray CA and the reflected ray AB lie in the 
same plane as the normal AN. Thus both the laws of reflection 
are deduced from the wave-theory. 

196. Refraction and Wave-Theory :—Let XY be the trace of 
a plane surface separating two media, say, air and an optically 
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denser medium, say, glass (Fig. 210), and AB be a plane wave-front 
travelling in the first medium, in the direction EA with velocity 
V. When the wave-front 
AB meets the refracting 
surface XY obliquely at A, 
the ether particle at A is 
disturbed’ and according to 
Huygens, it becomes a new 
centre of disturbance from 
which the generated wave- 
lets spread out into the 
second medium with a velo- 
city V say. 


Fig. 210—Refraction on the Wave-Theory. In the time 7, say, taken 

by B to reach C, a point on 
the separating surface XY, let AD be the distance the wavelet from 
A travels in the second medium. Now with centre A and radius AD 
t= V't) describe a sphere. From C draw a plane tangential to this 
sphere and at right angles to the plane of the paper. Then CD 
represents the refracted wave-front and it travels in the direction 
AG. Thus AG, which is perpendicular to the wave-front CD, 
represents the refracted ray, and similarly EA which is the direction 
of the wave in air, represents the incident ray. : 

Now because EA is perpendicular to the plape AB and NA is 
perpendicular to AC, ZEAN- ZBAC; and ZDAN'—-ZACD 
(°. AN’ and AD are perpendicular P to AC and DC respectively). 

If the Zs EAN and DAN are denoted by i are r respectively, 
we have, 

sini sin EAN | sin BAC_BC . AD 
sinr sin DAN’ sin ACD AC ` AC 

SBE Vt velocity in air 

AD Vt velocity in the second medium 

Thus, the sine of the angle of incidence bears a constant ratio to 
the sine of the angle of refraction, and this verifies the second law 
of refraction. We know that this constant is called the refractive 
index (#) of the second medium with respect to the first. 

The incident ray EA, the refracted ray AD and the normals 
AN and AN' at A all lie inthe plane of the paper and so they are 
in the same plane; this proves the first law of refraction. 

197. The Triumph of the Wave-Theory over the Corpuscular 
Theory :—BY the wave-theory of light the refractive index of a 
medium (b) with respect to another medium (a) is equal to the 
ratio of the velocity of light in the medium (a) to that in the 


medium (b). Thus. «l= z2" 
Vy 


=a constant. 
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Since a ray of light is bent towards the normal when it enters 
an optically denser medium, i.e. .“;>1 it follows from the wave- 
theory of light that the velocity of light is less in a denser medium 
than that in a rarer one, and this fact has been verified by actual 
experiment. This is a great triumph of the Wave-Theory over the 
Corpuscular Theory according to which the velocity in the denser 
medium is greater than that in a rearer medium. 


.. Velocity of light in air 
water velocity of light in water 


E EIUS: = Velocity of light in air _ 2°99 x 101° 
So, velocitvatidut iusratee ie — SEO AUR RT 133 


As an example, 


air 2133. 


—2248 x 101? cms,/sec. 
Remember.— 
ti)’ Light travels 186,000 miles per second, or 
(ii) Light travels 300,000.000 metres per second, 
(iii) Light takes 8:3 minutes to travel from the sun to the earth, 


and. (iv) Light takes 4:3 years to travel from the nearest star 
(Alpha Centauri) to the earth. 


198. Interference of Light :—Thomas Young (1773 -1829), 
an English physicist, first showed that two pencils of light under 
favourable conditions can annul the effect of each other and 
produce darkness. He allowed a beam of strong light to pass 
through an opening in a shutter. This beam was made to fall on 
an opaque screen containing two narrow vertical slits situated very 
close and parallel to each other. The two narrow pencils emerg- 
ing through these slits were received on a screen. It was observed 
that in the part of the screen where overlapping of the two pencils 
took place the illumination was not uniform but consisted of a series 
of bands of light with dark bands in between. What happens at a 
dark band is that the light due to one pencil is apparently destroyed 
by the light of the other pencil.* The phenomenon is known as 
interference of light. Young also observed some characteristics of 
the dark and bright bands so obtained. :1) As the separation 
between the two slits was gradually diminished the spacing between 
the bands increased and as the separation between them increased, 
the bands narrowed down and ultimately disappeared. (2) A 
uniform illumination on the screen was obtained if either of the 
slits was closed (3) If light were allowed to enter directly 
through the slits and the first slits is removed the bands disappeared 
resulting in a general illumination on the screen. On close 
examination it has been revealed that for interference to take place 


two exactly similar sources of monochromatic light waves in 
LI E MEE M Ie. NETS 

* The destruction of tight at a dark band does not mean that the energy 
there undergoes a complete annihilation in contravention of the law of conserv- 


ation of erergy What happens is that its disappearance there produces the 
reinforcement of the light at the bright band. 
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the same phase of vibration are required. This is never fulfilled 
by two independent sources of light in a practical case. 


The phenomenon of interference of light cannot be explained 
on the Corpuscular theory but if may be readily explained by the 
Wave theory. Let A and B (Fig. 211) represent two narrow sources 
of monochromatic light giving out exactly similar waves in the 

same state of vibration and 
suppose the waves of the two 
sources are received on the 
screen S. The two trains of 
A X transverse waves from the 
two sources are shown by the 
| two wavy curves. 
s Consider the effect of the 
two sources (4 and B) at the 
| point Yon the screen S. If 
the two trains of waves from 
Fig. 211 A and B meet at X in the 
same phase, they will add up their effects and the illumination at 
the point will be a maximum. This will happen when the difference 
of path (BX—AX) is equal to an integral number of complete 
wavelengths. On the other hand the effects of the two sources at 
X will destroy each other if this difference of path is equal to an 
odd number of half wavelengths. i.e. they’ meet each other in the 
opposite phase, the crest of one wave falling on the trough of the 
other. The illumination at X will then be a minimum. 


B 


199. Explanation and Theory of Young's Experiment : —In 
Young's experiment, as we have already described, if a monochro- 
matic beam illuminates the narrow slit and if we consider a section 
of this slit in the plane of the paper it will practically be a. point 
at S (Fig. 212). From this point spherical waves originate and 
finally fall on the two narrow adjacent slits. whose sections in the 
plane of the paper are the points S, and S,. Evidently S, and S, 
lie on the same wave-front. S, and S,, according to Huygens’ 
principle, act as secondary sources and emit fresh spherical wave- 
lets. So the phenomenon that will be observed in this case occurs 
as a result of division of wave-front. In the space beyond 5, and 
S, the waves become superposed as shown in Fig. 212. Two sets 
of wave-fronts starting from S, and S, are shown in the figure. 
The thickline arcs represent the wave-fronts at distances A/2, 3A[2 
53/2. etc. from the sources whereas the discontinuous arcs represent 
the wave-fronts at distances A, 2A, 2A etc. from the sources. At the 
positions where two troughs or two crests intersect, the. waves 
evidently meet in the same phase and there will be reinforcement. 
These points of reinforcement are designated by cross (x) marks 
in the figure. Again at points shown by the black dots in the 
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figure, the two waves meet in the opposite phases and as such 
there will be complete darkness (i.e. destructive interference) at 


those points, So if A screen is 
placed at the position AB, 
bright fringes will be obtained 
at the points PPP and dark 
fringes will be formed at QQ. 
Though shown on a magnified 
scale, it must be remembered 
that the actual fringes are 
formed only near the central 
region of the screen and not 
at regions much away from 
S, and Ss. 

200. Superposition of waves : 
—Two or more sets of waves 
may be made to cross one 
another without any one pro- 
ducing any change in the 
other. At the region of cross- 
ing they act simultaneously Fig. 212 
and interfere with one another. The interference is the result of 
the superposition of waves in tHat region and the resultant displace- 
ment in the region will be the algebraic sum of the individual 
instantaneous .displacements which would have been produced if 
each of the wave-trains existed alone. 


Let us consider the case of superposition of two wave-trains 
of equal amplitude and wavelength, but differing in phase, moving 
in a homogeneous medium. The instantaneous displacements 
of the wave-trains at the region of superposition may be written as, 


yı=4 sinn (ct - x). 


ya7a sin?" [cr -(x-F8)]. 


where 8 is the path difference between the two superposing 
waves. 

Tbe resultant displacement in that region willbe the algebraic 
sum of the individual displacements and will be given by, 


y=Vi te 
=a sin? (ct — x)-ra sin P er- o 8)] 


—2a cos E sin al ct— (x+5)} 


Therefore, the resultant vibration is also sinusoidal in nature 
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having the same period, but a different amplitude. Theamplitude is 


given by 2a cos" This shows that the amplitude varies with ô, 


A 3A, 5A à 76 
$-2 250 $e -. T 
For 3 3 3 (2n 4-1) j" 2a cos x 0. Hence the resultant 


amplitude is zero for such values of 5. Again for 8—0, A, 22, 
3M , NÀ, 2a cos is maximum, and is equal to 2a. Thus 


the above result may be interpreted in the following way. When 
twó continuous wave-trains of the same wavelength and amplitude 
are superimposed the resultant effect on the medium is that at 
certain points for which the path differences of the two interfering 


waves are yg eete, the medium remains stationary. The 


effect that is produced at these points is called destructive 
interference. While at other points, for which 8—0, A, 24 etc, 
the medium is violently disturbed producing what is known as the 
constructive interference or reinforcement. Let a monochromatic 
light of wavelength A from two sources $, and S, superpose on a 
particle of the medium at P (Fig. 213). 


The disturbance at the point P will be dependent on two 
factors (i) the path difference of the point P from the sources 
S, and S,, and (ii) the 

S, phase difference of the two 
Ase, waves at the time of leaving 
the respective sources. If the 
two sources are derived from 
the same source in such a 
Ais manner that the phase differ- 
Hg. AS ence at the start remains 

$ constant for all times, i.e. if 

there is any change in phase 

of the one there will be an identical phase change in the other. 
then the disturbance at the point P will depend on the first factor 
alone, ie. the path difference. The different values of path 
difference will determine whether the point P will be violently 
disturbed or will remain undisturbed. Thus a given point for 
which the path difference from the sources is constant will remain 
either permanently bright or dark. Since the resultant amplitude 


is 2a cos m the intensity will be given by 4a? cost. So the 


intensity distribution in the superposed pattern will follow the 
cosine square law, 
201. Conditions for sustained Interference :—In order to obtain 
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a phenomenon of continuous or sustained interference of light 
following conditions are to be satisfied. 


(i) The two sources should continuously emit waves of the 
same wavelength. 

(ii) The phase relation between the two sets of waves coming 
from the two sources must remain the same for all times, i.e. if 
there is any change of phase in one wave, there must be an 
identical change of phase in the other. In other words, the sources 
of light waves must be coherent. 

(iii) The amplitude of the interfering waves must be equal 
or very nearly so. 

_ Gv») In order to obtain an observable interference pattern the 
distance between the two coherent sources must be as small as 
possible. 

(v) The two light waves must be in the same state of 
polarisation. 

(vi) For complete destructive interference so that the resultant 
amplitude and hence the intensity may be zero, the phase difference 
between the two waves from the two sources must be 7, or path 


difference T etc, For complete reinforcement, the phase 


difference between the two waves from the two sources must be 0 
or 27, or the path difference 0, A, 24... ... etc. 

Other Methods of producing Interference.— 

(1) Fresnel's Biprism.— To obtain interference, a single source 
of light is here used to produce two virtual images by refraction. 

(2) Lloyd's Single Mirror.— Interference is obtained by the 
reflection of a single light source producing two virtual images. 

(3) Fresnel's Double Mirror.—Similar to the method (2) above. 

(4) Billets Split Lens.—To obtain interference, a single 
source of light is used to produce two real images by refraction. 

202. Fresnel's Biprism : —To obtain two coherent sources 
Fresnel used a biprism ABC (Fig. 214). The angle B of the biprism 
is highly obtuse, i.e. about 178°. Necessarily the refracting angles 
A and C are very small. So the biprism ABC may be considered 
to be made up of two thin acute angled prisms with their bases 
placed together.. S is the source of light, usually a fine slit 
illuminated by a sodium flame. Light from the source is allowed 
to be divided into two pencils by refraction and these, are then 
allowed to recombine. The two virtual images, S, and Sy of the 
source S serve as two coherent sources which will produce inter- 
ference in the overlapping region BMDENB. So a screen placed 
anywhere in this region or an eye-piece placed in this region would 
receive the fringes, which are non-localised. XY is the screen on 
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which DOEisthe region where two beams overlap. So inter- 
ference fringes will be observed in this region. O is the central point 
which is equidistant from S, 
and S, and the waves from 
them reach O at the same 
time and hence in the same 
phase. Therefore, O would 
be the position of a bright 
band, known as the central 
bright band. As we proceed 
both ways from O, we alter- 

Fig. 214 nately get dark and bright 
bands due to the change of pah difference. When the path 
difference is nà, we get the nth bright band and when the path 


difference is (2n-F 1) P we get the nth dark band. These fringes 


may be conveniently seen with the help of an eye-piece fitted with 
a cross: wire, 


To find an expression for the 
width of a fringe let us proceed 
as follows : 


In Fig. 215, where XY repre- 
sents the screen and S,, Sa the 
two virtual sources. Bisect S, So 
at Sand draw SO perpendicular 
to S,S, to meet the screen at O. 
Let S, S,-4a—2d and SO=D. Fig. 215 
It is obvious from the diagram that O is equidistant from S}, 5, 
and as such the central bright band will be situated at O. Next 
let us consider the effect at P where PO=x. Join S,P and S,P. 
The path difference between the rays reaching P from S, and 
S; is SP — S,P. 


Now, SP? — D* E (x-F d)? S,P2 — D* (x — d)? 
S,P* — S,P* —(x-- d)? - (x—d)9=4dx=2ax. 
2a« 
E Jy MEI UN 
BA SE S,P+S,P 


Now S,P+S,P=2D 
S,P- S,P- (approximately), 
If we suppose that the nth bright band is situated at P then the 


path difference S,P~S,P will be equal to na. 
.. We get, {í 
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where x, denote the distance of the nth bright band from the: 
centre. 
Similarly, for the (n-- 1)th bright band, we have, 


ett (at 1). 


From these two equations, 
A(Xnsr — Xn)_y 2) 1 Of, Xxx x, m D =p, (say). 

This equation gives the distance between any two consecutive- 
bright bands. This equa- 
tion also provides us 
with a convenient and 
direct method of deter- 
mining the wavelength 
of light, (x,,, —x,) can 
be easily measured with vend 
a micrometer eye-piece Fig. 216 
fitted with a cross-wire. Therefore if D, and a be known, A can be 
easily determined. 

Experiment.— The experiment can be conducted on a suitable 
optical bench along the bed of which-uprights carrying the slit, the 
biprism and the eye-piece fitted with a micrometer screw and 
cross-wire can slide. The slit is illuminated with a monochromatic 
light (Fig; 216). By adjustments, the slit S, the edge of the 
biprism P and one of the cross-wires of the eye piece E are made 
perfectly vertical and all in the same horizontal plane and at the 
same height from the bench. The fringes are then seen through 
the eye-piece. The eye-piece is now moved along the bench and 
the biprism and cross-wires are adjusted in such a way that 
there is no relative shift between the cross-wire and à fringe as the 
eye-piece is brought nearer to or away from the slit. 

The cross-wire is then made coincident with a bright band and 
the micrometer scale reading noted. It is then shifted at right 
angles to the bench and is made to coincide with another bright 
band. The reading of the micrometer scale is again noted. From 
the difference between these two readings and the number of inter- 
vening bands crossed, we get the distance between the consecutive 
bright bands. i i 

D can be easily measured from the difference of the readings 
of the optical bench corresponding to the eye-piece and the slit. 
However, the necessary corrections for the index error are to be 
made. 

Next a convex lens L, of suitable focal length is placed on, 
another upright between the cye-piece and the biprism. The 
distance between the slit and the eye-piece should be at least four 
times the focal length of the lens. There are two positions of the 
lens for which real images of S, and 5, will be seen in. the eye- 
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piece kept at the same place. If a, and a, be the distances between 
the real images of S, and S, for the two positions of the lens, then 
a= 4 d, 5. 

Thus D, a and p, the distance between any two consecutive 
bright bands, can be easily determined. From these values, the 
wavelength of the light used can be calculated. 


The distance between the two virtual sources S, and S, can 
also be measured from a knowledge of the refracting angle « of 
the biprism. Since each of the constituent prisms of the biprism 
is thin, the deviation produced in a ray is given by, 8—(^— 1)«, 
where / is the refractive index of the prism material. The two 
virtual images of S are deviated by double this amount. As shown 
in Fig 214 Z2S,BS,=60=28. 


JS O=2(u—1)< 
Now since S,S,(=a) is small $= 9=24-1) «x, where I is the 


distance between the slit and the biprism. 
or, a-2l(u — 1)«. 
Hence from this relation knowing l from the optical bench and 


p and « from auxiliary spectrometric measurements, a can be 
found out. 


White Light Fringes :— We have already seen that the distance 
of the nth bright fringe from the centre is given by, 
Dn 


tc 
a 

For the central band, x,=0, for all the wavelengths of white 
light. Thus the central band will be white for white light. At 
some position off from the centre, where the condition of darkness 
is satisfied for a particular A, the condition of brightness may be 
simultaneously satisfied for some other 2. So with white light the 
central region will be white and on either side of it we shall get 
coloured bands over a comparatively small region beyond which 
there will be a general illumination due to overlapping of the 
differcntly coloured components. 


203. Diffraction of Light :—1f light travels in straight lines in 
a homogeneous medium we should expect that if an opaque obsta- 
cle be placed in the path of a beam of light diverging from a small 
source, the boundary of the geometrical shadow must be sharply 
defined. On closely examining the boundary of an actual geometri 
cal shadow it is, however found that the boundary appears to be 
broken up into alternate bands of maximum and minimum bright- 
ness. The explanation can be found from the wave theory. Waves 
can bend round the edge of an obstacle and the amount of bending 
depends on the side of the obstacle relative to the wave-length but 


a n enitn ntc 
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placed in front, this plane polarised vibration will pass through 
unaffected. But if the second slit be inclined with respect to the 
first, not the whole of the plane polarised vibration but only a 
component of it will pass through. Finally when the second slit is 
in the crossed position, as shown in the figure, no part of the plane 
polarised vibration will pass through it. 


If the vibrations were longitudinal, and not transverse, i.e. 
inherently symmetrical about the direction of travel, and inclina- 
tion of the second slit with respect to the first would not have 
affected the vibration of the rope at all. 


It is believed that vibrations in naturallight are transverse in 
character, the plane of vibration changing many times in a second. 
On passing through the first tourmaline plate, the vibrations 
become restricted to one plane only, i.e. the light becomes plane- 
polarised. That is why the first plate is usually referred to as a 
polariser. 'The second plate is called an analyser, because by 
rotating it about the beam we can know from the intensity of the 
emergent beam whether the beam incident on it is polarised or not. 
A tourmaline plate, as is evident may be used as a polariser as 
wellas an analyser. By being reflected from a plane surface 
light also become partly polarised. 


Both longitudinal and transverse waves can give rise to the 
phenomena of reflection, refraction, interference and diffraction. 
The phenomenon of polarisation, however, definitely points to the 
conclusion that light vibrations must be transverse to the path of 
propagation of the waves. 


Optic axis and principal section of a crystal.—Fig. 219 shows a 
crystal of iceland spar, a rhombohedron bounded by six parallelo- 
t grams. Two of the diagonally 
opposite corners a and b of 
this crystal areformed by three 
obtuse-angled faces. A line 
drawn through a or b so as to 
be equally inclined to the three 
bounding faces is called the 
optic axis of the crystal. A 
plane passing through the 
j optic axis and normal to any 
Fig- 219 of the plane faces is called a 
Principal section or principal plane of the crystal, A plane perpen- 
dicular to the pricipal section is called a normal section. 

Double refraction,— Crystals of calcite or iceland spar (CaCO), 
quartz (SiO,), mica, etc, possess the property of double refraction. 
That is, a ray of light in passing through a plate of such a crystal 
becomes split up into two rays. One of these refracted rays, called 
the ordinary ray, obeys the laws of refraction, while the other 
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refracted ray does not. So the latter is called the extraordinary 
vay. An object viewed through such a crystal appears doubled. 
Both of these refracted rays are plane-polarised. The vibrations ia 
the ordinary ray take place in the normal plane and those of the 
extraordinary ray in the principal plane. A ray passing in the 
direction of the optic axis does not get split intotwo. Inthe case 
of tourmaline which is also a double refracting crystal, the ordi- 
nary ray gets rapidly absorbed by the crystal while the extra- 
ordinary ray becomes transmitted. 

Nicol’s Prism.—1t is a rhomb of cal- 
cspar crystal whose length is three 
times the width. It is cut into two halves 
through its obtuse-angled corner along a 
plane perpendicular to the principal 
plane (Fig. 220). The two halves are 
cemented together by canada balsam. 
This cement has a refractive index less 
for the ordinary ray than for the extra- 


ordinary ray as compared to the refra- 
ctive indices of the crystal for these 
rays. As a consequence, the ordinary 
ray O undergoes total reflection at the 


balsam and gets lost to the side while 
the extraordinary ray E passes out 
through the prism. Thus a doubly 
refracting crystal is effectively transfor- 
med into a producer of plane-polarised 
beams or an analyser. 


205. The Theories of Light:—The simple Wave-Theory of 
Huygens and Fresnel, and the Newtonian Theory of Corpuscles 
are by themselves no doubt simple postulates attempting at elucida- 
ting the ultimate nature of light, but from their very nature they 
are too simple and just too inadequate. They actualiy proved so 
in course of time with the discovery of new facts in the realm of 
heat, light and electricity. Just as this is true on the one hand, on 
the other hand we have again no systematic new simple theory 
which successfully applies to all those diverse facts, We are, 
however, left with two theories, which are modifications on the old, 
and they are until now running side by side in a bid for supre- 
macy which is still undecided. 


(1) . The Electromagnetic Theory of Light,—We owe to James 
Clerk Maxwell for this theory. It has resulted from some mathe- 
matical deductions which he formulated and which were confirmed 
by later experiments, such as by Hertz, Sir J. C, Bose and others. 
The theory, in simple, is this that when a radiation, whether visible 
or invisible, travels in space, it really consists of two periodically 
varying intensities, one magnetic and the other electric, the two 


Fig. 220 
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being mutually at right angles to each other in a plane perpendi- 
cular to the direction of propagation of theradiant energy, both 
travelling with the velocity of about 186,000 miles per second. 
Light waves, according to this theory are, therefore, electro- 
magnetic waves. They are transverse electromagnetic waves, 
the electric and magnetic vectors referred to above being 
at right angles to the direction of propagation of the radiation, 
The electromagnetic theory of radiation is in conformity with the 
Newtonian mechanics, and is commonly referred to as the classical 
theory of radiation. 


(2) The Quantum Theory.—According to the elecromagnetic 
theory a body whether it emits radiation or absorbs it, does so 
continuously, the amount depending on the temperature. Though 
the electromagnetic theory seemed to be firmly entrenched towards 
the close of the nineteenth century in view of its comparative 
success in explaining many outstanding facts in our physical 
sciences, the above noted fundamental feature of it could not be 
reconciled with certain aspects of distribution of energy in the 
emitted spectrum of a hot body. The problem which it failed to 
answer is that it is experimentally found that the energy associated 
with the different parts of a spectrum is different, rising to a 
maximum at certain wavelength for each temperature. To explain 
such phenomena, Max Planck in Germany proposeda revolutionary 
theory in 1900, called the Quantum Theory. According to his 
theory a body absorbs energy, not continuously as assumed in the 
electromagnetic theory but in bundles or units whose sizes are 
dependent on the temperature. This was, therefore a modification 
of the Corpuscular Theory—a modification because here the size 
of the energy particles is a variant dependent on the type of the 
radiation. Such units of energy Planck called quanta of energy. 
Einstein later assumed a similar idea in the case of ernission of 
radiation. The quantum theory of radiation, therefore covers 
both the facts of emission and absorption of radiant energy. The 
energy « associated with a quantum is proportional to the frequen- 
cy , of radiation and is given by, e— hv, where h is a universal 
constant, called the Planck’s constant (6:554 x 1027 ergs secs). Thus 
the energy, whether emitted or absorbed by a body at a given 
temperature, cannot be any amount of energy but must bean 
integral multiple of a fixed quantum, the multiple being the 
greater, greater the frequency of radiation, i.e. thesmaller the wave- 


length of radiation (v ve. For example, theenergy associated 


with X-rays will be greater than that of visible light. The theory 
has met with spectacular success in explaining the facts about 
atomic structure, spectra, emission of electrons from metals, and, 
in fact, most of the phenomena connected with interaction between 
matter and energy. 
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Comments.—On the whole it appears that the phenomena like 
refraction, interference, diffraction, and polarisation lend theme 
selves for easy explanation in terms of the electromagnetic wave 
theory, but the quantum theory becomes invaluable if any pheno- 
menon concerning intcractions between energy and matter, such as 
in the production of the different kinds of spectra, photo-electric 
emission, etc, is to properly understood. Our present knowledge 
is limited to-day to this dual aspect of radiant energy, the wave 
aspect and the particle aspect, often combined in one as the wavicle 
theory. How energy can behave as corpuscles and also as waves 
under a different set of things is embodied in a new branch of 
Physics, called Quantum Mechanics, a subject which is beyond the 
scope of this treatise. 


206. Olaus Römer (1644—1710) : - He was born at Aarthus, 
Denmark, where he studied Science and Mathematics. He was 
employed at the observatory in Paris where, from his twenty-eight 
to his thirty-seventh year, he engaged himself in observing the 
movements of the satellites of Jupiter which Galileo previously 
discovered. From this work he discovered for the first time that 
light has a finite velocity which he actually calculated. His view 
met with severe opposition 
which resulted from Descartes’ 
opinion that propagation of 
light is instantaneous. Huy- 
gensand Newton, however, 
effectively supported him. 
Bradley's discovery of aberra- 
tion and the direct determina- 
tion of the velocity of light 
over terrestrial distances by 
Fizeau proved beyond doubt 
the correctness of his conclu- 
sions afterwards, 

In 1681 he returned from 
Paristo Denmark where he 
became the Director of the 
Observatory, and finally the 
Burgomaster of Copenhagen. 
The credit for the general 
introduction of the telescope 
as a means of astronomical 
measurements should chiefly Oalus Rómer 
go to him, The Meridian ; 
Circle, now-a-days indispensable in an observatory, is also his 
invention. 


207. Albert Abraham Michelson (1852-—1931) :—He was born 
in Germany and educated there, His attempt to determine the 


VOL. I (1)—17 


258 INTERMEDIATE PHYSIOS 


motion of the earth with respect to ether is an important experi- 
ment which he carried out in 1880 at Berlin. The result was a 
negative one. He performed a more ‘delicate experiment with 
Prof, Morley at Cleveland. With an 'interferometer' devised by 
him, and which bears his name, the wavelength of light can be © 
determined very accurately. In 1893 he determined the number 
of wavelengths of red cadmium light in a length of a standard 
metre and he thus succeeded in defining the unit of length in. terms 
of wavelength of light, He systematically engaged himself till the 
last day of his life in improving the methods for the determination 
Of the velocity of light. A high resolving power spectroscope, 
known as the Echelon Spectroscope, is also due to him. He. won 
the Nobel Prize for Physics and Copley Medal of the Royal 
Society of London. | He, died in 1931. 


Questions 


l Describe Rómer's methcd of determining the velocity of light. What is 
i values? What isthe velocity of light in vacuum ? 
(C. U. 1944, '50 ; Pat. 1932) 


(Hints, Yel ol light in vacuum a yae, Hyir—1-00029] 
vel, of light in air 

2. Describe an a; tus which can be fitted up in a laboratory for determin- 
ing the velocity of ght. Does the velocity of light depend upon the nature of the 
medium? Do you know of any optical property of a medium to which the 
velocity of light can be related ? . (Pat, 1935) 
[Hints.—The refractive index of a medium is related to the velocity of light in 
DM 1 method of determining th 
. Describe, wi t sketch, a terrestrial method of determining the 
velocity of Tight "o ^ Pe j t (C. U. 1956) 
ts i ribe Fizeau’s method of determining the velocity of light. Explain the 
principle and giv i of the apparatus. 
E ONT P (Pat. 1920; R: U. 1949) 


5. Describe Fi it’s method of measuring the velocity of light. 
Twp s (R. U. 1946 ; A. B. 1952) 
6. Give reasons for the statement- that light travels in straight line with a 
finite velocity. 1 
i 7. i Show taw the-laws of reflection and IAM ofa parallel pencil of light 
at a plane surface may be deduced from the wave theory. 
y (C. U. 1934,37 ; Dac. 1941) 
an E ronin (Bon the refraction of A gs s secon for 2 the wave theory 
point out the physical significance of the refractive index of light. 
bade (C. U. 1945; of. C. U. 1952) 
9. Prove that at a plane surface of separation between two media A Te 
where v, and v are the velocities of light in the two media, and i and r are the 
angles of incidence and refraction respectively. (Dac. 1942) 
10. Refractive index of water is 1°33. The velocity of light in vacuum is 3x 10* 
kms. per sec. Find the velocity of light in water. 
(Dac. 1941) 
(ine 3 2:26 x 10° kms. per sec.] 
„11. Show that the observed facts regarding the refraction of light coupled 
with those relating to the velocity of light in different media do not support the 
corpuscular theory of light. (C. U. 1951) 


PART V 
MAGNETISM 


CHAPTER I 
Natural and Artificial Magnets : 
Magnetic Induction 


1. Natural Magnets :— 


A dark-coloured ore, composed of iron and oxygen (Fe,Q,). called 
Magnetite, first discovered in Magnesia in Asia Minor, was known from 
ancient times to possess the following two characteristic properties—- 


(i) Attractive property. —When dipped into filings of iron, a lump 
of magnetite picks up some filings chiefly at the two ends. 


(ii) Directive Property.—When suspended at the end of a fine 
thread so as to turn freely, a bar of magnetite oscillates to-and-fro and 
finally comes to stay with its two ends always directed along the north 
and the sovth approximately. 


This directive property was used by the ancient sailors to guide the 
course of ships on the sea. Hence they called magnetite a lode-stone, 
which means a /eading-stone. The word magnet, which means a body 
possessing attractive and directive properties, owes its name to the 
magnetite, which was the forerunner of it. 

A natural magnet may be defined as a substance which occurs in 
nature as an ore and possesses attractive and directive properties. Such 
substances are found in many places, c.g. Canada, Finland, Norway, 
the Urals, etc. 

In ancient times, there were different stories about the discovery 
of magnet. It is said that at Crimea in the Asia Minor, one day when 
a shepherd, called Magnes was tending his sheep on the Mount Ida, 
his iron stick and the shoes under which there were iron nails were 
stuck to a stone. Perhaps, this kind of stone was called magnet from 
his name—Magnes. Pliny described that the roof of a temple at 
Arsinoa was made of magnetite, where the iron statue of the queen 
was seen to be hanging in air. This is only proverbial, the truth in it 
is to be disclosed by the historians. 


2. Artificial Magnet :— 


Natural magnets like the lode-stone are irregular in shape and have 
weak attractive and directive properties. These two properties, can 
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however, be very strongly developed in some metals or alloys, Such 
an act of imparting the properties of a natural magnet to a body is 
called magnetisation, Magnets so prepared, called artificial magnets, 
are commonly found in the following types :— 


(i) The Bar-Magnet.—This is a bar of uniform cross-section, 
rectangular or circular. Two such 
bar-magnets placed side by side, 
with opposite polarities towards the 
same end, having two cross-pieces 
(called keepers) placed on two ends, 
Fig. 1—The:Bar-Magnet is shown in Fig. 1. 


(H) The Horse-shoe Magnet.— 
This is à magnet bent so as to resem- 
ble a horse-shoe. The speciality bere 
is that the two ends have been 
brought close together (Fig. 2). 


Gii) The Magnetic needle,— 
This is a short and thin strip of 
magnetised steel (or à suitable alloy) having two pointed ends. 
This is balanced horizontally in the 
middle on a point about which it can 
freely turn (Fig. 3). 


Fig.2—The Horse-shoe 
Magnet. 


oven 77 2m —— 


(iv) Ballended  Magnet.—]t is a 
modified form of a bar magnet of cir- 
cular cross-section ending in two balls 
(Fig. 4). Its speciality is that the two 
polarities are locali at the centres of 


Ç 9325 the two balls. 
Pig. »me ee N.B.—Besides the above well-known 


forms magnets are found in other 
shapes as well, e.g. ring magnets, etc. Sometimes specially shaped 
pole-pteces are fitted on to two 
ends to produce desired fields in a 


—— (De 

3, Some Definitions - 

Pole.—If a magnet be dipped Fig 4--The Ball-ended Magnet 
into iron filings, some filings are 
bound to adhere chiefly at two regions near the two ends of the magnet. 
These two regions of a magnet, where the attraction aj rs to be 
the strongest, ure generally termed its ‘poles’. The nature of the cluster 
of iron filings that are picked up by a magnet, shows that the ‘pole’, 


property really extends over quite a large region at cach end. Fach 
part of this region experiences an attraction or repulsion, as the case 


NATURAL AND ARTIFICIAL MAGNETS : MAGNETIC INDUCTION 3 


may be when another magnet is brought near ; and the line of action 

of the resultant of all these individual force: always 

one point, So for all practical we pole as 

concentrated at a point somewhere near but not exacily at the end 

a magnet, just as we regard the mass of a body as being concentrated 

QT arr. These two points are referred to as the poles 
a megnet, 


‘The attractive power of a bar-magnet along its length. — 


The change of the attractive power of a bar-magnet along its length 
may be investigated very simply as follows : Place the magnet ona 
sheet of paper and draw its boundary. Take a soft iron ball and hang 
P npn balance. From one end of the magnet to the other 
touch the ball at the magnet and find out from the balance what pull 
(or force) is necessary at each point to detach the ball from the mag- 
net. ting the force on the ball at different parts of the magnet 
by the t of perpendiculars drawn at those points a distribution 
mE S. The pul. Le. ihe 
n Fig. 5. pull, ie. n 
attraction will be found to be PN A) 

.the maximum near about (but i | h | 
not exactly at) the two ends | P Ay 
and minimum or‘ nil at the - i| i y ; 
middle. I 


If the magnet be sus; 
ms ag ytd MM. one POLE MAGNETIC AXIS POLE 
end of it always points towards Pig. 5 
the geographi north, and 
the other towards the south, The pole which points towards the 
north is called the north-seeking pole or north pole, and the pole 
oso towards the south is called the south-seeking pole or 


Magnetic Axis :—The straight line that joins the two poles of a 
magnet is called its magnetic axis 


Neutral Region. —On examining the cluster of iron filings picked 
up by a magnet, it is found that the maximum quantity of filings sticks 
at the ends and there is a rapid decrease towards the central part 
where there are practically no filings. This shows that a magnet has 
no attracting power at the middle. This is also shown by the n 
in Fig. 5, wi represents the variation of the attractive power of t 
magnet along its length. If a belt be imagined round the maj at 
its centre normal to the magnetic axis, no attracting power will exist 
in this belt and so it is known as the neutral region. 
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If a line is drawn in the outline of a magnet transversely to the 
magnetic axis of the magnet at the neutral region, i.e. where the 
magnet has no attracting power, theline is called neutral line of the 
magnet. 


Effective Length of a Magnet.—It is the distance between the poles 
of the magnet. Ina good magnet the effective length is also called 
the equivalent length, magnetic length, or simply the length of the 
magnet. Ina good magnet, the effective length is about 85%, of the 
length of the magnet. 


Magnetic Meridian.—It is an imaginary vertical Plane passing 
thbough the magnetic axis of a freely suspended magnetic needle placed 
at a place, i.e. it is a vertical plane containing the direction of the 


earth’s magnetic field at a place. 


iphical Meridian at a place is an imaginary vertical plane 
passing through the given place and the geographical axis of the earth, 
i.e. it is the vertical plane, imagined at the given place, containing the 
geographical north and south poles, 


4. The Laws of Magnetic Attrac- 

$a tion and Repulsion :—If the north 
pole of a bar-magnet be presented to 

the north pole of a magnetic needle, 

N repulsion takes place, but, if presen- 
N ted to the south pole of the magnetic 
needle, there will be attraction 


E (Fig. 6). The result is stated as— 
d Like poles repel and unlike 
Fig. 6 poles attract, 


5. The Earth as a Magnet :— 
A magnetic needle, or a bar-magnet suspended horizontally at its 
centre of gravity, invariably sets itself in a particular direction, with 
its magnetic axis pointing approximately along the north and south of 
the earth. Such behaviour of a magnetic needle indicates the exist- 
ence of a terrestrial magnetic field. From such observations and 
other considerations, the earth is regarded as a huge magnet having 
its south magnetic pole somewhere near the north geographical pole, and 
north pole near the south geographical pole. As the result of interaction 
between the earth as a magnet and any other magnet which is free to 
move, the latter always tends to set itself parallel to the magnetic axis 
of the earth. For uniformity of nomenclature, the true south magnetic 
pole of the earth is conventionally called its magnetic N-pole, and the 
true north magnetic pole is called its magnetic S-po/le, Thus the 
geographical N-pole and the magnetic N-pole of the carth, according 
to this nomenclature, are near each other. For further studies on 
terrestrial magnetism refer to Chapter TV. 
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6. Methods of Magnetisation :—(a) Magnetisation by Bar 
Magnets (Mechanical method) :— dat: A " 

(i) Method of Single 
Touch—A specimen AB to be 
magnetised is placed on the 
table and one end N of a bar- 
magnet is placed on the end 
A [Fig. 7(a)] of the piece and 
then drawn to the other end 
B, keeping the magnet in an 
inclined position, as shown in 
the figure. The magnet is 
then ee and the process is Fig. 7(a) 
repeated several times, always ‘Si 
beginning from the end A and Bie Hr SEL 
ending. in: B. AB will then be magnetised having polarity at B 
opposite-to that of the stroking pole. 


(i) Method of Divided Touch.—The specimen to be magne- 
tised is placed on the table 


Fig. 7(b)) The opposite poles 
of two bar-magnets are placed 
together at the middle of the 
specimen and the two are 
drawn towards the opposite 
ends of the specimen keeping 
the magnets inclined, as in 


Fig. 7(b)—Method of Divided Touch. the last experiment. The 
operation is repeated several 


times always beginning at the middle. The bar is then turned over, 
and the other side is also magnetised in the same way. Polarities 
developed at the ends of the piece are of opposite nature to. that of 
the stroking poles. 

The magnetisation produced becomes stronger, if the two ends of 
the specimen be supported on the two poles of two other magnets, 
the poles of each being the same as that of the stroking magnet 


over it. 

(iii) Method of Double 
Touch.—This method is 
almost the same as the 
method of divided touch ; the 
only difference is that a piece 
of wood or cork is placed 
between the opposite poles 
of the rubbing magnets 
[Fig. 7(c)}. The magnets 
are then moved together Fig. 7(c) - Method of Double Touch. 
from the middle to one end 
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Of the specimen, then back to the other end and finished at the middle. 
This is repeated several times. 


The polarities developed on the ends of the piece are of opposite 
nature to that of the nearer stroking pole. For strong magnetisation, 
the specimen is mounted on two bar-magnets as suggested under 
‘divided touch’. 


(b) Magnetisation by Electric Current.—Suppose a rod is to be 
8 


29-0223 


Fig. 7(d)—Magnetisation by Electric Current. 


magnetised. The rod is placed within a thin-walled glass tubing ora 


OMT: 


! 

{' oe ek V.R, 
HH 

Fig. 7(e)—Magnetisation by -Electric Current. 


card-board cylinder'having'a spiral of insulated copper wire wrapped 
round it [Fig. 7(d)}. The rod will be magnetised, if a strong current 
is passed through the coil. The end where the current flows in a counter- 
clockwise direction when looked at from that end, will be a north pole 
and the other end a'south pole (Fig. 8), If the rod be steel, then the 

magnetisation developed in it will 


; be permanent; if it be of soft iron 
it will be a strong magnet as long as 
the.current passes, but will almost 
completely lose its magnetism as 

P Fig. 


soon as the current is stopped. This 

: is known as the principle of the 

electro-magnet (vide Art. 16 Part VII). Fig. 7(e) shows two common 
types of electro-magnets. 
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Strength of the polarities developed will depend on the quality of. 
ihe specimen, and the number of turns per unit length of the coil 
tithes the strength of the current (Ampere-turns). 

(©) - Magnetisation by Earth's Induction.—A. soft iron rod can be 
magnetised by the earth's magnetism, if it is placed for a few days 
parallel to the direction of the magnetic meridian, the end pointing 
towards the north acquiring north polarity. The magnetisation 
acquired will, however, be very feeble. The method may be hastened 
by gently striking the rod with a wooden hammer from time to time, 

Again, the bar may be magnetised, if it is kept in a vertical 
position ; in the northern hemisphere it will be found to be magne- 
tised such that the top end will be south and the bottom end the 
north pole. Thisis due to the inductive action of the earth, which 
behaves as a huge magnet with its south magnetic pole near the north 
geographical pole and the north magnetic pole near the south geogra- 
phical pole (vide Ch. IV). 

7. Consequent Poles :—Due to faulty or irregular process follow- 
ed in magnetisation a magnetic substance may acquire similar polari- 
ties at the ends and opposite polarities in the middle or additional 
free poles in between, besides the polarities at the ends. Thus, if simi- 
lar poles of two magnets are used as the stroking poles in the methods 
of divided or double touch two opposite poles will be produced at the 
two ends and two similar poles will appear in the middle. Ifa very 
strong pole is made to touch any part of a weak magnet, an opposite 
polarity will be localised there. Such irregular polarities other than 
those at the two ends of a magnetare referred to as consequent poles. 
They are, however, short-lived. y 

8. Magnetic Saturation :—The degree of magnetisation developed 
in a piece of substance depends on the magnetising force and the 
quality of the substance. But there is a maximum limit to the magne- 
tisation. which can be acquired by a magnet, however, much the 
magnetising force may be increased. The substance is said to be 
magnetically saturated when that maximum limit of magnetisation is 
reached. : t 

9. Magnetic and non-magnetic Substance :—All substances are 
acted upon more or less, when placed in a strong magnetic field, In 
case of most of the substances, it should be noted that the effects can- 
not be easily detected. A few substances like iron, nickel, cobalt, 
manganese and some alloys, called ferromagnetics are, however, 
attracted even. by a weak magnet. These substances are used for 
preparing permanent magnets. Though magnetism is a universal pro- 
perty of all substances, particularly the ferromagnetics are commonly 
called magnetic substances because of their very pronounced magnetic 
properties, All other substances besides the ferromagnetics are ordi- 
narily classed as non-magnetics. The subject of magnetic qualities of 
substances has been dealt with in more details in Art. 28. 


. 16, A Permanent Magnet and a Magnetic Substance :—A 
tic substance is one which is attracted by and is dela ot 
being converted into a magnet. Nickel and cobalt, which are also 
magnetic substances besides iron, resemble iron in their magnetic 
behaviour but to a lesser degree. 


Many alloys, suchas tungsten steel, Cobalt-chrom-steel, permalloy, 
Cobalt-steel, mumetal, Alnico, etc. have been prepared in recent years, 
which possess the qualities of a magnetic substance to a far greater 
degree than in case of iron, nickel, etc. 


A magnetic substance, which has been oe and has got a 
permanent polarity at cach end of it, is known as a permanent 
magnet. It retains its magnetism for a long time, 


Difference between a Magnet, a Magnetic Substance. 


(i) A freely suspended magnet always points towards north and 
south, but a magnetic substance, when similarly suspended, points in 
any direction ; that is, permanent magnet has definite poles, whereas 
a magnetic substance ‘has no poles of its own. A magnetic substance 
can have only induced polarity. 


(4) A magnet attracts magnetic substances, but a magnetic 
substance has got no such property. 


(iii) 1f a pole of a magnet be presented to the poles of iod 
suspended magnet, there will be attraction in one case. and 
in another. A magnetic substance, when presented to the pacman 
magnet, will be attracted by both the poles. 


H. opo Terlena seedy gis Magnet, a Magnetic susbtance 
and a Non-Magnetic substance 


(/) When an auxiliary ma; is supplied, one end of it is touched 
ie both ende of the thros specimens successively, The one for which 
there is attraction at one end and repulsion at the other is the 1 magnet, 
The other for which there is attraction at both ends is the magnetic 
substance. The third, which is unaffected, when the magnet is pre- 
sented to it, is non-magnetic. 


(ii) When no auxiliary magnet'is su; but a thread is avail- 


able by which the specimen can be fi suspended at the centre, 
one another, Deb Fw S eos for io go for the 


three, only the one which will always set ina 
particular direction (magnetic ), when so suspended. The 
other two will point to any direction m ur p, 
Knowing the magnet in this way, it is then used to distinguish be- 
tween the other two, as in (i). 

(iii) When no auxiliary magnet or ing thread is available, 


i.e. when no external helping.agent is to. be one of the speci- 
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mens is taken and one of itis successively presented to the middle 
point of the other two. The experiment is repeated, taking the other 
sj too one after another. There will be one case only in which 
there will be attraction and in other cases there will be no attraction. 
In the case of attraction, the specimen whose end is presented is the 
magnet, and whose middle part is touched at is the magnetic subs- 
tance, The third specimen is non-magnetic, This is because the pole 
of a magnet can attract any region of a magnetic substance only 
whereas at the middle part of a magnet, which is a neutral region, 
there is no attraction 


12. Magnetic Induction :—A rod of soft-iron will ordinarily 
have no action on iron filings placed in contact with it, but, if a 
magnet be made to touch, or brought near, one end of the soft-iron 
rod, the filings will cling to the other end of the rod. On removing 
the magnet the filings will immediately fall off, showing that the soft- 
iron rod was only temporarily magnetised by the influence of the 
magnet. 


Such phenomenon in which temporary magnetism is developed in a 
magnetic substance by the influence of another magnet, with or without 
actual contact, is known as induction, 


In the above experiment the soft-iron rod is magnetised by the 
inductive influence of the magnet, and the iron filings adhere to the 
soft-iron rod due to induced magnetism acquired by it. 


The magnet under whose influence magnetism is developed in 
soft-iron bar is called the inducing magnet. 


12. (a) Nature of Induced Polarities :—A pivoted magnetic needle 
is taken and one end of a soft- 


iron bar (rig. 9) kept ona x 
suitable stand P js placed near $ : $ EL 
the north pole of the needle \ 
so as to be ín the same hori- 
zontal plane with it. The 
pole is attracted to the bar, If 
now the north pole of a bar- 
not affect 


magnet (which 

the needle directly from that 

distance) be brought near the Pig. 9 

other end o! the bar, the needle 

is repelled. So, by induction a N-pole must have been produced at 
the end of the soft-iron bar n needle and a S-pole at the gue 
end, This shows that by induction opposite polarity created at 
end near the inducing pole and a similar polarity at the far end of a 


m agnetic substance. 
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Thus the soft-iron bar is converted into a temporary magnet whose 
magnetism will last as long as it is near the permanent magnet, but the 
bar will lose its magnetism as soon as the permanent magnet is re- 
moved. 

13. Features of Induced Magnetism.—{i) If several small soft- 
iron nails are taken,and one of them is brought in contact with one of 

the poles of a bar-magnet, it will be 

is» supported there. Another nail also 
can be supported from the free end 

d of the first nail which will become a 
temporary magnet. In this way a 

' chain can be formed by supporting 


$ one nail below another (Fig. 10). 
The number of nails supported will 

E depend upon the strength of the 
inducing magnet. On removing the 

N bar-magnet from the first nail, the 
s chain is broken and nails fall down. 
N This experiment demonstrates that 
s magnetism can be induced in an iron 
IN nail by a magnet in contact with it 
. and that the inductive influence can be 

Fig. 10 carried through a number of nails, 


each of which is turned into a temporary magnet. 


(ii) In the above experiment, suppose, the inducing pole of the 
bar-magnet is a north pole. If the north pole of a similar second bar- 
magnet be placed over the north pole of the first magnet, the strength 
is increased and more nails can be supported. If the south pole of the 
second magnet be placed over the north pole of the first magnet, the 
nails fall off. When the two inducing poles are dissimilar and are 
of equal strength, not a single nail can be supported. The above 
shows that induced magnetism can be strengthened or weakened by 
similar or opposite poles. 


14. Magnetisation through Induction :—If a steel rod be placed 
near the pole of a strong magnet for a considerable period of time it 
acquires a feeble permanent magnetisation. This is due to the inductive 
action of the magnet. If long bars of iron or other magnetic substan- 
ces be. kept along the magnetic meridian, or fixed up vertically (and 
gently hammered periodically), it is found after a long time that they 
get magnetised, though feeble. Here the magnetisation is due to the 
inductive action of the earth as a magnet. For the same reasons, the 
body of a ship acquires some magnetisation during construction. 


15. Induction precedes attraction :—It can now be explained why 
both the poles of a magnet attract an iron rod. When one end of the 
rod is brought near the pole of a magnet, the rod no longer remains 
unmagnetised, but is turned into a temporary magnet by induction, 
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opposite polarity being induced at the near end. These opposite poles 
attract each other. Thus induction always precedes attraction between 
a magnet and an unmagnetised body: 


16. Repulsion is a Surer Test of Magnetisation :—To test whether 
a given specimen is magnetised or not, it is suspended at its middle 
from the end of a string, and one pole of a bar-magnet is presented 
to one end of the specimen. If attraction occurs the specimen may 
be an unmagnetised magnetic substance or, in the alternative, it may 
be a magnet having at the end under test a pole which is dissimilar to 
the testing pole. So, without further tests no definite conclusion can 
be drawn this way or that way. If, however, there is repulsion, the 
rested end of the specimen miust possess a similar polarity, which 
means that the specimen is magnetised. So repulsion is a surér test 
of magnetisation. That is why in testing whether a specimen is 
magnetised or not, a pole of the bar-magnet is presented to one end 
of the specimen and it is observed whether attraction or repulsion re- 
sults. If attraction occurs, the other pole of the magnet is to be pre- 
sented to see if repulsion now taks place or not. If there is repulsion, 
the specimen is a magnet ; otherwise it is a magnetic substance. 


17. Reversal of Polarity by Induction :—If one pole of a powerful 
magnet be gradually approached to the similar pole of a weaker mag- 
net, the two will repel each other, but when it is quickly brought very 
near to the weaker pole, attraction occurs instead of repulsion. 


This is due to the strong inductive action of the powerful magnet. 
For example, when the N-pole of a strong magnet is suddenly brought 
very close to the N-pole of a pivoted needle, which is a weaker mag- 
net, a strong S-pole is induced at that end. As a consequence of 
superposition of this induced polarity, a S-pole may be built up at 
that end wholly neutralising the existing N-pole. This inductive deve- 
lopment of an opposite polarity at the near end (and a similar pola- 
rity at the remote end of the needle) explains why attraction. should 
occur where ordinarily repulsion is due. 


For a short presence of the inducing pole, this pole-reversing 
effect is temporary, but nevertheless injurious to the needle. That is 
why a magnet is always to be presented very slowly to a magnetic 
needle so that the near pole of the needle, if facing a similar pole of 
the visiting magnet, may have sufficient time to move away. The pole 
of a strong magnet, should not, consistent with the above reasons, be 
presented to the similar pole of a permanent magnet, for thereby in- 
jury will be made to the permanent magnetism of the latter through 


inductive influence. 
18. Degree of Induced Magnetism :—The strength of induced 


magnetism in a substance depends upon (a) the strength of the induc- 
ing pole, (5) the distance between the inducing pole and the specimen, 
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(c) the quality of the specimen, and (d) the nature of the intervening 
medium. 


19. Destruction of Magnetism :—The magnetism of a magnet may 
be weakened or destroyed in the following ways— 


(i) By rough handling —A considerable portion of magnetism of a 
magnet may be lost by hammering or other rough uses. 


(ii) By heating.—A magnet may be made to lose its magnetism 
completely by heating it beyond a temperature characteristic of the 
substance. 


(iii) By the earth's induction.—If a magnet be placed parallel to 
the magnetic meridian with its south pole pointing to the north, its 
polarity will be weakened by the inductive action of the earth. The 
north magnetic pole of the earth is similar to the south pole of a 
magnet, and so it induces north polarity in the near end of the mag- 
net facing it, and thus weakens the strength of its south pole. 


(iv) By the inductive action of another magnet.—If a magnet be 
placed by the side of another magnet with. similar poles adjacent to 
each other, each pole will induce opposite polarity in the other, and 
thus will tend to weaken its strength. 


Every magnet has a tendency to demagnetise itself by the inductive 
action of its own poles. To avoid this, and also to avoid the demagneti- 
sing effect of any neighbouring poles upon it a piece of soft-iron i$ usually 
placed across the poles of a horse-shoe magnet (vide Fig. 2) and bar- 
magnets are kept in pairs with opposite poles side by side having a 
soft-iron piece placed across the poles at each end when the magnets 
are not in use (vide Fig. 1). By this method the tendency of one pole 
acting inductively on the other, or on the steel itself, is prevented, as 
the effect of each pole of the magnet is neutralised by the opposite 
polarity induced in the soft-iron piece in contact. Such soft-iron pieces 
are called keepers, because they keep the magnetism of the magnets 


mu by reducing the tendency of the magnets to demagnetise them- 
selves. ; 


Questions 
l. Describe an experiment which will show that a piece of iron attracts a mag- 
net just as truly as the magnet attracts the iron, (C. U. 1920) 


[Hints :—4 rod of soft-iron is suspended and one of the poles of a magnet is 
brought near it. The iron moves towards the magnet. 1f, on the other hand, the 
magnet is suspended and the iron is brought near the magnet, the magnet moves 
towards the iron rod. Hence both iron and magnet attract each other mutually. ] 

2. Describe the various ways of magnetising a soft iron. 
(Dac. 1932, 43 ; C. U. 29 ; Pat. 1922, '23) 
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3. Enumerate the various methods of obtaining magnetising field for making 


artificial magnets. (Pat. 1932 ; Dac. 1932 ; cf. C.U. '42 ; cf. Utkal, 1947) 
Explain how a north pole may be obtained at a definite end of a steel bar. 

(C. U. 1942) 

4. Describe a good method of magnetising a piece of iron rod. In what respect 

does an electromagnet differ from an ordinary magnet ? (Pat. 1940) 

. Explain ‘Consequent poles’. (Pat. 1946) 


5. What is magnetic induction? How would you distinguish between a 
permanent magnet and a magnetic substance ? 
(C.U. 1944 ; Pat. 1936 ; Utkal, 1947) 
6. Distinguish between a permanent and a temporary magnet. (C. U. 1918) 
7. Describe suitable experiments illustrating the phenomena of magnetic 
induction. (C. U. 1920 ; All. 1924 ; Dac. 1928) 
8. You are given two exactly alike steel bars, and told that one only is a. mag- 
net. How would you find out with them which of the two bars is the magnet. 


(C. U. 1947) 
9. How would you determine whether a given stecl rod is à ee or A d " 
N $ S U. 
» 10. ‘Repulsion is a surer test of the magnetic condition of a body tban attrac- 
tion.' Explain this. (C. U. 1925) 
11. Why does a horse-shoe magnet retain its magnetism better when a keeper 
is placed between the pole-pieces than without it ? (C. U. 1951) 


12. Explain why we store bar-magnets in pairs with their opposite poles toge- 
ther and a piece of soft-iron across them. (Utkal, 1953) 


CHAPTER II 
Molecular Theory of Magnetism 


20. Isolation of a Single Pole is absurd :—When a bar-magnet is 
broken into two parts each part 


A $7 ' becomes a ‘complete magnet 
having a porik pole a one wee 

Au eg [TTRBETRIS: Y ) and a south pole at the other. 
[s B If the pieces are again broken 
GL mu up, each new piece becomes a 

D c B complete magnetagain (Fig. 11). 
Jn practice it is impossible to 
A produce a single pole, i.e. a 
completely isolated pole. Even in a molecular magnet two poles wi 
always occur in pair, that is they are inseparable, or in other words, it 
is not possible to have a single or isolated magnetic pole. 

21. Molecular Theory of Magnetism :—The inseparability of the 
poles of a magnet led to a theory of magnetism, due to Webber, a 
German scientist, which was afterwards developed by Ewing. The theory 
is called the Molecular Theory of Magnetism. According to this 
theory every molecule of a magnetic substance is itself a complete 
magnet. In an unmagnetised specimen the molecules are arranged 


PZYIIXIBIAY ecococcoocooce 
Hegal asIa) Noccoecececooco js 
Asa DAK coccocococrcoo 
(b) 


Fig. 12 


Fig. 11—Breaking a magnet. 


either haphazardly [Fig. 12(a)], or in closed groups of chains [Fig. 
12(b)], causing no resultant magnetic effect, the opposite poles neutra- 
lising each other throughout the piece. When a magnet is brought 
near the specimen, the molecules are swung around by the external 
magnetic force, and due to the process of magnetisation, these molecu- 
lar magnets arrange themselves in definite lines, as shown in Fig. 12(b). 
When all the little magnets are in line, the magnetisation is complete 
and the substance is then said to be magnetically saturated. 

On account of the linear alignment of the molecules due to mag- 
netisation, the magnetic effects are neutralised everywhere expecting 
at the free ends, one of which becomes a north pole and the other a 
south pole ; that is a line magnet is formed. A bar-magnet may be 
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looked upon as a number of such line magnets lying side by side hav- 
ing similar poles turned to each end. If that is the picture, the pola- 
rities should be on the faces of the ends of the 1aagnet. But it is com- 
mon knowledge that the attractive action exists well away from the 
ends. This will be explained if the line magnets are supposed to be 
more and more curved towards the ends [Fig. 13(a)]. The curvature 


Fig.:13(a) 


may be attributed to the mutual repulsion of these line magnets at 
each end where there are contributory similar’ polarities. 

According to Ewing the molecules of a substance are grouped 
together in “closed chains". [Fig. j 
13(b)]. Such an arrangement of Nas: 
molecular magnets is stable. The | 
process of magnetisation consists 
in breaking up mne chains and 
arranging them in alinear arrange- Ses P 


ment. A 
It has been found that soft- Fig. 13(b)—Ewing's 
iron is more readily magnetised Chain Theory. 


than steel, but it loses its magnetism more readily than steel. This 
is explained by the fact that the binding force of closed chains of the 
molecules is weaker in soft-iron than in steel and therefore,it is more 
difficult to rotate the molecular magnets in a definite direction in steel 
than those in soft-iron, but after they are once rotated,it is more 
difficult to rotate them back again, i.e. to demagnetise. 


[See also Art. 26] 

21(a) Support of the Molecular Theory of Magnetism :—The 
Webber-Ewing Theory of molecular magnetism has found a strong 
support in the fact that many of the ordinary magnetic phenomena 
can be successfully explained in the light of this theory. 


(i) Induction.— When a particular pole of a magnet is presented 
to one end of a magnetic substance, the Webber elements (the molecu- 
lar magnets) are acted on according to the ordinary laws of attraction 
and repulsion. They however, cannot leave their places owing to the 
high rigidity of the substance but can turn about their positions of the 
equilibrium just as pivoted needles can. So the dissimilar poles of the 
Webber elements will tend to point towards the inducing pole over- 
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coming their mutual actions. Thus the end of the substance facing the 
inducing pole will contain an excess of free dissimilar poles resulting 
in a polarity of opposite kind. Consistently, a stronger inducing pole 
will rotate a larger number of Webber elements into linear alignments 
and will cause a stronger magnetism to be induced. When the indu- 
cing pole is withdrawn, the Webber elements if they can easily turn: 
(as in the case of soft-iron), will turn back into their normal posi- 
tions under mutual actions. 


(ii) Magnetisation by Rubbing.—Rotation of the Webber elements 
due to an external inducing pole is necessarily very small and so the 
induced magnetism is feeble. When a magnetic substance is rpbbed 
along its body with a strong magnet, the Webber elements are under 
the strongest action because of the closest vicinity of the inducing 
pole, and so the rotation of the elements is more complete than under 
ordinary induction. So rubbing is considered to be a more quick and 
effective method of magnetic induction. 


(iii) Laminated (or Compound) Magnets.— When the specimen is a 

thick bar, magnetisation even by rubbing is also not satisfactory, for 

the Webber elements well within the 

body are not appreciably acted on 

by the rubbing pole. So, in practice, 

thin bars, called laminations, are 

separately magnetised first and are 

fen placed one upon another with 

" i eir similar poles at the same end 

ERES tena ec Manet: (Fig. 14). The lafhinated magnets 

are then rivetted together at the ends. A more uniform magnetisa- 

tion throughout the body of the magnet is in this way ensured than 

in the case of a thick single magnet. A thick magnet so made is 
called a laminated or compound magnet. 


(iv) Magnetic Saturation. — Magnetic saturation’ is reached when 
no further magnetisation can be induced in a specimen. This can be 
readily explained by the molecular theory ; for, as the inducing action 
is increased, more and more of the Webber elements will be oriented 
in the direction of magnetisation. When finally all the elements have 
turned into linear alignments, the amount of free polarity at either 
end is maximum and no further magnetism can be produced by in- 
creasing the magnetising force after that limiting state is reached. 


(v) Equality of Poles of a Magnet. In the act of magnetisation, 
according to the molecular theory the Webber elements set themselves 
in lines along the direction of magnetisation. On either side ofthe 
neutral region there should thus be equal numbers of free poles of 
the opposite kind. That is, the two poles of a magnet should be of 
equal strength. : 
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(vi) Demagnetisation at Curie-Point.—lf a magnet is gradually 
heated, a temperature is finally reached when its magnetism is wholly 
lost. This temperature, which is different for different specimens, is 
known as the Curie-point or the temperature of recalescence for the 
specimen. Curie-point for iron is nearly 750°C. 

With increase of temperature the molecular agitation increases, 
and at Curie-point the acquired freedom of the rotation probably 
enables the Webber elements to return to their normal configurations 
forming closed chains again, 


(vii) Demagnetisation by Rough Treatment.—A magnet may suffer 
considerable loss of magnetism due to rough treatments like rough 
handling, hammering, etc. 

These mechanical processes partially destroy the linear arrange- 
ments formed by magnetisation. 

(viii) Heat produced by rapid Magnetisation and Demagnetisation. 
—When a substance is subjecetd to rapid process of alternate magne- 
tisation and demagnetisation considerable heat is generated in it. 
This is what it should be, for the Webber elements are thereby alter- 
nately brought into lines and flung back into closed chains at'a rapid 
rate. This is equivalent to a vibratory motion of the elements. This 
vibratory motion is the cause of generation of heat in a body accord- 
ing to the kinetic theory of heat. 


21 (b). Magnetostriction :—Magnetisation of magnetic materials 
causes dimensional changes both parallel to, and perpendicular to, 
the direction of magnetisation. This phenomenon is called magneto- 
striction. The changes are, however, very small but are of some 
importance. Magnetostriction is a cause of noise in power transfor- 
mers (vide Art. 121, Current Electricity), and rods of magnetic materi- 
als are maintained in supersonic vibration in a class of oscillators by 
means of magnetostriction. 

22. Magnetisation of Rings and Discs :—An iron ring may be 
magnetised in two ways—(a) By rubbing a bar-magnet several times 
in the same direction along its circumference. 


In this way the molecules are arranged in a definite direction 
forming closed chains having no 
free poles [Fig. 15(a)]. It can also 
be. magnetised by winding an 
insulated coil of wire round the 
whole length of the ring and pass- 
ing an electric current through 
the wire. In this case also there 
is no free polarity. Note that no 
external magnetic effect is pro- Fig. 15—Magnetisation:of Rings. 
duced. But, on cutting the ring 
at one place, north pole appears-at one end and south pole-at the 
other [Fig. 15(5)]. 

Vol. I(M)—2 
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(b) By placing the ring within the pole pieces of a strong horse- 
shoe magnet, or gf an ordinary electromagnet, such that a diameter of 
it is parallel to the axis, two opposite poles are developed at the two 
ends of that particular diameter and the ring will then behave as an 
ordinary magnet. Each pole will induce opposite polarity where it 
touches the ring. . 


23. Magnetic Shell.—AÀ thin flat disc of some ferromagnetic 
material, magnetised in such a way that its faces possess opposite 
polarity is.known as a Magnetic Shell. For it, the length of the mag- 
net is very small compared to its other dimensions. So in order to 
produce a magnetic shell the ferromagnetic sheet must be magnetised 
everywhere at right angles to the surface. Here 
the distribution of magnetism, that is developed 
over an extended surface, is supposed to be uniform. 

1n Fig. 16 is represented a lamina of a ferro- 
magnetic material properly magnetised at right 
angles to its surface area A so as to form a magne- 
tic shell. Let « be the uniform surface density of 
magnetism of the sheet, +ve on the left face and 
—ve on the other and t be its thickness, The total 

+ ve(i-pole) and —ve magnetism developed on the 
Fig. 16 faces are respectively -- c4 and —oA. Hence the 
total magnetic moment of the shell is given by M - cA x t — 14t where 
I--the intensity of magnetisation — c, the surface density, numerically. 
The strength of the shell is defined as its magnetic moment per unit area 
and is generally designated by ¢. 


s e- M ater. 


Hence the moment of the shell is M — 44, i.e. equal to the product 
of its strength and surface area. 
No magnet has applications like a magnetic shell. The polarities 
are located at the ends of a magnet but they are on the two faces of 
-ashell. In Fig. 17, suppose the space within the current carrying 
coil AB is filled with some 
magnetic substance. The 
face of the thin disc (coil) 
thus formed in which cur- 
rent flows in a clockwise 
direction is a south pole (as 
seen from E,) and the other 
side is a north pole in which 
it flows in an anti-clockwise 
direction. i 
The importance of the Fig. 17 
concept of a magnetic shell lies in the fact that the magnetic field 
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produced by a current circuit is the same as that due to a shell of 
strength numerically equal to the current in €.m.u., the contours of 
both the shell and the circuit being identical (Ampere's Theorem). 
The following cases may be cited as examples :— 


(i) Potential at any point in the field of a circular coil carrying a 
parepat i e.m.u. is V=iQ, where, Q is obtained from the geometry of 
e coil. 


(ii) Magnetic moment of a circular coil carrying i e.m.u. of cur- 
rent is M= (area x strength) = xr? x i. 


Explanation :—Suppose xyz is a closed circuit in which current 
flows in an anti-clockwise direction. If the space within this circuit 
is divided into a number of small squares and if current flows anti- 
clockwisely through the sides of each of these squares, then the resul- 
tant effective current will flow through the periphery of the circuit 
xyz. Y 


Through the adjacent sides of the squares 4 and C current flows 
in upward and downward directions respectively, and they cancel each 
other. Similar will be the case with the other adjacent squares. The 
current through A is thus zero. Similarly the currents through the 
sides of all the small squares are zero. Hence the effective current is 
found to flow through the outer boundary of the figure formed by the 
squares, If the number of these small squares be very large, then the 
outer boundary of them will coincide with the periphery of any cir- 
cuit (like xyz). Each small square may thus be considered to bea 
small magnet, which forms the magnetic shell xyz. 

E.M.U. :—The electro-magnetic unit of current is the strength of 
that current which when flows through a closed circuit produces a 
magnetic field equal to that produced by a magnetic shell of unit 
strength, the contours of both the shell and the circuit being identical, 
i.e. the strength of a magnetic shell is equal to the current strength 
in e.m. u. 
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24. Potential at a point due to a Magnetic Shell :— 


Let AB (Fig. 19) represent a magnetic shell whose left-hand face 
has acquired a + ve, i.e. north polarity and let P be a point facing 


this north face of the shell. The magnetic shell may be considered 
to be made up of a good 


number of elementary mag- 
nets, each of length t equal 
to the thickness of the shell 
and placed side by side. Let 
ds be the cross-sectional area 
of such an elementary mag- 
net. Evidently the n-pole 
of this elementary magnet 
lies towards the point P 
under consideration. If e be 
the surface density of mag- 
tism on the shell, the strength 
Fig. 19 of the shell is ¢= «t. 

-. The magneuc moment 
of the element ds is M,—¢.ds and it is directed along the normal 
NON’ to the area under consideration. 


Now if r be the distance of Pfrom the centre O of the element and 
« the angle between the radius vector r and the normal, the potential 


$ ds.cos« 
IUE 


at P due to ds is dV= 


dscos« - , 
But T mda, the solid angle subtended by the elementary area 


ds at P. 
dV — $.do. 


Now as 4 is constant, the potential at P due to the whole shell is 
V= f édo-é9 


where 0 is the solid angle subtended by the contour of the shell at 
P, Vis +ve if P faces the positive pole of the shell, and — ve] if it lies 
on the side of the negative face’ of the shell. 


Now 9 ata particular point is the same for all shells having the 
same periphery irrespective of their actual shapes. Consequently, all 
shells of the same strength and periphery give rise to the same poten- 
tial at points substending the same solid angle with the shell. So the 
potential at a point due to a magnetic shell is solely decided by its 
contour line and strength. 
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Note :—(a) If p be the 
permeability of the medium 
between the point P and the 
shell, then potential = do/u. 


(b) The angle subtended 
at any point by the magnetic 
shell depends only on its peri- 
phery. Ifthe shell be almost 
a closed one, then the angle 
subtended at an external point 
is very small (Fig. 20). It is 
evident from Fig. 20, that the 
solid angle subtended at P by 
the almost closed surface AB is 
do; .*, the potential at P= 
$do. So, like a spherical shell, 
the potential at an external 
point due to a closed shell is 
zero ; because do =0. 


(c) But the solid angle 
subtended at an internal point, 


Fig. 20 
O by an almost closed shell is equal to 4x. Hence the potential at 
this internal point due to such a shell is 4x4, but the intensity of the 
magnetic field at an internal point of the closed shell is zero. 

25. Magnetic potential and intensity at a point on the axis due to 
a circular:shell of strength ¢ :— 


Let a be the radius of 
the circular shell of strength 
$, and x the distance of the 
axial point P from the centre 
O of the shell (Fig. 21). 

The potential at P is 
evidently, V=¢w where o is 
the solid angle subtended by 
the shell AB at P. This o is 
equal to 2z(1 —cos ©) where 
Fig. 21 ə is the semi-vertical angle 

subtended by AB at P. 


V —2xé(1—cos 9) 
-2 (1-7) 
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[ Calculation of o :— 


We know that the area of a spherical surface — 4xr? = 2zr x 2r 
= (circumference of section through the centre)x (length along a 
diameter). 

The area of cap ACB (Fig. 22) forming the part of the spherical 
surface of radius r(=AP) is the normal 
area bounded by the shell AB. This area 
ACB is norinal tor. So the solid angle 
subtended by AB at P is equal to this 
normal area ACB divided by r°. 

Since area ACB is subtended by a 
length (r—x) along the diameter, the 
value of this area according to the general 


relation is given by 2xr(r—x) = 2«r* (1 e: z) 


Fig. 22 =2xr*(1—cos 8). 


2(] — 
., The required solid spe MM 2x(1—cos 8) ] 
Since the expression (1) for the potential is a function of x, the 


intensity at P will be given by- and will be directed along the 


axial direction (x-direction only). The magnitude of this intensity 
at P is, therefore, 


dV 1 4 
Pe- prarepa] 
di a*4+x%—x? 2xóa* 
rab [^ E Sra T x*)s[* 

26. The Modern Theory of Magnetism :—The molecular theory 
of magnetism has been superseded by the domains theory. The modern 
theory has arisen from the modern concept of the atom. According to 
this, an atom consists of a nucleus (containing neutrons and protons) 
with electrons orbitting round them, the number of electrons ina 
neutral atom being equal to the number of protons in the nucleu 
which gives the atomic number of the atom in the periodic table. Ths 
electrons revolve in different orbits. Each revolving electron, beineg 
equivalent to a circular current, constitutes a magnetic shell exerting 
its magnetic effect in the adjacent space. These shells may or may not 
be parallel and even when they are parallel the sense of rotations of 
the electrons may not be identical. So an atom may have a re latively 
strong field, a weak field or no field at all when considered as a whole 
depending on the orientations and strengths of the shells. 


$ 
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The modern theory of ferro-magnatism, as developed by Weiss and 
later by Heisenberg supposes that the atomic magnets in a -ferro-mag- 


netic material are strong enough to form stable groups or 


‘domains’ 


(which have been visually sighted) of crystalline matter containing a 


large number (10*7 to- 10°*) of 
such elementary magnets. All the 
elements in a domain are arranged 
with their axes parallel (Fig. 23). 
In the absence of any external 
magnetic field the different doma- 
ins are oriented in all possible 
manner and as such no resuitant 
magnetism exists in an unmagne- 
tised specimen. When a magnetis- 
ing field is applied, the domains 


S 
ck 


Fig. 23 


whose magnetic axes are nearly parallel form bigger domains with 
similarly oriented ones, and align their axes along the field. The 
degree of alignment increases till the magnetic saturation is reached. 
With the withdrawal of the magnetising field, the initial stable arrange- 
ments of the domains are never got back and so a residual magnetism 


remains in the specimen. 


The domain theory has been supported by the observations of 


Barkhausen and Bitter. Barkhausen 
netisation is discontinuous and jerky, 
to the magnetisation of one or more 


observed that the process of mag- 
the jerks being assumed to be due 


domains-at a time. _ This jerky 


_discontinuous process of magnetisation is known as the Barkhausen 


effect. 


Diamagnetism :—According to Lai 


ngevin's theory the planes of the 


electronic orbits of a diamagnetic atom are relatively so oriented that 
the atom as a whole is magnetically neutral, i.e. the algebraic sum of 


the moments of the magnetic shells is zero. 
magnetising field, the balance of the 


When subjected to a 
magnetic moments is disturbed 


and the electronic orbits shift relatively to each other in such a way 
as to induce a negative magnetic moment of the atom as a whole 
resulting in a repulsion ofthe atom from the strongest part of the 


field. This explains why a diamagnetic specimen 


transverse to the magnetic flux. 


Paramagnetism :—According to Langevin’s 
lectronic magnetic moments of the shells do not 
but to a small positive value which of course 


magnetic atom, the e 
quite sum up to zero 


does not enable the adjacent magneti 


tends to set itself 


theory, in a para- 


c atoms to form stable groups or 


domains. But in a strong magnetising field the alignment of the shells, 
proceeds though feebly ; the intensity of magnetisation being propor- 
tional to the applied field. With the withdrawal of the inducing field, 


the magnetisation falls to zero leaving no residual 


specimen. 


magnetism in the 
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Questions 
1. What are the reasons for the assertion that a magnet cannot be 


produced 
which has only one pole ? (C. U. 1933 ; Pat. 1934) 


2. What do you find when a magnet is successively broken into a number of 
pieces ? What conclusion does it lead to ? (cf. Pat. 1939) 


What do you expect in a bar of magnetic substance, if the magnetising field by 
which it is magnetised, is gradually increased from a very low value to a high 


one ? r (Pat. 1932) 
3. Explain why poles of a magnet cannot be separated from each other. 
(Utkal, 1953) 


4. Givean outline of the molecular theory of magnetism and show how it 
accounts for the (i) magnetic saturation, (ii) differences between the behaviour 


of soft-iron and hard steel when under magnetising influence. (Pat. 1931) 
5. Explain why a bar of iron cannot be magnetised beyond a certain limit. 

(Utkal, 1952) 

6. Explain the molecular theory of magnetism and mention any experiment 

which in your opinion supports the theory. (cf. Del. H. S. 1954; C. U. 1940) 

7. Discuss Ewing's theory of magnetism. (E. P. U. 1950, '52, '53) 

8. Write a short note on the ‘molecular theory of magnetism’. (Pat. 1955) 

9, Two circular rings of iron are magnetised, the first by being laced between 

the poles of a strong horse-shoe magnet so that the line joining les of the 


magnet is a diameter of the rings, the second by having one pole of a magnet 
drawn round it several times. Describe the magnetic state of each ring. 
: (Punjab, 1931 ; Pat. 1951) 


——— 


CHAPTER II gts 


Magnetic Field and Lines of Force 


27. Magnetic Field :—The magnetic field of a magnet is the space 
surrounding the magnet in which the influence of the magnet is exerted. 


Magnetic Lines of Force.—If an isolated north pole be supposed 
to be situated at any point in a magnetic field due to a magnet it will 
experience a force of attraction by the south pole of the magnet and 
a force of repulsion by the north pole. It will also experience a force 
due to the earth acting as a magnet. These forces together will pro- 
duce a resultant force and the isolated pole, if free, will move in the 
direction of the resultant force at the point. At every point of the 
magnetic field, the magnitude and direction of the resultant force will 
depend on the position of the pole relative to the magnet and so the 
direction of motion of the pole will change. By changing the posi- 
tion of the isolated north pole from point to point in the field, the 
path followed by it will be found to be a curve starting from the north 
and terminating at the south pole of the magnet. Such a curve, which 
represents the path of motion of an isolated N-pole of the magnetic 
field, is called a line of force. From a point on the N-pole of the 
magnet one line of force starts, and passing through the magnetic field 
ends on a corresponding point on the S-pole ; from the S-pole it tra- 
vels through the body of the magnet and ultimately returns to the same 
point on the N-pole from which it originated. That is a line of. force is 
a continuous closed curve. But it must be remembered that these lines 
of force do not really exist. They can be only imagined and are a 
means of studying the nature of a magnetic field. So it may be defined 
as follows—‘“A line of force is a continuous curve drawn in a magnetic 
field such that the tangent at any point on it shows the direction of the 
resultant force at that point.” The positive direction of a line of force is 
the direction in which an isolated free north pole will move. 


Properties of Lines of Force.— 

(i) They are closed curves. 

(ii) They always start from a N-pole and end in a S-pole and are 
continuous through the body of the magnet. 

(iii) They never intersect one another ; for if they did, it would 
mean that at the point of intersection, the „resultant magnetic force 
would act in two different directions, which is impossible. 

(iv) They are like stretched elastic threads and are always ina 
state of longitudinal tension, and naturally repel each other sidewise. 

(v) They start from, and end on, a surface normally. 

28. Maps of Magnetic Field :—It has been found in Art. 27 that 
the direction of magnetic lines of force can be traced by means of an 
isolated north pole, but, as it is impossible, to obtain a single pole, the 
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above method cannot be practically applied. The lines of force can 
however, be practically traced by means of a small compass needle 
which; placed at any point, will set itself with its magnetic axis in the 
direction of the resultant magnetic force at that point. 

It follows, therefore, that it is possible to indicate the directions 
of the lines of force at all 
points of a field by means of 
a compass-needle instead of 
a single pole (which is im- 
possible to obtain). Such a 
diagram is called a map of 
the magnetic field. The 
idea is due to Michael Fara- 
day, the Celebrated es 

ndon - 3 
Fig. 24—Map of the Magnetic of ‘ay d of Plotting 

Field due to a single Bar-magnet. Magnetic Maps.—The follow- 

ing two methods are usually adopted for mapping magnetic fields— 


(i) Iron-Filings Method and (ii) Compass-Needle Method. 


(i) Iron-Filings Method.—This method is suitable only for strong 
magnetic fields, and not for weak fields like the earth's horizontal 
field. lron-filings are scattered on a glass plate, which is placed over 
a magnet. On gently tapping the glass plate, the . iron-filings will be 
arranged along certain lines due to the magnetic action of the magnet 
taking place across the glass plate (Fig. 24). The setting of the iron- 
filings gives the nature of the resulting magetic field and this gives the 
map of the magnctic field produced. From one end of the magnet to 
the other, the filings set themselves along definite lines which give the 
lines of force ; the tangent at any point of such a line represents the 
direction of the resultant magnetic force at the point. 


(ii)  Compass-Needle Method.—When a compass-needle (Fig. 25) 


Fig. 25 Fig. 25 (a) Compass-needle Method. 


is placed near a bar-magnet the direction in which the needle rests is 
the direction of the resultant field due to the two sources, one due to 
the magnet, and the other due to the earth. 
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A bar-magnet NS is placed on a sheet of paper [Fig. 25(a)] fixed 
on a drawing board in sucha way that it lies in the magnetic meridian. 
Its outline is then drawn by a' pencil. A compass-needle is placed in 
position A near one end N of the magnet ; and two pencil marks are 
put on the paper exactly at-the two ends S and N of the needle. The 
needle is then moved to the position B so that its first pole is placed 
on the second mark N, and another mark is put át the other end. 
In this way the needle is shifted from one position to the next till the 
other pole of the magnet is reached, as shown in Fig. 25(a). 


[The axis of the compass-needle will really set along the tangent 
to a line of force and so the smaller the needle the more accurately 
will be the line, drawn on the paper, and will oincide with the true 
path of a line of force.] 


This process is continued until the whole field is mapped out. It 
will be noticed that near the magnet the forces due to the earth are 
negligible in comparison with those due to the magnet and so the lines 
are in reality, due to the magnet only ; but at more remote points, 
the earth’s field predominates, and we get the lines due to the earth, 
which are, however, slightly modified by the presence of the magnet. 


(b) Neutral Points.—Fig. 26 represent, for one side of the 
magnet, the resultant field due to the earth and a bar-magnet placed 
in the magnetic meridian with its N-pole pointing north. It will be 
seen that the lines of force due to the magnet (passing from N to S) 
and those due to the earth, are in the same direction at all points 
along the axis of the magnet produced:; so, on this Jine the resultant 
field is stronger, 
whereas those | two 
fields are in oppsite 
directions at all points 
on a line drawn 


through the centre of N 
the magnet at right 

angles to its axis, w E 
where these two 

fields therefore, $ 


weaken each other. 
The strength of the 
earth's field is uni- 
form, and that of the 
magnet varies from 
point to point, being 
stronger than the Fig. 26—Method of determining the position of 
z ig. 26—Method of determining 
DN s RETES Neutral Points due to a Bar-magnet and the Earth. 


becoming weaker with the increase of distance from the magnet. 
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Hence at some point, as at A (Fig. 26), thetwo fields:will be equal and 
opposite, the resultant being-zero. Sucha point is called a neutral 
^ point. Notice that at 
^ 1 fhe neutral point A, the 
\\ | resultant field E due to 
| 
RS 
A 


the magnet exactly 
balances an equal 


due to the  ;arth's 
«T horizontal field. Another 


iy 


\ =F similar neutral point X, 
) DE like that of A, must be 

WANN on the other side of the 
fy magnet, as shown in 
Fig. 27. 

If, however, the magnet 
is placed N-pole pointing 
south, the direction of 
its lines of force will be 
reversed ; here the two 
fields will agree in the 
Fig. 27—Resultant Field direction on the line 

(N-pole pointing North) drawn through the centre 
of the magnet at right angles to the axis and will oppose each other 
along the axis. Thus the neutral points will now be on the axis, as 
shown in Fig. 28. 

A neutral point may, therefore, be defined as a point in a magnetic 
field where the resultant intensity is zero ; so, a small needle placed 
atthe neutral point will be . 
at rest in any direction in 
which it is kept. There are 
two such points in the map 
of the magnetic field of a 
bar-magnet placed in the 
earth's field. At each of 
these points, the field due 
to the bar-magnet is equal 
and opposite to the hori- 
zontal field due to the earth. 

In figures 27 to 30, maps 

of the magnetic field of a 
bar-magnet placed at di- 
fferent positions relative to 

the earth have been given. 

The points marked X show , 
the positions of the neutral points. f 

(c) Some Important Maj .—(i) Fig. 27 represents the complete 
resultant field due to a bar-magnet with its N-pole pointing north. 
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(ii) Fig. 28 represents a complete field where the N-pole of the 
bar-magnet placed in the magnetic meridian is pointing south, 

(iii) Fig. 29  repre- 
sents the resultant field 
due to the earth and a 
bar-magnet placed in east- 


(iv)  Bar-Magnet in 
any position :—Fig. 30 
shows the position of 
neutral points (marked 
X and A) in a field due 
to a bar-magnet when 
placed in any position 
with respect to the 
earth's field. In this parti- 
cular case the axis of the 
magnet makes an angle of Fig. 29—Resultant Field 
about 75? with the direc- (N-pole pointing East) 
tion of the eaath's field. 

(d) Some More Cases of Lines of Force.—A few important cases of 
lines of forces are indicated diagrammatically in Figs. 31—33. Fig. 31 
shows the map of the lines of force due to a horse-shoe magnet ; Fig. 
32 that due to two bar-magnets with their like poles facing each 
other ; and Fig. 33 that due to two bar-magnets with unlike poles 
facing each other. 

N.B.—From the above maps it might appear that all the lines of 

force around a magnet lie in 
one plane, but in fact they 
extend throughout all space 
around the magnet. 

29, Lines of Force, Lines 
of Magnetisation and Lines of 
induction :—When a long rod 
of a magnetic substance is 
placed in a magnetic field para- 
llel to the direction of the field, 
itis magnetised by induction. 
The number of lines of force 

rsq. cm. of the cross-sec- ` 
tion of the field in the space 
occupied by the specimen is 
increased due to a number of 


i 
t 
| 
i 


=@ 


E lines of force added by the 
Fig. 30—Resultant Field induced magnetism of the rod. 
(Bar-magnet in any position) Thus, within the magnetic 


substance, we may make a distinction as follows— 
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(i) There are lines in air, which are due to the magnetising field. 


Fig. 31 Fig. 32 Fig. 33 


and which would exist if the magnetic medium were not there. They 
are called the lines of force. 


(i) There are additional lines within the magnetic substance which 
are due to the induced magnetism of the rod. These lines are referred 


io as the lines of magnetisation. 


(ii) The total lines comprising the lines of force and the lines 
of magnetisation are referred to as the lines of induction. The strength 
of the magnetic field: within a magnetic material is due to the lines of 
induction, i.e. to the joint effect of the lines offorcc and the lines of 


magnetisation. 


30. Intensity of Magnetisation :—1n the case ofa magnet which 
is uniformly magnetised, that is, in which the amounts of free mag-- 
netism on the opposite sides of a cross-section taken perpendicularly 
to the axis at any point are exactly equal but of opposite signs, the 
intensity of magnetisation at any point is known as the magnetic moment 
(vide Art. 38) per unit volume taken about that point. Thus, if M be 
the magnetic moment, m the pole strength, 2/ the length in centi- 
metres, a the cross-section in sq. cms., V the volume in cubic centi- 
metres, we have, the intensity of magnetisation. 


SM, mx2l m, 
V'ax2l a 
Hence the intensity of magnetisation is also defined as the pole 
strength per unit area. 


31. Alteration of a field of force due to magnetic substances :— 
Magnetic lines of force can pass more easily through magnetic subs- 
tances than through non-magnetic substances like air, etc. For exam- 
ple, a piece of soft-iron is more permeable to megnetic lines of force 
than air or it is said to be of greater permeability. If a piece of soft- 
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iron is placed in a magnetic field (Fig. 34), it causes a shrinkage of the 
lines of force from air into the soft- 

iron piece, which has a very great Eie TRIN LS acm 
permeability. The permeability of a 

substance is always compared relative 
to air.' Thus permeability can be 
ace » the Sore ine power of a 
medium for magnetic lines of force as M 
compared with that for ee is TE A EESTI 
measured by the ratio of the number 

of lines of force passing normally Fig. 34 

through a unit area placed within the 

substance (i.e. the lines of induction) to the number of lines of force 
passing through the same area placed in the same position in air when 
the magnetic substance is removed. 

If B denotes the number of lines of induction per unit area of a 
substance, when placed in a magnetic field (air) H, then B, measures 
the magnetic induction and H the magnetic force. The ratio of B to H 
measures the permeability of the substance. Thus, 


permeability, u- P. It is greater for iron than for nickel or 


cobalt. 

The susceptibility of a magnetic substance is measured by the-ratio 
of the intensity of magnetisation J of a substance to H, the magne- 
tising force. Thus, 

I 
H 

[Note. It can be proved that for a magnetic substance placed in a 
magnetic field, B= H + 4x1. 

Dividing both sides by H, B/H=1+ 4x1/H ; or, u= 1+4xK.] 

32. The behay‘our of a magnetic material subjected to a gradually 
increasing magnetising field :— 

Generally speaking, all magnetic materials follow a common pattern 
of behaviour when subjected to a gradually increasing magnetic field. 
The general nature of the relation between the intensity of magnetisa- 
tion J and the magnetising field H is given:by the branch OABB' of 
Fig. 34(a). It will be noticed that so long as the magnetising field is 
weak, the magnetisation J develops slowly (from O to A) with the 
increase of the field H. After some value corresponding to A the 
induced magnetism grows more rapidly (from A to B). But as the field 
is further increased after some value H, corresponding to B, the 


susceptibility, K = It is greater for soft-iron than for steel. 


*Strictly speaking it should be relative to ‘free space’, i.e. vacuum, Ordinarily 
the permeabilities of vacuum as well as of air which differ very little arc taken as 
the same and equal to 1. 
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intensity of magnetisation assumes a steady value J,. The specimen 
cannot be magnetised more strongly than this however much the 
magnetising field H be increased. At this stage the specimen is said to 
have reached the saturation limit. The curve OAB representing the 
magnetisation of a specimen from zero value of field to a value of field 
corresponding to the saturation limit is called the virgin curve of a 


specimen. 


Cycle of magnetisation.— 


Ifthe magnetising field H applied to a magnetic material is gradually 
changed from zero value to a 
value corresponding to the satura- 
tion limit for the specimen in one 
direction of magnetisation (say, 
positive ), and the field is then 
decreased in the same way to zero 
value, and then reversed in direc- 
tion (negative), increased to the 
saturating value in that direction, 
decreased to zero value again, and 
again reversed till the saturating 
value in the positive direction is 
reached again, the magnetisation 
of the specimen follows a curve, 
QAR BCDE, ae as depicted 
r v dee in Fig. 34(a). e magnetisation 
Fig. 34(a) —Cycle:of Magnetisation. as represented. by the cycle 


BCDEFGB is called a cycle of magnetisation. 


Some Terms Common in Magnetisation.— 

(i) Hysteresis.—Referring to Fig. 34(a), it will be observed that 
the demagnetisation curve BCD lines above the magnetisation curve 
OAB and hence the zero value of J does not occur at the zero value of 
H but at a later point of the cycle of magnetisation. To such lag of 
magnetisation behind the magnetising field Ewing gave the name 
hysteresis, The area of the loop enclosed by the cycle of magnetisa- 
tion BCDEFGB is called the hysteresis loop for a specimen of magnetic 
material for a given maximum value of the applied field. 


The consequence of hysteresis is that when a specimen passes through 
rapid cyclic change of magnetisation, energy is expended which is not 
recoverable, The expended energy appears as heat and is wasted. The 
energy lost per unit volume of the material per cycle is termed the 
hysteresis loss of the specimen. The area of the hysteresis loop is 
directly proportional to this loss. The smaller the loop, therefore, the 
better is the material suited for use in alternating magnetic fields as in 
the case of the core of a transformer. 
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(ii) Residual magnetism.—The value OC [Fig. 34 (a)] of the 
intensity of magnetisation when the magnetising field H is reduced 
from great values down to zero is called the residual magnetism of a 
specimen. : 


(iii) Coercive Force.—The value OD [Fig. 34(a)] of the reversed 
field required to reduce the intensity of magnetisation to zero is called 
the coercive force. / 


Remarks.—A knowledge of the intensity Z of magnetisation near 
saturation, together with the values of the residual magnetism, and the 
coercive force, enables one to draw the approximate cycle of magne- 
tisation, and so even when the complete cycle is not available, these 
three quantities provide us with a very good estimate of the magnetic 
properties of a material. 


33. Ferro-magnetic, Para-magnetic and Dia-magnetic substances :— 
From a study of the behaviour of substances in a magnetic field it 
has been found that they may be classified under two distinct classes— 
para-magnetic and dia-magnetic. 


(1) Para-magnetic bodies (P), such as Pr, K, Al, Os etc. when 
freely suspended in a magnetic field, ultimately set themselves parallel 
to the direction of the field i.e. they move 
from the weaker to the stronger parts of 
the field (Fig. 35). Magnetisation takes 
place in them in such a way that the 
acquired magnetism increases the field 
within them. That is, for them the induc- 
tion B is greater than ie magnetising field 
H. So for them permeability u is greater ieaS PANA ARNEE 
than unity (cf. u= B/H), for Pt,u-1,00002 P pop ene 
and susceptibility A' is positive but small A 
for Pt. Ke 71 x 10-8 (cf. u—1--4xK). So, when such a body is put 
into a uniform field, the lines of force become more closely packed 
within the body than in the space outside, as in Figs. 34 & 35. s 


(2) Para-magnetic liquid.—A watch glass is filled with some para- 
magnetic liquid and placed 
on the two poles of a 
magnet which are .sepa- 
rated about 3," apart. 
The liquid will be collec- 
ted at the centre of the 
Fig. 36 watch glass. 


Vol. HE (M) -3 
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A U-tube is filled up with a para-magnetic liquid. The narrow 

. portion of the tube passes 
between two pole pieces 
ofan electromagnet, the 
meniscus being in a region 
where the field is uniform. 
When the field is applied, 
the liquid experiences a 
pressure, due to which, 
the liquid surface rises 
(Fig. 37). 

(3) Para-magnetic 
gas.—If a para-magnetic 
gas be placed within the 

poles of an electromagnet. it will spread along the direction of the 
magnetic field. 


Fig. 37 


(4) Intensity of Magnetisation is proportional to the magnetising 
force. So, the value of u and K remains constant in a variable field. 


Effect of Temperature and Curie's Law.—Susceptibility varies in- 
versely as the absolute temperature, for a constant magnetising force. 
So the para-magnetic bodies obey Curie's Law. if the temperature is 
increased, the value of susceptibility decreases and becomes negative 
atter a certain temperature, called the Curie Point, and para-magnetics 
pass into a dia-magnetic state, 


lron, Nickel and Cobalt should be considered belonging to the 
general class of para-magneties judging them by the above character- 
istics. But, in their case the induced magnetism, when placed in a 
magnetic field, and hence susceptibility and permeability, are so great 
in comparison with others that it has been thought fit to group them 
into a separate class. This is why they have been given a special 
name—ferro-magnetics. Curie's experiments show that for the ferro- 
magnetics, magnetisation in a magnetic field varies inversely as the 
absolute temperature, and above a certain temperature called the curie- 
point for a ferro-magnetic body, ferro-magnetics pass into the para- 
magnetic state, It must not, however, be understood that para- 


-SA 
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magnetism and ferro-magnetism are- only two aspects of the same 
phenomenon differing from each other only in degree. The difference 
is really a difference in kind. Ferro-magnetism is not shown by sub- 
stances which have no definite crystalline structure. Since liquids and 
gases have no definite structure, they can never be ferro-magnetic. 


Dia-magnetic bodies (D), such as Bi, Sb, Hg, Ag, Zn, Cu, Pb, water, 
quartz, etc. when freely suspended in a magnetising field, tend to set 
themselves at right angles to the lines of 
force (Fig. 38), though the effect is gene- 
rally only too feeble. In a magnetising 
field they acquire such magnetism that 
they move away from the stronger to the 
weaker parts of the field; i.e. the polarity 
created in a dia-magnetic body is there- _ $ x 
verse of that created in a para-magnetic Fig. 38 -Dia-magnetic body. 
body placed in the same position. The lines set up within the body 
due to acquired polarity oppose the magnetising lines of force, and 
hence the induction B is less than the magnetising field H, i.e. the 
permeability is less than unity and susceptibility negative. For bis- 
muth A= —1:4x1079, So, when such a body is introduced ina 
uniform magnetic field, the density of the lines of force within the 
body becomes less than that in the surrounding space. Unlike ferro- 
magnetism, dia-magnetism is independent of temperature. 

4 

Dia-magnetic liquid.—Some dia-magnetic liquid is poured into a 
watch-glass and placed on two 
very close magnetic poles. The 
liquid will move away from the 
strong part of the field and will 
be accumulated in the weaker 
portion. So the level at the centre 
will be lower than that at the two 
edges. If the distance between 
Fig, 39 the poles be increased, the eflect 

` will also be changed. 


If the experiment described in Fig. 37, be repeated with a dia- 
magnetic liquid, the liquid meniscus will fall. 


Dia-magnetic gas. Such gases, when placed within a strong mag- 
netic field, will spread at right angles to the lines of force. 
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Ferro-Para and Dia-magnets compared 
—————————— 


Ferro-magnets Para-magnets Dia-magnets 
Ferro-magnets have definite crystal- These may be These may be 
line structure and are solid in solid, liquid solid, liquid 
nature. or gas. or gas. 
They are strongly attracted towards | Only feebly Feebly repelled. 
attracted. 


magnetic field. 


A ferro-magnetic bar sets itself paral- 
lel to the direction of the magnetic 


A para-magnetic bar 
tends to set itself 


A dia-magnetic bar 
sets itself perpen- 


field. parallel to the dicular to the 
field direction. field. 
Permeability is greater than unity. 4 is slightly greater | » is less than 
2s] than unity. unity. 
Susceptibility is positive and greater | K is small but K is small but 
than unity. positive. negative. 


K of ferro-magnets falls with tempe- 
rature rise in a complex manner. 


K falls with tem- 
perature rise in a 
simple way. 


K does not vary 
with temperature. 


Band J vary with H but not linearly 
and ultimately attain saturation. 


They exhibit phenomenon of hys- 
teresis, 


B and J vary li- 


nearly with H 
and at low 
temperatures and 
high field tend 
towards saturation. 


Band / vary linearly 
but no saturation 
is reached. 


No hysteresis 
is exhibited. 


No hysteresis 
is exhibited. 


“They possess retentivity. 


No retentivity. 


No retentivity. 


Ferro-magnets have definite Curie- 
points. 


No Curie-point. 


No Curie-point. 


34. Magnetisation Curves :—If the strength of the current is 


increased gradually from zero, EE to each value of Ja 


particular value of the magnetising field, H zm o *, is obtained andso 


also a value of the intensity of magnetisation 7. Now plotting the 
different values of J against the corresponding values of H, the 
magnetisation curve (I—H) is obtained as shown in Fig. 40. Here 
for small values of H, the slope of the curve is also small; but it 
steepens with the increase of H and finally the curve reaches the 
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point S, after which / remains Practically constant inspite of further 
Increase in H. At S the sample is said to have reached magnetic 
Saturation. Again as B=H+4zI, a B-H curve (Fig. 41) can also 
be drawn which is also of almost the same nature as the /-H curve 


1-H 


Fig. 40 Fig. 41 
in the general aspects. Here also the magnetic saturation is reached 


at the point S (Fig. 41). Since K-t, and emf, K-H and u—H 


curves can also be drawn asshown by the discontinuous lines in 

the above figures. These 

curves are found to possess a 8 

maximum at the steepest 5 Annealed soft iron 

part of the ]-H and the B-H  '6*9 

curves respectively. This is 

evident because at the 
dI dB 

steepest part dH and dH 


are maximum. 


Fig. 42 shows a numher 
of magnetisation curves for 
different types of magnetic 
materials. 


35. Iron and Steel as Magnetic Substances :—Soft-iron is readily 
magnetised, that is, the susceptibility of soft-iron, i.e. the capacity 
for its being magnetised under the influence of a magnet, is greater 
than that of steel, but the retentivity i.e. the power of retaining the 
magnetism after the magnetising force is removed, is small, 


Fig. 42 


The retentivity of steel is greater, though steel is not as readily 
magnetisable as iron. 

The power of retaining magnetism, in spite of rough handling or 
any other demagnetising treatment, is known as coercivity. The 
coercivity of steel is greater than that of soft-iron. 
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The B—H Curves of Soft-Iron and Steel—Though the /—H loop 

has been referred to as the hysteresis loop above, the B—H loop is 

more commonly known ds 

*B the hysteresis loop. As H, I 

and B are interrelated the 

values for B—H can be 

directly obtained from the 

experimental data on ‘the 

I-H curve, „the B—H 

HW T M curve is also characteristic of 

Steel the material of the specimen 

under test. The area of the 

B— H loop of steel is much 

greater than that of soft- 

iron as shown in Fig. 43. 

-8 The permeability of soft- 

À iron is much greater than 

Eig. 43 that of steel, as the. magne- 

tič induction B is greater for 'soft-iron than for steel for a constant 
magnetising field H. 


fron 


From the consideration of the above qualities steel is always 
preferred to iron for making permanent magnets, 


Any kind of steel which is capable of being hardened can be used 
as a permanent magnet. Now-a-days tungsten-steel (3°6 per cent of 
tungsten and 0°6 per cent of carbon), cobalt-chrom-steel (cobalt 15:0, 
chromium 9:0, molybdenum 1'5, carbon 1:0 and iron 73°5 per cent), 
cobalt-steel (carbon, tungsten and cobalt), Alni, Nial, “Alnico” (10% 
Al, 18°% Ni, 12% Co, 6% Cu, and 54% iron) etc. are used for good 
permanent magnets. The introduction of cobalt, and lately aluminiuni, 
has greatly improved the quality of the steels for making permanent 
magnets. 


For electromagnets, however, soft-iron is preferred because here 
for a small magnetising field saturation is attained and the intensity 
of magnetisation /, (or induction B) acquired is much greater than 
that in the case of steel. 


Silicon-steel.—Hysteresis loss and eddy current loss (see Chapter IX, 
Current Electricity) are important considerations for steel laminations 
used in transformer cores, and field and armature cores in dynamos. 
With the increase of silicon content in the laminations hysteresis loss 
reduces and the electrical resistivity increases. Due to the latter reason 
the eddy current losses also decrease. But the laminations become 
harder and more brittle, Since the care losses are not predominant in 
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dynamos, a solter grade of steel (silicon content varying from 1% for 
field cores to 24% for ordinary dynamo grades) with which the pun- 
ching of poles and armature sheets is facilitated is used. For extra 
high efficiency motors, 32°% silicon steel is used. With transformers 
the coreloss predominates and so a harder grade of steel (silicon 
content 4 to 5%) is used, the extra cost of punching being justified 
by the reduced losses. 


It should be noted that stecl, containing about 13 per cent of 
manganese is non-magnetic. 


36. Magnetic Screening :—By placing a sheet of soft-iron D 
between a bedy P and a bar- x 

magnet, as illustrated in Fig. 
44(a), the body P can be, 
Shielded from the magnetic 
effect of a magnet. This will 


be so because the lines of yy 

force after entering the iron (a) (b) 
will not pass out of it in the 4 

initial direction since they will Fig. 44— Magnetic Screening. 


traverse the iron, as shown in 

the figure which is more permeable to them than air, ie., a path of 
much lower resistance for their passage. The lines of force being thus 
deviated along the iron path, the body P will be made free from the 
influence of the magnetic field. Similarly, by placing a hollow spherical 
shell of soft-iron in a magnetic field, it wil! be seen that there are no 
lines of force and therefore, no magnetic force inside the shell. So the 
space enclosed by the shell will be entirely free from the magnetic 
effects of the outside field. Tf a magnetic needle is placed inside a soft- 
iron ring, as at R in Fig. 44/6), near a magnet, the needle will be 
screened from the action of the magnet. Jn the above cases, the 
magnetic material through which the lines of force crowd, leaving the 
enclosed space free from their action, acts as a magnetic screen, A 
screen like this should be a substance of high premeability and suitably 
designed. 


So, magnetic screening is a method whereby a certain space can be 
protected from magnetic action. It is usually obtained by surrounding 
the desired space with a magnetic material of high permeability whereby 
the magnetic lines of force find an easter path to thread through it, and 
are, in effect, diverted away leaving the enclosed space free from 
magnetic influence, 


37. Locatising the Poles of a Bar-Magnet :—A compass-needle 
is placed on a sheet of paper fixed on a drawing board. Two large 
pins (P and P,) are fixed vertically on the table (outside the drawing 
board) so that the piece of thread joining the heads of the pins is 
parallel to the needle in its position of rest. The thread, thus set up, 
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represents the magnetic meridian at the place of the experiment. 
Now the compass-needle is removed to some distance, the bar-magnet 
AB is placed on the paper ahd its outline is drawn by means of a 
pencil (Fig. 45). 


The needle is then placed near one end of the magnet. In this 
position, neglecting the effect of the other pole, which is at some 
distance, the needle is acted upon by two couples,—one due to the 
earth's field, and the other due to the adjacent pole of the magnet. 
The board is then turned until the needle becomes parallel to the 
thread, i.e., until it is in the magnetic meridian. In this position, the 
couple due to the earth’s field vanishes, and the needle is acted on 
only by the adjacent pole of the magnet. The positions of the two 
ends of the needle are then 
marked on the paper, and 
the experiment is repeated 
by placing the needle in 
different positions 1, 2, 3, 4, 
etc. near the same end of 
the magnet. The magnet 
and the needle, are then 
removed and straight lines 
are drawn through each pair 
of points, These lines, when 
produced inside the outline 

are of the magnet, will meet 
Fig. 45—Localising the poles almost at a point near the 
of a Bar-magnet. end of the magnet. This is 

: the position of a pole. 


Similarly, placing the magnet again on the outline and repeating 
the experiment, with the needle placed near the other end, the posi- 
tion of the other pole can be located. The distance between the poles 
N and $, is called the magnetic length of the magnet. The magnetic 
length is usually about 85% of the length 4B of the magnet. 


38. Laws of Magnetic Force :—When two magnetic poles are 
placed near each other, there is a force between them (attractive or 
repulsive) whose value depends on their distance apart, the nature of 
the medium in which they are placed, and the strengths of two poles. 
The famous French scientist C. A. Coulomb (1736—1806) first deter- 
mined the magnitude of such a force. The following laws govern the 
action between two neighbouring poles. 


1. Like poles repel and unlike poles attract. 


2. (a) The force between two magnetic poles varies directly as 
the poe of their pole strengths, when the distance between them is 
constant. 


| c— 
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Thus, if m, m’ denote the strengths of the poles, d the distance: 
between them, and F the force between the two poles, then, 

F xmm’, when d is constant. 

It is evident that if the pole strengths, m, m’ are increased, the 
force will be greater. 

(b) The force between two magnetic poles varies inversely as the 
square of their distance apart ; 

or, F« 1d? when m and m' are constant. 

Thus, if the distance is doubled, the force between the poles is 
reduced to i of its former value ; when the distance is trebled, the 
force reduced to 4 of the initial value, and so on. 


This law, viz. F = x is known as the Law of Inverse Squares. 


^ r 
Combining the two laws [(a) & (b), we have Fou i^ eT 
where k is a constant depending on the medium in which the poles are 
placed and also on the units in which the pole strengths and the 
distance are measured. 

39. Unit Pole :—The unit pole (in the C.G.S. system) is defined 
asa pole of such strength as will be repelled with a force of one 
dyne when placed in air (or vacuum) at a distance of one centimeter 
from an exactly similar pole. Thus, if mem' — 1, and d=1 cm. of 
vacuum or air, F becomes equal to one dyne according to this system 


I 
of measurement. Putting these values in the equation Fok” sere 


reduces to unity. That is, in the C.G.S. system, the force of action 
, 


between two poles placed in air takes the form, F Zum dynes. if 


d? 
the medium is other than air or vacuum and has permeability x 
Femxm'lud? dynes. 

40. Strength (or intensity) of a Magnetic Field :— 

The strength or intensity of a magnetic field at a point is defind as 
the force exerted on a unit north pole placed at that point, 

A magnetic field has unit intensity when it exerts a unit force on a 
unit north pole placed in it. 

In the C.G.S. system, the unit of intensity is called an Oersted.* 
The strength of the field at a point is 1 Oersted, if a unit north pole 
is acted on with a force of | dyne at that point. Thus, if a unit 
pole, placed at a point in a magnetic field, is acted on by a force of 
10 dynes, the intensity of the magnetic field at the point is 10 Oersted. 


* The unit of magnetic intensity was used to be called a Gauss previously. The 
name Gauss is now-a-days used to represent the c.g.s. unit of magnetic flux density. 
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" Remember that if a field has a strength of H Oersted, the force 
Merted on 


a pole of I unit strength = H dynes ; 
a pole of 2 units strength =2H dynes ; 
a pole of m units strength = mH dynes. 


Thus, if F be the force in dynes on a magnetic. pole of strength 
m units at a point in a magnetic field of strength H Oersted, then 
F=mH dynes. 


Note—The field strength H is a quantity which possesses 
direction as well as magnitude, i.e. it is a vector quantity, the direction 
at any point being determined by the direction. in which a N-pole 
points there. When it is necessary to indicate the direction as well as 
the magnitude of this quantity, term magnetic force is used in place of 
field strength. 


Examples.—/. Two N-seeking point-poles one of unit strength and the other 
of strength 2 units, are placed at A and C of a triangte ABC having sides AB, BC 
and CA equal to 3, 4 and 5 respectively. Determine the resultant force ona unit 
N-pole at B. 


Ans. Since 5* — 3? 4-4, the angle at Bis a right angle. 


Me xi 
Repulsive force at B due to A= ixl H dyne, and that due to C= 2x1 1 


dyne. Produce AB and CB and draw the paralleogram of forces at B. The 
parallelogram wil! be a rectangle, and hence the resultant force is given bv 


Lyr ny oe dy ea 
AG) 1 (5) =A git ga 0167 yne. 
2. Two exactly similar poles are placed at a distance of 8 cms. apart in air and 


the force between them is 9 dynes, Calculate the force in gram-weight when they are 
4 cms. apart. (Rajputana, 1943) 


Ans. Let the strength of each pole be m units. Then, by Coulomb's law, the 
, "A " 
force Pat dynes. Hence Fai Cine ates 92 <- m=424 units. 


The + sign shows that both poles may be north poles, or both may be south 


poles. The force F’, when they are 4 cms. apart= a =36 dynes. Now, 981 


MS È Mee eke A 
dynes—í gm.-wt. . 1 dyne= ggi Em-Wt- ^. 36 dynes= og] 155 gm.-wt. 


41. Magnetic Potential :—A magnetic pole placed at a point in 
the field of another magnet possesses potential energy ; for, a single 
N-pole, if free to move, would move along the line of force, the work 
being done by the system ; again work will be done against the system, 
if the pole is brought to the point against the magnetic field. 
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The potential encrgy of a unit N-pole placed at a point in a magnetic 
field, i.e. the work done ringing up a unit N-pole from infinity (a 
point of zero magnetic intensity) to a point against the magnetic field is 
called the magnetic potential at the point. 1E the magnetic potential 
at a point is such that | erg o! work is needed to bring a unit N-pole 
to the point from infinity, such à potential is called a writ magnetic 
potential in the C:G.S, system of measurement, 


42. Potential at any point due to a pole :—Suppose there is a 
single N- pole of strength m placed at a. point O. Let us find the 
potential at the point A at a distance a from O in its field. Join O to 
the point 4 and produce the straight line up to B at a distance ^ from 
O. Let the distance AB be divided at a large number of points A,, 
Ass Ag,...4n, Whose distances from O are ay, da, dg,...dn respectively, 
each being equal but infinitely small. 


A A A A; An-1 An B 
` $ H FY H 1 H 


Fig. 46 


The magnetic intensity at 4 (being near to O) is greater than that at 


H i m,m 
A, and so on. According to the Laws of Inverse Squares, F = a Ng 


but here m, —1 and m, «n. 


The force acting on a unit pole at A= m/a? 
: 3$ 7109 9773» » v» s» A m mía? 
The average force between A and 4, 


l/m m ) m ea +a? 
stalu URL M 

mE atas 24 a*.a,? 

m [a,? 4 a? —2aa, +2aa, 

px Passi Sa ree 


» 


m [ (a5 — a)* + 2405 | 
RE atai" 


But as a, —a is infinitely small, the term (a, —a)? may be neglected. 


3 ` m ; 
Thus, the average intensity — ad; OT the geometric mean. 
1 
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The work done in bringing a unit N-pole from 4, to A ~ as, 1472) 


( 1 
m| ana 
TAT 
" " ra" ” - " v Ag to A, -mzz 
puil 
" » ait " ^" n n As l0 Aam ma-z 
The work done in bringing a unit N-pole from 
1 1 
An tO An =m] aatal 
” " "on " " " "^ Bto Anm m(-—}) 
^" 


The total work done in bringing a unit N-pole from . 
B to A= "(L-1) 
Now, if the point B be at infinity, b= se ; oF pas -0. 


4. The total work done in bringing a unit N-pole from infinity 


m 
lo SHORTS 


But the work done in bringing a unit N-pole from infinity to 4 = the 
A A fatty m pole strength 
potential at A so the magnetic potential at A = qin altace, 
Remember—(!) Ifan S-pole is placed at O, the pole strength is 
m 
=m ; and the potential at 4-— zu 


(2) Potential in a scalar quantity. If at ØO, there be another 
n mem 
N-pole of strength m,, the total potential at 4-[ Um) 


43. Intensity and Magnetic Potential at a point due to a Bar-mag- 

net :—Casc I. End-on position (A-position of Gauss) :—The end- 

on position or A-position of Gauss 

" RD UE or repeeronls any point on Ge ans of 

Herat hee T. the magnet NS produced both ways 

ar 5 R e to any distance. Let P be'a point 

end-on with respect to the magnet 

Fig. 47 NS of effective length 2/ (Fig. 47). 

Let its distance from the centre of 

the magnet be d and let the strengths of the n- and s-poles be respec- 
tively +m and — m. 
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> 
The intensity at P due to +m at N= ahi along OP and that 


-> 
at P due to —m at S-i along SP. Hence the resultant intensity 


: m m 4dl 2Md 
at P isF azy a+? =m asm] qar} 
is the moment of the magnet. 
If the magnet be very small so that d*>>/*, then the intensity at 
P will be given by F=2M/d*. The potential at P due to n-pole 
> m . m 
is Yama and that due to s-pole is V, ZR Hence the resultant 


potential (scalar) at P= V = Vn + yn; ai E n n. 


where M( = 2ml) 


When d?» >/*, v-M, 

Case II. Broad-side-on Position (B-position of Gauss) :—Any 
point on the equatorial line (i.e. the line along the perpendicular 
bisector of the magnetic axis of the magnet) 
represents the broad-side-on position or B- 
position of Gauss. 

Let NS be a magnet of length 2/ and P 
any point on the equatorial line of the mag- 
net at a distance d from its centre (Fig. 48). 

Let 0 be the angle subtended by the lines 
PN or PS with the axis of the magnet where 


N. ^ yw 
c ahis SY 
Intensity at P due to +m at N 


= 
~ pHi - DIR along PT, 


E > 
Its components along OP and PR which 

h ; m : n 

is || to NS, are respectively PLESL sin ð and aah cos 0. 


> 
‘ y y m m 
Again the intensity at P due to —m at S= PR dea along PS 


(mis — ve). 


RES 
Its component along PO- ,, sin 8 and that along PR= 


Ld 
m 


m 
d? [à cos 9. 
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As the Sine components of the two intensities are equal and 
oppositely directed along the same line, they cancel each other. So 
the resultant intensity at P is Fe sum of the two cosine components 


2m Im- . aed 
(+P) 95 97 gsm" JE 
E eod 
(d° 4-12)5]9* 
If d?> >/*, (for a very small magnet). 
piu M 
Fe 
The potential at P due to N-pole=+m/PN and that due to 
S-pole = —m/PS. 
As PN=PS, the resultant potential at P is 
P m m 


= PNT ps7? (^ potential is a scalar quantity). 


Examples 


1, If the field at a point on the equatorial plane, 15 cms. away from a magnet of 
length 6 cms., is 02 oersted, calculate the moment of the magnet. 

Ans. Heic yp M=H x (d+) [2092 (193 -32)8/2=715'8 units, 

2. How much work would be done im turning a magnet of moment 600 c.g.s. 
units through an angle 30° from its equilibrium position in the meridian, if 
H= 0:30 oersted ? ( Utkal U, 1953 ) 

Ans. WMH (1—cos 0)=600x *3(1—:866):- 180% 134— 24:12 ergs. 

44. Intensity and Potential at any point due to a Short Magnet 
(or a Magnetic dipole) :— This problem can be solved as a corollary 
to the previous article, if we accept the magnetic moment to be a 
vector quantity, Let NS be a short magnet 
of effective length 27, and P any point in 
its field having co-ordinates (r, 0) with 
respect to the centre of the magnet (i.e. à 
the distance OP =r and the inclination 5 of 
OP with the magnetic axis is 0). 

To calculate the potential and intensity 
at P due to NS, let the moment M(-2nil) 
of the magnet be resolved into two compo- 
nents, M; = M cos along the radius vector 
r, and Ms =M sin 0 at right angles to OP. 
M, may be supposed to be a short magnet 
of moment Af cos à. P is end-on with res- 
Fig. 49 pect to M,. Hence the intensity at P due 


2M, 2M cos 0 
F,- p= "E along PL. 
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Similarly, P is broad-side-on with respect to Ma component. 
Hence the intensity at P due to this component, 


.. Ma Msine 5 
Fre 3 = rs along PT. 
So the resultant intensity at P is, by parallelogram law, given by, 


F- jene di ee ° j= " 44 cos*2 4 sin?e 


M ^ 4 
=a (3cos*0 + 1)? 

its direction with the radius vector is given by X, 

x tan à 

where tan «e Fr;Fr2z 5 * 


_ {tan e 
So « —tan i zA]: 


Hence the direction of the resultant intensity is such that it cuts 
the axis of the magnet produced at Y, from which the perpendi- 
cular XQ dropped on OP divides it in the ratio, OQ/QP = 1/2. 

Wh M M cos è 

Similarly, the potential at P due to Mı = 3 = "x - and that 
due to M, — 0 (broad-side on position). 


-. The resultant potential at P due to the short magnet of 
moment M is 


Questions 


1. State the properties of lines of force, and explain how they are plotted, 
(G. U. 1951) 
2. Describe what is meant by a line of force due to a magnet. Two bar-magnets 
are placed end to end with their north poles towards one another, - separated by a 
few inches. Draw the lines of force in the plane of paper, CE the effect of 


the earth's field. (C. U. 1924, 742) 
3. A bar-magnet is placed in the magnetic meridian with the S-pole pointing 
north. Explain why neutral points are produced. (C. U. 1940) 


4. Draw roughly the lines of force due to a bar-magnet placed with its north 
pole towards east, and indicate the position of the Neuiral points. (AN, 1944) 
5. Explain why carpenter's tools are. someiunes imagnetised. How will you 
protect a watch from magnetic disturbance if you have to work for à long period 
near powerful magnets ? (Pat, 1924) 
|Hints.—Carpenter's tools are sometimes magnetised due to the inductive 
action of the earth's. magnetism, | 
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_ 6. What would be the effect of magnetic field on placing a small ring of soft- 
iron (with its plane parallel to the plane of the paper) in the space between two 


north poles ? (C. U. 1924 ; cf. 1933, '53) 
7. Explain permeability, susceptibility and coercivity. Explain magnetic 
screening. * (Pat. 1952) 


8. Explain the meaning of the following terms: (a) Magnetic moment, (b) 
strength of the magnetic field. 

Draw lines of force surrounding a bar-magnet when it is placed with its (a) 
North pole pointing north, (4) North pole pointing south. (C. U. 1956) 

9. Describe how you would proceed to determine the position of the poles of 
a bar-magnet. (C. U. 1922, *26. '30, '31, 53) 

10. State the inverse square law between magnetic poles. How does it depend 
on the nature of the medium ? (East Punjab, 1953) 

11, What is the force exerted between two magnetic poles of strengths 32 and 
36 units at a distance of 12 cms. from another ? (C. U. 1928) 

[Ans. : 8 dynes.] 

12. Two poles one of which is 5 times as strong as the other exert on each 
other a force equal to the weight of 800 mgms., when placed 10 cms. apart. Find 
the strength of each pole. (Rajputana, 1940) 

[Ans.: 4g ; 20 J/g] 

13. Explain what is meant by ‘saying that the pole-strength of a magnet is 
50 units. (C. U. 1949) 


14. State the laws of force between two magnetic poles and hence derive the 
definition of a unit magnetic pole. Wherein does a magnetic pole differ from an 
electric charge ? A 

Find the force between two like magnetic poles each of strength 20 units and 
placed 5 cms. apart. What is the intensity of the magnetic field due to these poles 
at a point 5 cms. from each ? (C. U. 1957) 


[Ans.: 16 dynes ; 1:39 Oersted. j 

15. State the laws of action between magnetic poles. Two north poles repel 
one another with a force of 2'4 dynes, when their distance apart is 2 cms. What 
will be their distance apart, when the force is 3:6 dynes ? Find also the repulsive 
force when their distance apart is 3 cms. ; (C. U. 1916, '25 ; Dac. 1935) 

{Ans.: d—1:63 cms.; F—1'07 dynes.] 

16. Magnetic N-poles of strengths 50 and 90 units are placed at the corners 
B and C of an equilateral triangle ABC of sides 10 cms. Ifa S-pole of strength 
80 be placed at A, find the resultant force on A. (Pat. 1948) 

[Ans.: 98:3 dynes.] 

17. What do you understand by the terms ‘magnetic intensity’ and ‘potential’ ? 
How are they two related to one another ? (Del. H. S. 1949) 


CHAPTER IV 
Magnetic Measurements 


45. Uniform Magnetic Field :—A magnetic field is said to be 
uniform when the strength of the field is everywhere the same, both 
in magnitude and direction. Such a field is represented by a system 
of lines of force which are parallel. In such a field a compass needle 
will vibrate at the same rate everywhere. The forces exerted on a 
magnet in a unifrom field form a couple. 

Expt.—Suspend a bar of steel in a suitable carrier by a long unspun 
silk thread. Allow the thread to pass through a hole (without touching 
any side) in a horizontal plate fixed to the suspension frame. Now 
take away the bar, magnetise it and carefully replace it in the carrier 
in exactly the same position as before when the thread will be found to 
hang in the same way (i.e. without touching the plate). It will, how- 
ever, turn to-and-fro about the thread and finally set itself along the 
magnetic meridian at the place. This shows that no resultant hori- 
zontal force acts on the magnet as a whole, but the forces form a 
couple. They tend only to rotate the magnet and not to move it 
bodily in any direction. ‘Hence the action of the uniform field is not 
translatory but only directive. 

46. Equality of the two poles of a Magnet :—The two poles of a 
magnet may be proved to be of equal strength. Let m and m’ be the 
pole-strengths of the north and south poles of the magnet. Then the 
forces acting on the poles, when placed in a uniform field of strength H 
(e.g. the horizontal component of the earth's field), are mH and nr H. 

Now, if a magnet is freely suspended at 
its centre of gravity, it will be found to set it- 
self in the magnetic meridian and there will 
be no tendency of the magnet to move as a 
whole along the direction of the field. This 
fact can also be shown experimentally by 
placing a magnetic needle on a cork floating 
in a large bowl of water (Fig. 50). The cork 
will be found to rotate until the needle lies in . 
the magnetic meridian, i.e., points north and Fig. 50 
sọuth, or, in other words, there will be a motion of rotation of the 
needle and not of translation (vide also Ch. V). 

In the position of equilibrium the forces, acting on the needle due 
to the earth’s magnetic field, neutralise one another, i.e. they are equal 
in magnitude and opposite in direction ; 

ie. mH=—m'H; or, m=-m, 


Vol. II (M)—4 
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ie. the poles of a magnet are equal in strength but opposite in kind. 
Eos experiment also proves that the earth's field at the place is only 
irective. $ 


47. Non-uniform field :—In a non-uniform field the forces acting 
on a magnet are equivalent to (i) a couple, and (ii) a force acting at 
its centre of gravity, the result being a motion of translation and not 
merely a directive one. 


In the above experiment it is seen that floating magnetic needle 
simply rotates into the meridian as the field in this case is uniform. 
But if another magnet is brought near, the needle will rotate and also 
move towards the magnet, the latter movement being due to the force 
acting on the needle as a whole. 


48. Magnetic Moment :—The magnetic moment of a magnet is 
defined as the product of the strength of one of its poles and the 
distance between them. 


If m be the pole strength of a magnet of length 2/, the magnetic 
moment M = 2ml. 


The effect of a magnetic field in causing a magnet to rotate about 
an axis depends upon the product 2/ni, i.e. the magnetic moment of 
the magnet. 


49. Couple on a Magnet placed in a Uniform Field :—Suppose 
a magnet NS of pole strength m and length 2/ oscillates in the earth's 
uniform horizontal field (Fig. 51). 


Let the axis of the magnet make an angle 9 with the magnetic 
meridian at any instant of time, and 
let H Gauss be the intensity of the 
uniform field. Then the force acting 
on the north pole of the magnet is mH 
dynes in the direction TN, and on the 
south pole there is a force mH dynes 
in the direction PS. These two forces 
are equal and parallel and constitute 
a couple. 

The moment of the copule on 
NS — one of theforces x perpendicular 
distance between them — mH x PT 
^ -mHx2l| sin 9=2mlH sin 0 

Fig. 51 - MH sin 6, (2ml — M, the moment 
of the magnet). . 


This expression is equal to M, when @=90° and H — 1l. 


Thus, the moment of a magnet jis numerically equal to the 
moment of a mechanical couple required to be exerted on the magnet 
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to keep the magnet at right angles to a uniform field of unit 
strength. 


50. Work done in Deflecting a Magnet :— 
When a magnet CD placed in a uniform field 
of strength H is deflected through an angle 6 
(Fig. 52) the pole C moves through an arc AC, 
which is equivalent to the distance. AB along 
the direction of the field ; the work done in 
moving the pole C against the magnetic force = 
force x distance » mH x AB. 

Hence the total work done on the two 
poles = 2mH x AB=2mH (40 — BO) 
=2mH (l—1 cos 0) 2mlH (1—cos 0), where 2/ 
is the length of the magnet 
= MH (1-—cos 6) 

So, when 0 90°, work done = MH, and when 
2«180*, work done - 2M H. Fig. 52 

51. Two Magnetic Fields at Right Angles to each other: 
Tangent Law :—Suppose a magnet NS (Fig. 51) is hung up in two 
cross-magnetic fields, one being the earth's magnetic field of intensity 
H, along the meridian and the other of strength F acting at right 
angles to the meridian. The magnet will take up a position of equili- 
brium making an angle 0 with the direction of the earth's magnetic 
field under the action of two couples (one consisting of two parallel 
forces mF, acting at each end of the magnet due to the force F, and 
the other two parallel forces mH, due to the earth's field H). The 
moments of these two couples are equal and opposite when the needle 
is in equilibrium. 

The moment of the couple due to the forces mF 

=mF x 2! cos 0— MF cos 0. 

The moment of the couple due to the forces mH = MH sin 6. 

Since the two couples balance each other, MF cos 0 — MH sin 0, 

Hence, F=H tan 6. 
ie. in this case the tangent of the angle of deflection is equal to the 
ratio of F to H. 

Again, if H is a constant field (it is constant if it is taken to be 
earth’s field), we have, F « tan 0. 

This is the Tangent Law. 

Note.—(a) The law is applied in many instruments where a 
compass-needle is deflected away from the magnetic meridian by a 
uniform magnetic field acting at right angles to it. In these cases each 
pole of the needle is acted on by two forces— 

(i) a controlling force parallel to the meridian. The foree is 
generally due to the horizontal component H of the earth's field. 

(ii) a deflecting force F acting at right angles to the meridian. 
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(b) Tt should be noted that in deducing the Tangent Law, the 
moment, and hence the pole strength m of the needle cancelled out 
and so, in applying this law to magnetic experiments, the actual 
strength of the needle used is a matter of no importance. 


Examples.—7. A freely suspended magnet of moment 980 c.g.s. units is deflec- 
ted through 60° by a couple. Calculate the magnitude of this couple. (R. U. 1951) 


Ans. Here moment M of the magnet=980 c.g.s. units. Let the uniform field be 
H Oersted. When deflected through 60°, the deflecting couple which equals the 
restoring couple is given by, 


MH sin 6—980x H x sin 60° 
—490x ./3H dyne-cms. 

2. Amagnet 8 cms. inlength lies in a field of intensity H=0:18, and the 
strength of each of its poles is 5. Find the moments of the couple required to deflect 
it at right angles to the magnetic meridian. (C. U. 1932) 

Ans. The moment of the couple is given by MH sin 0. In this case M —-8x5; 
H=0'18; sin 6—sin 90^—1. Thus the moment of the couple-8x5x018x1 
=7'2 C.G.S. units. 

3. A magnetic needle of moment 900 and pole strength 50 C. G. S. units is 
pivoted so that it is free to move in a horizontal plane where the earth's magnetic 
field is 0°36 Gauss in this plane. It is in equilibrium at an angle of 30° from the 
meridian where it is pulled by a string attached to its north pole in the easterly 
direction. What is the tension of this string ? (Pat. 1932) 

Ans. If H be the horizontal field and T the tension of the string the moment 
of the couple due to the pair of forces (mH=MH sin 6, where @ is the angle of 
deflection and M the moment of the magnet (vide Fig. 51). This couple is balanced 
by the force dué to the tension T, the moment of which about the centre of the 
magnet = T'x / cos 0, where 2/ is the length of the magnet. Hence, for equilibrium, 
T! cos 0= MH sin 0 ; Here M=900; H=0°36; 9=30°; 


M 900 
and l= 2m" 2x50^9- 


i 7x9 = 900 x 036x 1 whence T 20:8 dynes. 


4. (a) A magnet is suspended horizontally in the magnetic meridian by a verti- 
cal wire which is untwisted. In order to deflect the magnet throngh 45° from the 
meridian the upper end of the wire has to be turned half round, Show how much the 
upper end has to be twisted to deflect the magnet 60° from the meridian. 


Ans. For equilibrium two couples act on the magnet when it is deflected 
through any angle 0,—(i) a deflecting couple due to the torsion of the wire tending 
to turn it out of the meridian, the moment of this couple being proportional, with- 
in limits, to the angle of the torsion, (ii) a controlling couple the moment of which 
is MH sin @ tending to bring the magnet back into the meridian. So, we have— 

(i) Angle of torsion=(180°—45°), because the upper end of the wire is turned 
through 180°, while the deflection is 45° 


= (180°—45°) x: MH sin 45° ave ee D wet a) 
(ii) Again, if o be the required angle of torsion, 
(«°—60") = MH sin 60° E D 


NE 
4 From (1), (2), CDI -12. 


So «t-9(135 x 1:23)4-60* = 226°. 
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(b) Another magnet B is similarly suspended by the same wire as the magnet A 
in the above example and in order to deflect B throueh the same angle the upper end 
of the wire has to be turned once round. Compare the moments of A and B, 

Ans. For the magnet A we have (180* —45^) cc M,H sin 45? and for B. 


we have 60" 457) M H sin 4S. a Mi-m PAE ma 

52. Magnetic Field due to a- Bar-Magnet in Two Standard 
Positions :— 
. (i) End-on Position.—At this position the point P at which the 
intensity is to be measured is on the magnetic axis of the magnet 
(Fig. 53). 

The intensity of the field at the point P is measured by the force 
exerted on an imaginary unit N-pole placed at P. 


A unit N-pole placed at P will experience (i) a force Fa due to the 
N-pole of the magnet repelling it from the magnet and (ii) a force F, 
due to S-pole drawing it towards the magnet. 


Because F, and F, act in 
the same straight line, but in — —m +m 
Opposite directions, and since 
the N-pole is nearer to P than 
the S-pole F, is greater 
than Fs. The resultant force 
F will act in the direction 
SN, and will be equal to 
Fo F,—Fy 


We have Fy= "ren and Foxi, 


Then F -NP Spt (where m is the pole strength). 


Let d denote the distance of P from the middle point O of NS, and 
2l the length of the magnet ; then, we have, 


Metis m (d+.1)? — (d— 1)? 
^" uci aem =I} 


4mid _ Mà a) 

kr: (d? =/5)2 “d-r ud 
since 2l. M, the moment of the magnet. If / is very small compared 
with d, 1? may be neglected compared with d?, and the force 


d 
becomes, F= an 4 units of intensity A (2) 


Thus the intensity F of the magnetic field at a distant point P due 
to a short magnet in the end-on position is given by, 


Fa 2 t. (6)) 
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(ii) Bread-side-on Position.—In this case, the point P is on PO, 
the perpendicular on the axis of the magnetat its middle point (Fig. 54). 
The magnetic force F, at P due to N-pole - m|NP* in the direction NP, 
and F, due to S-pole=m/PS* in the direction PS. 


Then the resultant force F acting on an imaginary unit N-pole, 
situated at P is to be calculated to 
find the field strength there. — ' 


Denoting the two forces, F, and 
F, by the lengths PA and PB res- 
pectively and completing the para- 
_Melogram, the diagonal PK represents 
in magnitude and direction the result- 
ant force F at P. Since the two 
triangles NPO and SPO are equal, we 
have NP=SP, Therefore, the forces 
F,, and F, are equal in magnitude and 
so the lengths PA and PB of the 
parallelogram PAKB must be equal. 
Since PA=PB, the diagonal PK, 
y . which is the resultant, must bisect the 
Fig. 54 angle APB and will be parallel to NS. 
c. If Z APB —-0 the resultant PK? - PA? + PB? +2PA x PB cos 0. 
That is PK? =2PA? + 2PA? cos 0- 2PA? (L4 cos 0) 


~2PA?(142cos*5—I ) 


2 
è 
= APA? xcom N di 
4PA* x cos? mad m)" x (cos APK) 
2? 2 2 2 2/2 
~4( 73) J- -m Aae [NOE cams 
NP? x (cos PNO, alap) t NP) (NP) 
2m! 
nOPK-FLI 
PESE ro 
M 
or, F- Ne NEGET ID since NS=2/, and PO =d 
ad M Mua M 
J (d3 x D)(d? + 12) (d2 412)? 
If / is very small compared with d, this becomes, s 
Jac LM units of intensity T v (4) 


(d°)? . 
The intensity of the magnetic feld at a distant point P due to 


: s ope M 
a short magnet in the broad-side-on position is given by. ai c 
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Note.—(i) The force ata point on the bisector of the axis is only 
half as great as the force at an equally distant point on the prolongation 
of the axis 


(ti ) The force depends on M. So the force remains unaffected by 
replacing the magnet with another of different length, but of equal 
moment, the axes being placed in the same direction. 


53. Determination of Polé Strength and Magnetic Momentiof a 
Magnet :— 


(i) By means of Neutral Points.— 


When a bar-magnet is placed in a certain position relative to the 
magnetic meridian (Figs. 27-30), neutral points are obtained due to 
the neutralisation of the earth's horizontal magnetic force H at the 
points by the forces due to the poles of the magnet. f 

(a) In Fig. 28, the field F at the neutral point 4 due to the 


magnet = H. 
But F= 2Md 


(d5—Iye fArt. 52(i)]. —. A 2Md and 


7 (i=)? 
M E EE, where d is the distance of 4 from the centre of the 


magnet. But M = pole-strength m x length of the magnet 2l. 
s. 2ml—- S E ; or, m= H(d*—I*y. 


4ld 


Knowing, the value of H, the value of M or m can be found from 
the above. 


1 
(b) In Fig. 27, F=— Hu => (Art. 52(ii)]. ~. At the neutral 
(d? 4.19) 
point, 
a 
Harms 43 M= H(d* + [?)?, and ma Kas Bye) 
(d? + 1)? 


(ii) Another Method.—In the end-on position, when the magnet 
is long, the force F at the neutral point may be regarded as entirely 
due to the north or south pole which is near to it and the force due 
to the other pole may be neglected. 


At the neutral point, F= H. But Fam Es qo 


or, m=d?H, where d is the distance of the neutral point from the 
pole. Thus, knowing H, m can be found. 

Gii) By applying the Principle of Triangle of Forces.— 

The following two examples will explain this— 

(1) A bar-magnet with its poles 10 cms. apart lies along the mag- 
netic meridian with its north pole pointing north. A neutral point 


/ 
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is obtained 15 cms. from each pole. Find the pole-strength of the 
magnet. The intensity of earth's field is 0*18 Gauss. 


Ans. By Art. 52(ii), the resultant force F= —m =H, at the 


(d*+1*) 
neutral point. Here (d? + /*)=(AS)® ; or, (AN)? = 15%, (d° + pte 155. 
and M =m x 10, where m — pole-strength. — .". r= 018 ; 


or, m= eH —60:75 units. 


Otherwise thus:—This can also bs done by the application of 
the principle of ‘the traingle of forces’. If a unit north pole be placed 
at the neutral point A (Fig. 26), it will be in equilibrium by the action 
of three forces, two due to the two poles, which are in this case equal, 
and the third due to the earth. These three forces can be represented 
in magnitude and direction by the sides NA, AS and SN of the triangle 
ASN ; of which SN drawn parallel to the horizontal field H in the 
direction S to N represents H, and similarly NA and AS drawn parallel 
to the directions of the other two forces represent the forces m/15* 
and m/15? respectively. According to the principle of triangle of forces 
the forces will be proportional to the sides to which they are parallel, i.e. 
m|15* | AS. Je cs 15 x 15* x 018 : M 

H AN? &> 018 ^10 T M xL = 60:75 units. 

(2) In Fig. 30, where the magnet is placed in any position with 
respect to the earth's field, the pole-stren h can be calculated thus.— 
As in the last example, draw the sides CA, AB, BC of the triangle 
CAB, parallel respectively to the directions of the forces mjd”, 
mld, and, H, the earth's field, where dı=NA, da= AS. So, we 
have, ma” “$e 5 an md af from any of which m can be 
calculated after actually measuring the sides of the triangle and also 
the distances of A from the poles of the magnet. 


(iv) By Oscillation Magnetometer.—{vide Art. 63(ii)]. 

54. Action of a Magnetic Needle in two Magnetic Fields at Right 
Angles :—The combined effect of the earth's horizontal field H and 
the field due to a distant bar-magnet lying east and west on a small 
pivoted or suspended magnetic needle is considered, and of this the 
following two important cases arise. 

(a) Tangent A-position of Gauss—A bar-magnet NS is placed so 
that its axis is perpendicular to the earth’s field, and is so placed that 
the axis is in line with the centre of a small suspended magnetic needle 
N'S' (Fig, 55), i.e. the centre O’ of the magnetic needle is at an end-on 
position with respect to the magnet NS. 
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^r m be od atic of the magnetic needle,N’S’, the needle 
will experience two couples—one consisting of tw 

dynes due to the earth's field . o parallel forces, mi 
H acting on N’ and S’ paralle! 
to the meridian, and the other, 
of two parallel forces mx F 
dynes, due to the field F of the 
bar-magnet acting on N’ and S’ 
perpendicular to the meridian. 
N'S' being small, the field at N’ 
and S^ due to NS may be taken 
as equal to that at oO’. The Fig. 55 

latter couple tends to set N’S’ at right angles to the meridian. 

When the needle is in equilibrium making an angle 0 with the 
direction of the earth's magnetic field, the moments or the two couples 
are equal and opposite (vide Art. 51). 

The moment of the couple due to the forces mH, called the con- 
trolling or restoring couple- M’H sin 6, where M’ is the magnetic 
moment of N’S’, and that due to the forces mF, called the deflecting 
couple = M'F cos 0. 

Since the couples balance each other, M'F. cos 0= M'H sin 0 ; 
or, FH tan 8. 

2Md ; 

But Farji zPY [Art. 52(i)]. 

(where M is the magnetic moment of NS). 


(d#=1")* 
2. |2)2 
or Mx tan 0 ee (5) 
If 1 be small compared with d, ? 
may be neglected, and equation (5) 
M d 
becomes H"2 tan 0 a © 


(i) Tangent B-position of Gauss.— 
In this case NS is placed at right angles to 
Fig. 56 the earth’s field and the centre of N'S’ is 
in line with the normal through the middle point of NS (Fig, 56), i.e. 
the centre of needle N/S’ is at a broad-side-on position with respect 
to the magnet NS. 
As before, the moment of the couple due to the forces mH, i.c. the 
restoring couple = M^H sin 0 and that due to the forces mF, ie. the 
deflecting couple  M'F cos 0. : 
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Since the couples balance each other, M’F cos 8— M'H sin 8. 
or, F=H tan 6. 


But in this case F= HE [Art. 520i)} 


(d? + 12)? 
(where M is the magnetic moment of NS). 
M. Htm; or, M- (de) 6 
A Pon )* tan 8 COMMA 
(d? +19)? z 
If / be small compared with d equation (7) becomes, 
M a tano be SEHEN 


Note.—The above two cases are known as Tangent positions of 
Gauss as in each case the forces are at right angles, and, therefore, 
the Tangent Law (Art. 51) applies. 


Problem.—Two magnets of the same type, but of moments ‘M’ and 
‘2M’, are mounted on a frame so as to form a cross. If the combination 
is suspended at the centre with a vertical fibre, find the direction in which 
it will set in the earth's magnetic field. 


Calculate also the intensity of the field at a distance ‘d’ from the 
centre of the cross on the prolongation of one of the arms. (Pat. 1923) 


Let NS be the magnetic meridian, and let « be the angle which the 
axis of the magnet N.S, makes with NS, and 6 the angle which the 
axis of the other magnet N55, makes with NS (Fig. 57). 

Let the couple on the magnet N, S, (having moment 2M) be 2MH 
sin « tending to rotate the system counter- 
; clockwise, and that on: the other (having 

moment .M) be MH sin f tending to rotate 


CE LES. ! the system clockwise into the magnetic 
pot Id meridian (vide Art. 49). For equilibrium, 
Si ie JN 2MH sin x= MH sin f sani) 


s. 2sin « =sin f. But, because the angle 
between the two magnets is 90^, we have, 
sin f. — cos 4. 
2 sin « -cos «...from (1) ; 
or, tan «=. 
Hence the system sets with the magnet 


of moment 2M at an angle with the meri- 
Fig. 57 dian whose tangent is $- i 


(a) Intensity at the -point P at a distance d (supposing d to be 
large) from the centre of the cross on the prolongation of the axis of 


Wo user 


E COELI v A a BTE 
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S,N, is 2M/d* in the direction of NaP produced, and that due to 
N48, is 2M/d® in a direction parallel to the axis N,S, (vide Art. 52, 
i and ii). 
5 5 ity 2M\:. [M 3 242M 
The resultant intensity R "i En ) m 5) js 
(b) When the point P is placed at a distance d on the prolonga- 
tion of the axis N45,, the intensity at P due to N,5, is 4M/d® in 
the direction of N,P produced, and that due to N45. is M/d® in a 
direction parallel to the axis of SN. 
intensity R=, /(4M\", (My — 17M 
The resultant intensity R AEE d Us) = ^ ; 
Examples.—/. A compass needle is placed 30 cms. to the east of a small mag- 
net and the needle is deflected through 45°. Calculate the moment of the magnet and 


ie pole strength, if the length is 6 cms. The value of H may be taken as 0352 
'auss. 


Ans, We have, f= 0777 tan o: In this case, H=0'352 ; d=30+3=33 cms ; 


M  (33-3:yxl j 
l=3 cms, s de DS or,  — 62208 units. Pole strength x length = 


moment of the magnet. ., Pole strength = ex 205. _ 10368 units, 


2. There is to be found a neutral point on the prolongation of the axis of a bar- 
magnet at the distance of 10 cms. from the nearest pole. If the length of the bar be 
10 cms. and h=0'36 C.G.S. unii, find the pole strength of the magnet. 

(Pat, 1931) 


1 1 
Ans. The resultant force Foi (09-3) = ao dynes. 


But this force F is exactly neutralised by the earth's horizontal field H, i.e. by 
the force 0°36 dynes. 


Thus, 4997036. P , 0x036 = 48 units ; or, Pole strength = 48 units. 
; ^ 2Md 
Otherwise :—By Art. 52(i), F= Camon =H. Hered- 10--5- 15 cms., /=5 cms. 
. o, 03615782)? _ d M 480. à 
^ M= EAT EE aUr ^ m= a io = 48 units. 


3. An unmagnatised steel needle is pivoted at its centre of gravity and rests 
horizontally. It is then magnetised and it is found that it no longer rests horizontally 
when pivoted at the same point ; when a load of 0°05 gm. is placed on the needle at 
a distance of 5 cms. from its centre of gravity, it becomes horizontal again. Calcu- 
late the magnetic moment of the needle, [h=0°25 Gauss, g=980 cms.!sec? , Angle 
of dip=30°* Ka 

Ans. Let m be the pole strength and 2/ the length of the magnet, and V the 
vertical component of the earth's field. j 

Taking moments of the two forces about the C.G. of the needle, after it is 


magnetised, we have, 005g x 5= Vl; or 0:05 x 980 x 5 =H tan 30° x ml = E x ml. 


^ ml=980./3. Hence M=2ml= 1960 43 C.G.S. units. 
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55. The Magnetometer :—It consists of a small compass needle 
pivoted, or suspended, at the centre of a graduated circle, divided 
into four quadrants each reading from 0° to 90°, The needle carries at 
its centre a long aluminium pointer at right angles to it. The needle 
is enclosed in a wooden box provided with a glass top through which 
the movement of the needle can be watched, The cover glass prevents 
air currents from disturbing the needle. The compass box is mounted 
on a wooden base provided with two collinear long arms on either side, 
each being fitted with a metre scale so that the zero marks of both the 
scales being from the centre of the needle (Fig. 58). Usually there is a 
reflecting mirror at the bottom of the circular scale. The position of 
an end of the pointer is read against the scale ; when looked at vertically 
downwards, it coincides with the image produced in the mirror. This 
instrument is known as a Deflection Magnetometer. 

A magnetometer can be used for (a) comparing magnetic moments ; 
(b) comparing magnetic field strengths ; (c) verifying the law of inverse 
squares. 

56. Comparison of Magnetic Moments of two Magnets by 
Deflection Magnetometer :— This can be done by using a deflection 
magnetometer in the Tangent A-position, or Tangent B-position of 
Gauss. 

(a) Tangent A-Position :—(i) The magnetometer is placed so 
that its arms (i.e. the metre scales) are at right angles to the magnetic 


Fig. 58—The Tangent A-Position of Gauss. 


meridian shown by the dotted line NS, and the ends of the pointer read 
zero-zero (Fig. 58). The experiment requires the determination of the 
ratio M/H at the same place for each magnet, from which the ratio of 
the moments is obtained. Suppose two magnets, preferably of the same 
length having moments M; and Mg, are taken for comparison. Place 
one of the magnets, east to west, on one of the arms of the magneto- 
meter (as shown in Fig. 58), the centre of the magnet being at a certain 
distance d from the centre of the needle, and read the deflections for 
both the ends of the pointer. Reverse the magnet so that its north 
and south poles interchange their places and azain read both the ends 
of the pointer. 

Now place the magnet on the other arm of the magnetometer 
so that its centre is at the same distance d from the centre of the 
needle and repeat the above four observations. These eight observa- 
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tions may be repeated by placing the magnet upside-down in the above 
two places once again. Note the mean deflection 0, of these sixteen 
readings. 

Then the second magnet M, is placed so that its centre is kept 
exactly at the same distance with respect to the needle and the above 
sixteen observations are repeated. Let 6, be the mean of these sixteen 
readings. Then from formula (6), Art. 54, we have, 


M, d*tan6, tane A 1 i 
M. M Ur -ian ^: » the distance d being the same in both the 


cases, So, knowing tan 0, and tan 64 the moments can be compared. 


Note.—1. M is directly proportional to tan 0. 

2. If l is not very small compared with d, then use formula (5) 
instead of (6), Art. 54. 

(ii) Null Deflection Method.—In the arrangement of the previous 
experiment place one of the magnets on one of the arms of the magrieto- 
meter with its centre at a distance d, from the centre of the needle, 
Place the other magnet on the other arm of the N 
magnetometer in such a way that the needle is H 
brought back to its zero position, i.e. the 
deflection is made again zero, the distance of 
the second magnet being (say) de cm. 

Because the value of 0 is the same, we have 
from formula (6) Art. 54, 

M; d,*tan8 d,* 
M," d, tano da? 

From formula (5), Art. 54, the relation 
becomes, 

Mı (di*—h*)* ds 
Ma” (ds! 13) dy 

(b) Tangent B-Position.—(i The moments 
can be compared also by using the tangent 
B-position of Gauss. The magnetometer is so 
arranged that the arms are in the magnetic 
. meridian and the ends of the pointer read zero- 
zero (Fig. 59). The magnet is placed across one 
of the arms, the centre of the magnet being 
placed at a particular distance d from the centre 
of the needle (as shown in Fig. 59). The deflec- 
tion 0, is noted and the other magnet is also 
placed at the same place in the same way and 


deflection 04 is noted. Then from formula (8), Fig. 99— 
Art. 54, we have, Mx _ tan 01, i The Tangent B- 
Ms" tan ĝa Position of Gauss. 
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(iii) Null Deflection Method.—Using the Null Deflection Method 
as in case [Art. 56a(ii)], we have, M e 


Note.—1. If long bar-magnets are used, then the full formulae, (i.e. 
5 and 7, Art. 54) must be used in the above two cases, (a) and (b). 


2. In experiments with the deflection magnetometer, the tangent 
A-position of Gauss is preferable to the B-position, as the adjustments 
in A-position can be carried out more accurately and also the deflection 
obtained with any given magnet for a given distance is greater. 


4. In both the positions, [tan A and tan B] the bar-magnet should 
always be placed east to west on the arm of the magnetometer. 


Note.—For convenience of measurement, the zero-zero line of the 
circular scale is fixed in line with the two arms in the Tangent 
A-position magnetometer, whereas it is fixed at right angles to the two 
arms in Tangent B-position magnetomer. 


57. Errors in Experiments with Deflection Magnetometer and 
their removal— 


(1) Error of Eccentricity—The axis of rotation of the magnetic 
needle may not pass through the 
centre of the circular scale. To 
correct this error, the readings of 
both the ends of the needle are to be 
taken because as evident from Fig. 60 
the reading of one end of the needle 
is greater than the true reading and 
that of the other end smaller by the 
same amount. 

Fig. 60 Let €, =0—ô and «5708: 


41 +42, 
4, + Xs 720 ; OF, 8-75 = 


ie. the average of these two readings is to be taken. 


(2) Error of Magnetic Axis— The magnetic axis of the magnet may 
not coincide with its geometrical axis and so the magnet placed on the 
arm of the magnetometer will not be at right angles to the magnetic 
needle. To correct this error reverse the magnet upside down (Fig. 61). 


SS 
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Thus, the bisector"of the lines passing through the magnetic axis in its 
two positions will-be at right angles to the needle. 


«d P Oe 
Fig. 61 Fig. 62 


(3) Unsymmetrical Position of the Poles.—The poles of the bar- 
magnet may not be equidistant from the centre. The pole nearer 
the end of the bar will produce greater deflection as it is more close to 
the needle. Also the distance, d of the needle measured from the cen- 
tre of the bar is not equal to that measured from the true magnetic 
centre. This distance, d should be measured from the magnetic centre 
instead of measuring it from the geometrical centre. To correct 
this error, the magnet is to be reversed on its position so that the 
opposite pole is towards the needle now (Fig. 62). 


(4) Zero of Arm-scales may not coincide with the centre of the 
Circular Scale—In this case, the distance of the magnet when placed 
on one arm will be less than that when placed on the other arm, and 
so the deflection will be greater or less than the true value. To correct 
this error, the magnet is placed at equal distances on the two arms 
and the mean of the two readings is taken. 

(5) Unequal Initial Readings—One end of the pointer is inclined 
more in one direction, i.e. if one end is brought to zero, the other 
will not be zero, then the initial readings of the pointer are to be taken. 
When the pointer is deflected, the readings on each end will be less 
by the initial reading. To correct this the readings on both the ends 
of the pointer are to be taken. 

58. The Oscillation Magnetometer :—This instrument (Fig. 63) 
consists of a short magnet M enclosed in a wooden box having glass 
windows. The box has a narrow tube fixed on its top at the middle. 
The magnet is held horizontally in a double-loop frame suspended by 
asilk thread which passes centrally down the tube and is provided 
with a torsion-head at the top of the tube. The glass-case prevents air 
currents from disturbing the oscillation of the magnet. 


Before beginning the experiment see that there is no torsion in the 
thread. The magnet is placed in the magnetic meridian and is 'made 
to oscillat> by bringing another magnet,at a suitable distance. The 
magnet oscillates in the earth’s field of intensity, say, H. Take the 
time t for a complete oscillation by means of a stop-watch. It can be 
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shown theoretically that the period of oscillation t is given by the 
formula. 


te 2x A ur f vou 


where I=moment of inertia of the magnet ; 
M = magnetic moment of the magnet; H= 
horizontal component of the earth’s field. We 
have, 
I I 

UTR RM (emn 
Pade aq SE H v 0 

If nbe the number of oscillations of the 
magnet in a second and t the time for oae 
oscillation, then 


1 1 T 
ner; Or ni mcg 5 80; Bars 


An Oscillat 

iscillatio: « 

Magnetometer. SA en fs e 6) 
Note—The constant J in formula (1) is 


called the moment of inertia, which can be determined thus. For 
a rectangular bar-magnet of length a, and breadth b oscillating 
about an axis passing through the centre of gravity and perpendi- 

a? +b? 
cular to its length, I-m|-712 


For a cylindrical bar-magnet of length / and radius r, Im 


pet 
125 2| 
59. The Time Period of Oscillation of a Magnet in the Earth's 
field :—Let H be the intensity of the earth’s magnetic field. Suppose a 
magnet oscillates in this field and in course of its oscillations, it 
subtends an angle 0 with the direction of H at à particular instant. 
If M be the moment of the magnet, the restoring couple acting on it 
will be given by MH sin o= M Ho when 0 is small. This couple acts in 
opposition to the deflecting couple due to its angular acceleration 


d*0 If Tbe the moment of inertia of the magnet this deflecting 


). where m is the mass of the magnet: 


2 
couple is J at. In the equilibrium condition of oscillation, 


Or, "qa *-r (] 
or, p + o0 5 0, where o = x ^g 


i a i T | 
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This is an equation of simple harmonic motion whose angular 
velocity is œ. 


" ont (vide Vol. I, Chap: on S.H.M.), where T=time period. 
X 4 - mv or, T-2x  IIMB. 


60. The Searle’s Magnetometer :—This form of the magneto- 
meter (Fig. 64) consists of a small cylindrical 
: magnet (about 1'5 cms. long) fixed at the lower 
end of a massive brass cylinder which is suspen- 
ded by a fine thread of unspun silk so that the 
effect of torsion may be negligible. A long 
aluminium pointer (about 10 cms. long) fixed 
below the magnet enables the oscillations to be 
observed more easily. The heavy brass cylinder 
serves to increase the moment of inertia of the 
system so that the period of vibration may be 
large enough to be accurately measured, 


61. Comparison of Magnetic moments of Fig. 64—The 


Two Misgnets by the Oscillation Magneto- Searle's Mag- 
meter :— netometer. 


Method 1.—We have from equation (1), Art. 58, 


4x, ., 4z*I Mi di, fat 
M,H= TE and M,H= GE Hence, MIU 3 n* 


So the moments of two magnets can be compared by calculating 
their moments of inertia and finding the time for a complete oscillation 
of each magnet at the same place. 

Method 2.—The disadvantage of the above method is that it 
necessitates the determination of I, and J, which may however, be 
avoided by causing them to osciliate together as one system by placing 
them in two slots cut in à small wooden block, one above the other, in 
the same vertical plane, first with their ike poles and then with their 
unlike poles, pointing in the same direction. In this way the moment 
of inertia of the whole oscillating system remains the same in both 
the cases. We have, 


ty=2x J TUM S M, 


; and ta 72x JI/(M,—M.)H ; 
Mi-Ms t". 
jones ree PC 
My Mi Mi- Ms fat fi; 
Mó,*M,—Mi* M, 1S1 
Vol. II (M)—5 


or, 


or, 
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But n= : ; so the above relation can also be written as 


, Examples.—j. A small magnet oscillates in the earth's field (0:36 C.G'S. 
unit). A bar-magnet placed end-on to it and east of it deflects through 60° ; what 
will be the strength of the resultant field? If the rate of oscillation in the earth's 
field was 10 per minute, what will be the new rate of oscillation ?' (Pat. 1926) 

at. 


Ans. The two fields, on. H due to the earth and the other F due to the bar- 
magnet, are acting at right angles to each other (vide Fig. 51). Then the resultant 
field R is given by R?=F?-+#H?, 

Here F= H tan 0=0°36x tan 60° =0°36 x A3. 

S 0R-(036x 4/3)*+ (0-36)? =(0°36x2)? .. R=036x2=072 : 

C.G.S. unit, 


In this field H, the number of oscillations, was 10 per minute. Then 77:10". 
If n be the number of oscillations in the new field R, then Rx. 

Rm 072 m 
Hence y= 104 ^ 0367 100" Whence n= 10 42. 


2. Aniron bar 100 cms. in length and 1 mm.x 1 mm. in section, is uniformly 
magnetised ard its period of vibration is found to be S seconds. It is then broken 
into tw9 equal halves. What will be the period of vibration of each half? 

(Pat. 1949) 


f. 
Ans. We have (Art. 58), t, =2r MH ,and nt i 


= 
where t, is the period of the iron-bar and f, is the period of each half, 


. fs. JI, = [(100)* + (0 1)* 
H te MT ie (XR 


Here 1, (ae) x% ;M,-100m; M,450m (where m is the pole- 


t, a /250001 


strength and W is the mass of the magnet) .. 5 1000001 ^ whence 


t, =2'5 secs. 


3. Two bar-magnets, the moment of one of which is double that of the other but 
otherwise similar, are arranged parallel one above the other first with their like poles 


in contact and then with unlike poles in contact. Find the ratio of periods of 


vibration of the combination in the same magnetic field. (Pat. 1941) 
i TA. 2M—M Ẹ 
Ans. Proceed as in Art. 61. (Method 2). Here m UE Tut MT. 


FIO nis NOBIT e 
62. Verification of the Law of Inverse Squares.— 
(1) By Method of Oscillation : Vibration Magnetometer.— 
Expt.—A magnetic reedle, say a Searle's magnetometer (Fig. 64), 
is made to oscillate at a peint under the action of the earth's field H 
alone. Let n be the number of oscillations per minute. Then we 
have. 
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Hee n* ds sie (1) 
Let a long magnet, preferably ball-ended, b= placed vertically to 
the south of the needle with its north pole turned downwards (Fig. 65). 
The magnet being long, the south pole of the magnet will have very 
little influence on the deflection of the needle, and the field at the point 
may be regarded as due to the north pole only. The north pole ofthe 
magnet is to be placed in the same horizontal plane as the needle and 
as a distance (say) d, from the needle. 


So the needle is oscillated under the joint influence of the field due 


to the magnet and that due to the $ 
earth's horizontal field H. Here the 
total field at the point is the sum of 
the two fields. The magnet being 
long, the effect of the other pole on 
the needle is neglected. ] 
Let the number of oscillations 
under the action of the combined N PERET 
field be n, and let F, be the field Jf Omerta 
due to the pole of the magnet, then 
dn BATA) 


(Fi +H) = my" Fig. 65 

The magnet is then moved to a distance d, from the needle, and 
let ng be the corresponding number of oscillations per minute. If 
F, be the field due to the magnet in this position, (Fs + H) « 7s*...(3) 


Fi*H.m?. F, n?-n' 
From (1) and (2), A aa on, s ratre Ta sir A) 
i F,*H ns* F4, n,*—n* 
Again, from (1) and (3), TERES) Ot ps RENS (5) 
1 2,*—n* 
From (4) and (5), ies ce ni 


But by actual experiment it will be found that, 


m*-m dst. Fa de 
fiend?’ Fa“ d;* 
or, Fa: F4 :: ai Ü à which proves the Law of Inverse Squares. 


[Note—lf the magnet had been placed south of the needle with 
its S-pole turned downwards, the field due to the magnet at the place 
would have opposed the earth's field, i.e. the total field would have 
been F, — H, instead of F, + H, assuming F, to be greater]. 


(2) By Coulomb's Torsion Balance—It consists’ of a cylindrical 
glass-case G (Fig. 66) (gradvated in degrces along its middle) having 
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a co-axial glass-tube fixed at the middle of its top. The tube is pro- 
vided with a screw-head P by which any rotation can be given to 
a magnet AB, which, is suspended from it horizontally by means of 
a fine silver thread. The rotation of the magnet is read from the scale 
on the glass case and that of the screw-head from a scale provided at 
thetop ofthe tube. Through a slot 
on the top of the casing anothér 
magnet C is introduced vertically so 
that its lower end is in level with the 
suspended magnet. 

On removing C, the balance is 
set up so that the suspended magnet 
is in the magnetic meridian and the 
wire is without twist. From this 
position, the top-screw is slowly 
turned until the magnet is deflected 
through one degree. The controlling 
force of earth as a magnet is thus 
determined in terms of the torsional 
couple in the wire. Suppose 6° rota- 
tion of the screw-head corresponds 
to 1° rotation of the magnet against 

: Xs ike: the earth's field. The torsion on the 
Fig. 66—Torsion Balance. wire is (6—1)? and this balances the 
earth’s action when the deflection is 1°; let (0—1)—7: hence the 
earth’s action for 1° deflection is equivalent to y° torsion on the wire. 


| 
Bring the suspended magnet back into the meridian by rotating 
the screw-head in the opposite way. Next introduce the similar 
pole of ihe magnet C such that it is just in level with the magnet 
AB. Suppose now that the magnet AB deflects thereby through '«^, 
which equals (<y+<)° in terms of torsional couple. Now rotate the 
screw-head in the opposite direction until the deflection becomes 


one half, ie. «/2. If the necessary rotation of the screw-head be £, 


2 


supposed that for small rotations, « is proportional to the distance 
between the two poles. From the experiment it will be found that 


the torsional equivalent of it will be (a+ Si Zy. Now it may be 


BR : 
T22 4 when the angular separation, i.e. the distance between 
dyta f 


the poles, is made half. This proves the inverse square law. The 


effect of the distant poles being small is neglected in this experiment. 
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(3) Graphical Method.—A bar-magnet NS is placed on a sheet of 
paper fixed on a drawing board, and its outline is Brawn by a pencil. 
Let N and S be the positions of the north and south poles respectively 
of the bar-magnet (Fig. 67). A compass needle is now placed with its 
centre at a point P in the field due to the magnet. In this position the 
needle is acted on by two opposite couples—one, due to the earth’s 
field acting parallel to the magnetic meridian, and the other due to the 
bar-magnet. The board is now turned until the needle becomes parallel 
to the magnetic meridian (the direction of which should be determined 
in the beginning by stretching a thread between two long vertical pins 
fixed outside she board). ‘In this position 
the couple due to the earth's field vanishes 
and the direction of the needle, say, PK, 
indicates the direction of the resultant of 
the two magnetic forces due to the two 
poles. Join NP and SP, and produce 
NP to A. 

We know that if a unit north pole 
be placed at P, and if m be the pole- 
strength of the magnet, then, by the law i ; 
of inverse squares, the force of repulsion Fig. 67—Graphical 
F.-m|NP*. This force acts in the Method. 
direction NP. Again the force of attraction Fs =m/SP*. This force 
acts along PS. 

Fy m _ m _ sP? (1) 
MECENSNPS SPA" NS E H 
Take any point K on the resultant, and draw KA and KB parallel 

^to SP and NA respectively. Then Fi « PA and Fa « PB; 


F, PA ‘i PA SP? 
or HnN C From (1), PB” NPA i. erate) 
Equation (2) can be verified by actually measuring the distance 


NP, SP and PA, PB. So it is proved that £3. P5, ds^ (if NP=d 
, ee Fa NPT d. i 


and SPed,). Thus F;:Fsa- "A 4 is Prove this for other points 
1 s 


also in the field of the magnet. 

This proves the Law of Inverse Squares. 

(4) Deflection Magnetometer Method.—(i) First Method: Yt 
has been proved in Art. 52 that the field F, due to a small magnet in 
the "énd-on" position is twice the field Fs due to the same magnet in 
the “broad-side on” position at the same distance, and this result was 
obtained by assuming the truth of the Law of Inverse Squares for & 
magnetic pole.: 
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[ We have, rs ; Fam x. when d is large compared to the 
length of the magnet. .'". Fs Eo ] 
F, 1 

Place a magnet in the “end-on” position in a magnetometer experi- 
ment, and let 0 be the mean of the sixteen readings as taken in Art. 
56(a). Place the same magnet in the “broad-side-on” position, and let 
0a be the mean of sixteen readings. 

Now, Fı=H tan 9, ; Fame Htanós < tane Fi 2 
: ne pas ? "' (fans Ps. 1 

So, if it can be proved experimentally that tan 6, and tan ĝa are 
in the ratio of 2 : 1, then the Law of Inverse Squares is proved. 

(ii). Second Method—Using a Ball-ended Magnet :—Use the 
deflection magnetometer in Tangent A-position and place a ball-ended 
magnet in a block of wood in such way that one of the poles is in the 
plane of the magnetic needle and the other is just above the pivot of 
the needle. This is done by a plumbline. The pole on the arm of the 
magnetometer is placed at a distance, d so that the deflection 1s nearly 
30". The poles are revers2d and the deflection is again noted. 

The above observations are repeated with the magnet placed on the 
other arm of the magnetometer. The distance and the average 
deflection is thus determined. 


Fig. 68 


Again, all the above observations are repeated by shifting the 
magnet to different positions so that the deflections increases from 30° 
to 60° at an interval of 10°. These observations are also repeated with 
the magnet on the other arm. 


Theory.—The pole just above the pivot of the needle has no 
influence over the deflection of the needle, and it tries to depress the 
pivot downwards. The pole placed on the arm, only deflects the needle. 
So it may be said that a single pole is used. 

If m be the pole-strength of the magnet which when placed at a 
distance d, produces a deflection 9, then the force on the needle due to 


the magnetic pole, Fes ax ee eth 
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But as the magnetometer is in tangent-A positio: 


F-H tan 8 ” neat (2) 
m 1 H 
gs - H tan 6; or, TTE E d’; or cot o= Ba ARE Ki 
or, cote « d*. 
If cot 9— y and d*- x, then Y 


from (3), we get, 
y-kx ; where k-B. So the 


t 

graph plotted with d* along the 2 
X-axis and cot @ along the Y- 
axis is a straight line passing 
through the origin O. 

Buras F=™, is based on 

d* —— x 

the principle of the Law of In- 
verse Squares, the graphin Fig. Fig. 69 
69 proves the above law. 


Note: From the graph, ke E —tané (say); so the valueof z may 


be found from the graph. If the horizontal intensity of the earth's field, 
H is known, the pole-strength, m of the magnet can be determined. 

63. Comparison of the Earth's Fields at two Places :— 

(i) By the Deflection Magnetometer.—Use a deflection magneto- 
meter, say, at the tangent A-position and note the deflection 01, the 
centre of a bar-magnet being placed at a distance d. Again, let 0s 
be the deflection with the same magnet placed in that position at a 
second place. If H ,and H, denote the field strengths of the earth 
at the two places, we have, from eq. (6), ds 54, 

2M 1 


H H= 


17745 * tan 6, a> *tan 6, } 

Since, the magnet is used in the two places in the same way 
Mand d are the same. Hence, TDI cs 

3 

Note.—H is inversely proportional to tan 8. 

(ii) By the Oscillation Magnetometer.—By noting the number of. 
oscillations 7, of the needle in a given time at a place where the éarth’s 
field is Hı and also noting the corresponding value for n, at the 
second place where the earth’s field is Hs we have from Art. 58, 

H,«n, and Haans’. ~. H-u* 

Again, if t, be the time of one complete oscillation in a field of 


intensity H and f, that in Ha, we have, Hia 
Hy, f 
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63. (a) Comparison of Pole-strengths of two long Magnets by . 


the Oseillation Magnetometer :—From eq. (4), Art. 62, we get, 
2. 5? 
F= ng. 

If m, be the pole-strength of a long magnet, d the distance of 


the long magnet from the oscillating needle, Fi= $ Hence 


272 
madha The pole-strength mı may, therefore, be known 
if H be known. Again, repeating the above experiment for another 
Jong magnet of pole-strength mo, keeping it in the same position and 


3 nè. 
at equal distance d, we have, m, =d°H to cd ng be the number of 


A r m, n?-n* 
oscillations per minute now. Therefore —+ mzyy" 
ms. Mgi—n* 


Determination of Pole-strength of a Magnet.—By using any 
method for determining M/H, M will.be known when H is known, 
from. which the pole-strength m of a magnet can be calculated by 
the relation M — 2ml, where 21 is the length between the two poles. 

Examples.—/. Two magnets A and B are caused to oscillate in the same 
magnetic field. A performs 15 vibrations per minute and B 10 vibrations per minute. 
The magnet A is then caused to oscillate in one magnetic field and B in another. A 
now performs 5 vibrations per minute and B 20 vibrations per minute. Compare the 
intensities of the fields in which A and B now oscillate, and compare also the magnetic 
moments of the magnets. (Pat. 1931) 

‘Ans, Let the intensity of the first field in which both A and 8 oscillate be His 
the intensity of the second field in which only 4 oscillate be H’,, and that in which 
only B oscillates be H, ; then for 4, H, = 15* and h, > 5°. 


H, y Similarly, for B, H, > 10* and H, x 20*. 
2 HQo23254 ae UH 1415 vn 
voWo0)1 7 H. HH nds zor, H,:H,::1:36 
"That 1s the intensity of the second field where B oscillates is 36 times as great as 
that where A oscillates in its second field. 


The formula for the vibrating magnet A is given by t ‘= A E bo. (1) 
MH 
where f, is the time for one complete vibration, M , the magnetic moment and H 
the field in which 4 and B oscillate. 
*' Similarly, for magnet B, t, -2rA/ —! i ES ideam 
y, for magnet A LE o 
assuming the magnets to have the same moment of inertia I. 
From (1) and (2), M+ = ta 2:3 where n, and n, are the numbers of vibrations 
i 2 
performed in one minute by A and B respectively. ~. Moran 


2. A small magnet vibrating horizontally in the earth's field makes 4 vibrations 
in 16 seconds, and when another magnet is brought near it, it makes 5 vibraiions in 
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16 seconds. Compare the intensity of the field due to the magnet. with the earth's 
horizontal field (i) when the two fields are in the same direction, and (ii) when they 
are in opposite directions. 

Ans. Let H, be ihe earth’s field, and H , the resultant field, 


Here the number of vibrations per second n, in the field H, = i-r 


and the number of vibrations per second 7, in H., 5/16: 
a 25 h, 25x16 .25. 
We have, Hiem (^g ). and mizne ret) ^ H Texte i6 
(i) When both the fields are in the same direction, the field due to the magnet 
25 H,—H, 25-16 -9 


A 
only-h,—H, We have H.7i6 ^ RHET Ae 
(ii) When the fields are in opposite directions, the field due to the magnet 
, HatH,_ 25416. 41 
with, M “p16 716 


3. A compass needle makes 10 vibrations in 9 seconds in the earth's field aione. 
It makes 10 vibrations in 12 seconds when a bar-magnet is placed near it and. finally 
comes to rest in the same direction as before. What will be the period of oscillation 
of the needle when the bar-magnet is reversed ? 

Ans. Let H be the field due to the earth and F that due to the magnet. 

We know from Art. 58 that the intensity of the field in which the needle 
vibrates is proportional to the square of the number of oscillations per second. 
So the intensity of the field, which is the resultant of the two fields, is less than 


the first as the number of oscillations per second diminishes, and because the 
needle comes to rest in the same direction as before, H >F. So, the resultant 


field, (H—F) = (Ig) 3 and H = 6) 
I HOILGQ cas UE 
ACT tg: i6) 9^ Fig 
In the second case, the intensity of the resultant field = (H-F-F) 
QEHLEUmMeU oie, o WEESH 23 (915 7 S 
Ue pape io) "ion HE =j6~ (10) "ionem 
1 
If t be the period of oscillation, we have t= haga 0782 second. 


64. Determination of the Earth’s Horizontal Field H and of the 
Magnetic Moment M of a Magnet in Absolute Measure :—The 
meásurement of the moment of a magnet, or the strength of any field, 
in terms of the units of these quantities, is called an absolute measure- 
ment, and is quite different from measurements of the comparative 
kind as done in the above articles, where it has been determined how 
many times the magnetic moment of one magnet, or the strength of 
one field, was greater than another. 

(i) To find H—Using a deflection magnetometer, an equation for 
M/H is obtained by formula (6), or (8), of Art. 54. Then M/H=a@ 
(say). ae ie 
Again by determining the moment of inertia, 7 and the period 
of vibration t of the same magnet at the same place by using the 
oscillation method a value for MH is obtained from Art. 58. 
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Let MH=b. Now to find H, divide b by a, i.e. MH +M/H=H* 


=bja. 
uaea 


(ii) To find M, multiply a and b, i.e., M/Hx MH= M* ~ab. 
~ M= Jab 
[M can also be determinea by means of neutral points (vide 
Art. 53]. 
Note.—The pole-strength m of a magnet may be found by deter- 
pia Mas above, and by knowing the length 2/ of the magnet ; for, 
m= Mpl. 


Questions 
1. Describe the behaviour of a freely suspended magnet in a uniform magnetic 
field after it is disturbed from its position of rest. (Pat. 1932) 


2. What is meant by uniform magnetic field ? Explain why a magnetic needle 


does not tend to move bodily along the lines of force in a uniform magnetic field. 
(C. U. 1923 ; cf. All. 1930) 
.3. What is meant by the statement that the strength of a magnetic pole js'm* 
units? How would you show experimentally that the two poles of a bar-magnet 
are of equal strength ? 
4. Define the term ‘Moment of a magnet’. (Utkal, 1948 ; Pat. 1930 ; All. 1946) 
How would you calculate the moment and the intensity of magnetisation of a 
horse-shoe magnet ? 5 (Pat. 1930) 
5. Define the magnetic moment of a magnet. Find an expression for the 
moment of the couple acting on a magnet placed in the earth's horizontal magne- 
tic field when it is deflected through an angle 8 from the magnetic spin " 
(C. U. 1932) 
6. A magnet t0 cms. long having a pole-strength of 20 units is deflected 
through 30^ from the magnetic meridian. Given the intensity of the earth's field 
7-032 Gauss, find the value of the deflecting couple. (East Punjab, 1951) 
[ Ans. : 32 dyne-cms. ] 
7. A magnet placed at an angle of 30° with a uniform field of intensity 0:32 
experiences a couple whose moment is 8; calculate the magnetic moment of the 
magnet, and, the length of tbe magnet being 5 cms., calculate also its pole-strength. 


(cf. Utkal, 1953) 
[ Ans.: Moment of magnet e 50. Pole-strength =10 ] 


8. State and prove the law of magnets. How would you verify it experi- 
mentally ? (Pat. 1936) 
9. Prove that the magnetic force due to a short magnet ata great dístance 
compared with its length varies inversely as the cube of the distance for points 
along the direction of its axis or in the plane through the centre _of the magnet 
perpendicular to the axis. How would you verify these results experimentally ? 
(Pat. 1921, 23) 
[Hints. For verification place a magnet at two different distances d, and d, 
from the centre of a magnetometer needic. Let F, and F, be the corresponding 


2M. -2M F.. dj 
forces, then Leo fs FT. Fa 


tan [4 : A 
nae =e where 0, and ê, are defiections corresponding to 
tan 0, 2 


F, 
But p 
F, and F,. 
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; tano, d, * 2 
It will be actually found that ana qe This verifies the law. ] 


10. A compass needle is placed 30 cms. to the east of a short bar-magnet. The 
needle is deflected through 45°. Calculate the magnetic moment of the magnet 
approximately. Given H —0:352 Gauss. (R.U. 1953) 

{Ans.: 4752 c.g.s. units.] 

_ M. Find the strength of the field due to a bar-magnet ata point on the line 
bisecting the magnet at right angles. 
? (U. P. B. 1943 ; P. U. 1918 ; Bom. U. 1928 ; Pat. 1944) 
Describe and explain the behaviour of a small compass needfe placed at that 
point, if the bar-magnet is placed with its north pole pointing due east. at, 1911 
at. ) 


12. The strengths of the magnetic field at two points on the axis of a bar-mag- 
net at distances of 10 cms. and 20 cms. respectively from its centre, are in the ratio 
of 25:2. Calculate the magnetic length of the magnet. (Bom. 1954) 

13. A short bar-magnet is placed in the magnetic meridian with its north pole 
pointing south. The neutral point is 24 cms. north of the south pole of the magnet 
and upon the prolongation of its axis. Find the intensity of the field at a point on 
the axis 20 cms. from the south pole and north of it (/4—0:18). (pat: 1929 

t. 1929) 


[Hints.—At the neutral point, F< H. But F=2M/24*. 


"m 
^ ZM- n-018; or, M 0187 2 ^ The intensity of the field (due 


to the magnet only) at a distance of 20 cms. from the south pole of the magnet of 


D 
moment MM =0'31 Gauss. So, the resultant intensity (due to 
the earth and the magnet) - 0:31—0:18— 0:13 c.g.s. unit. Here the earth's field is 
opposite to that of the magnet.] 

14. ABisathin magnet 20 cms. long, the strength of each of its To being 
12 units. Upon AB as base an equilateral triangle ABC is constructed. Find the 
magnitude and direction of the force that a unit pole would experience, if it were 
placed at C ; also the force upon the magnet caused by the unit pole at r^ i931) 

E t. 


[Ans.: 0:03 Gauss] 

15. A thin magnet of 20 cms. in length with its north pole pointing south just 
balances the earth's field (magnitude 0'2 c.g.s. unit) in its plane at a distance of 20 
cms. from its pole. Find the magnetic moment and pole-strength. 

[Ans.: M-213333 units ; m= 1066 units.] (Pat. 1934) 

16. A magnet whose poles are 12 cms. apart is placed in the magnetic meridian. 
The field due to this magnet counterbalances the earth's horizontal field (0°35 c.g.s. 
unit) at a point 10 cms. from each pole, Find the pole-strength of the magnet. 

[Ans.: 29:17 unit] (Pat. 1914) 

17. A bar-magnet having poles 10 cms. apart is placed in the magnetic meri- 
dian with the north pole pointing south. The neutral point is at_a distance of 20 
cms. from the nearer pole. Find the intensity of the resultant field at a point on 
the perpendicular bisector of the axis of the magnet and at a distance of 10 cms. 
from the centre of the magnet. [H —0'4 Gauss] (Pat. 1945) 

[Ans.: 2:46 Gauss] (Note that H should be added) 

18. A bar-magnet is placed on the magnetic meridian with its north pole 
pointing south. If the length of the magnet is10 cms. its magnetic moment 500 
c.g.s. units and if the neutral points are situated at a distance of 15 cms. from the 
centre of the magnet, calculate the intensity of the earth's magnetic field at the 
place. (M. U. 1950) 
[Ans.: 0:375 Oersted.] 
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19, A bar-magnet is placed with its north pole pointing south. If the neutral 
point is at a distance of 20 cms., from each pole of the magnet and the magnetic 
length of the magnet is 10 cms., calculate the moment of the magnet assuming H 
to be 0:36 c.g.s. unit. (Utkal, 1951) 

[ Ans.: 2592 c.g.s. units. ] 

20. Deduce the expressions for the magnetic field at (i) a point on the axis of 
a bar-magnet, and (ii) a point on the equatori plane of the bar-magnet. 

Compare the field-strengths in the two cases, if these points be equidistant from 
the centre of the magnet and the magnet be a short one. (C. U. 1932) 

21. What isemeant by the tangent position of Gauss ? Explain how, in one 
of these positions, the relation between the moment of a bar-megnet and the hori- 
zontal component of the earth’s magnetic field is obtained. (Pat. 1938) 

22. A magnet whose poles are 10 cms. apart is placed in the magnetic meri- 
dian, the field due to the magnet counterbalances earth’s horizontal field (0°36 c.g.s. 
vnit) at a point 9 cms. away from each pole. Find the pole-strength of the magnet. 

[ Ans.: 2624 c.g.s. units ] (Pat. 1952) 

23. A short magnet is placed on the drawing board with its north pole point- 
ing north. The neutral points are found to be at a distance of 20 cms. from the 
centre of the magnet, What will be the distance of the neutral point when the 
magnet is reversed ? (Nagpur, 1953) 

“[ Ans.: 25260ms.] 

24. Define Magnetic moment. 

In an experiment with a magnetometer a small magnet A produces a deflection 
of 30° when it is placed at a distance of 40 cms, from the centre of the magneto- 
meter needle in the tangent 4-position of Gauss ; another small magnet B produ- 
ces a deflection of 20° when it is in the tangent B-position of Gauss, and ata dis- 
tance of 30 cms. Compare the moments of the two magnets. (Pat. 1927) 

[4ns.: 1°88: 1.] 

25. Define the magnetic moment of a magnet. Describe how you would 
compare the magnetic moments of two magnets. 

(C. U. 1944 ; Dac. 1943 ; Pat. 1943, "45; All. 1944) 

26. Describe some form of magnetometer, and explain how you could use it 
to compare the magnetic moments of two bar-magnets. (Pat. 1947 

27. Two bar-magnets of lengths 10 cms. and 8 cms. produce deflections of 30 
and 25° on a magnetometer needle when placed 35 cms. and 40 cms. from the 
centre of the needle in tan A-position. Compare their magnetic moments. If the 
longer. magnet be permanently placed at 5 cms. from the needle, find also the posi- 
tion of the shorter magnet to produce no defiection, both being placed in 
tan A-position. 

[Ans.: M,IMy 7795; d, 50:9 cms. ] 


98. Two short bar-magnets are placed one above the other with their (a) 
similar poles. (6) dissimilar poles, together. The first combination is placed at a 
distance of 20 cms. from the needle of a deflection magnetometer in tan A-position. 
The deflection is observed to be 60^, The second combination is placed ata dis- 
tance of 10 cms. in tan B-position of the magnetometer, the deflection being 30°. 
Compare the moments of the magnet. (Pat. 1955) 

[ Ahs.: M,/M,=1°181 } 


29. Describe the deflection magnetometer method of. comparing the magnetic 
moments of two magnets. Explain carefully the sources of error in the experi- 
ment and show how you would overcome them. (A. B. 1952) 

30. Describe an oscillation magnetometer, and explain its uses, 

(All. 1937 ; Pat. 1940, '45) 

31. A compass needle makes 10 oscillations per minute in the earth's field 
alone, and 20 oscillations per minute when the north pole of a long bar-magnet is 
placed to the south of the needle in the same level with it and at a distance of 
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4 inches from it. The distance of the magnet is then reduced to 3 inches. How 
many oscillations per minute will the needle now make ? 

[Ans.: 2512] - 

32. A compass needle makes 30 osciliations. per minute in the earth’s field. 
When a bar-magnet is placed near it so as not to alter the direction of the needle, 
it makes 40 oscillations in one minute. How may times will the needle oscillate 
per minute, if the magnet is reversed ? (Pat. 1944) 

Į Ans.: 10/2] 

33. A small magnetic needle suspended by means ofa silk-fibre makes 20 
oscillations per minute in the earth's field. When a bar-magnet is placed in the 
magnetic meridian near the needle, the number of oscillations is increased to 25 

minute. If the bar-magnet be reversed and replaced in its former position, 
ow many oscillations will the needle make per minute ? (Pat. 1947) 

{ Ans. 547] 

34. Two bar-magnets are put together side by side and suspended so as to 
oscillate in a horizontal plane. The time of complete oscillation is 12 secs. when 
like poles are together and 16 secs. when direction of one magnet is reversed. 
Compare the moments of the magnets. (U. P. B. 1955) 

[Ans.: 25:7] 2 

35. How would you prove the law, of inverse squares for magnetic force; 
given (a) a magnetic rod of steel about a metre long, (5) a small suspended magnetic 
needle, (c) a measuring rod, and (d) a stop watch ? (C.U. 1910, cf. Pat. 1918, '44) 

36. How would you prove experimentally that the force of attraction or 
repulsion between two magnetic poles varies inversely as the square of the distance 
between them ? (C.U. 1934, '37 ; Pat. 1948) 

37. Explain the method of comparing the intensities of magnetic fields by the 
observations of the times of oscillation of a magnetic needle. 

(All. 1927, 32 ; Pat. 1929) 

38. If two combined magnets make 2 vibrations per min. when suspended by 
a long silk-fibre but 30 vibrations per min. when one of the magnets be reversed, 


calculate the ratio of the magnetic moments. (B. H. U. 1950) 
[ Ans.: 113:112] 
39, Describe some form of deflection magnetometer and explain how you 
would use it to compare the earth’s horizontal field at two places. (Pat. 1942) 


40, Describe a method of measuring the moment of a magnet. 
(All. 1932 ; cf. C. U. 1955) 


41. How is the horizontal component of the earth's magnetic field at any place 
determined in the absolute measure ? (Pat. 1941) 
. 42. How would you determine the horizontal intensity in your laboratory 
with the help of a deflection magnetometer and a suspension arrangement ? Give a 
complete theory. (Pat. 1944) 

43. How is the horizontal component of the earth's magnetic field measured 
inthelaboratory ? Give the full theory but not the practical details. If the 
horizontal and vertical components at a place are 0'3 Gauss and 9'4 Gauss, what 
is the total intensity ? 7 (M. B. 1952) 

44. A bar-magnet has a pole-strength of 50 units and the distance between its 

oles is 10 cms. Mention and describe any method you would use to verify the 


value of the pole-strength. (C. U. 1949) 


Hints.—Use either method of neutral points Art. 53 (i), or the method des- 
cribed in Art, 64 to determine the moment of the magnet and see if it comes out 
to be equal to 50 x 10, i.e. 500 units or not. ] 4 : i 

45, Define ‘pole-strength’ and "magnetic moment of a magnet, Describe any 
method of determining the pole-strength and the magnetic moment of a bar- 
magnet. (G. U. 1957) 


4 


", ) CHAPTER V 


Terrestrial Magnetism 


65. The Magnetic Field of the Earth :—A compass needle, or a 
magnet suspended horizontally at its centre of gravity, always sets 
itself finally with its magetic axis approximately north and south. 
This indicates the existence of a magnetic field on the surface ofthe 
earth. 


If a compass needle, which is suspended perfectly freely at its centre 
of gravity is taken from one pole of the earth towards the other, it 
will be found that the angle between the horizontal and the magnetic 
axis of this needle, i.e. the angle of inclination, will change from place 
to place on the surface of the earth, showing that the direction of the 
resultant magnetic intensity is different at different places on the 
earth’s surface. This angle of inclination, which is also known as the 
“angle of dip," is zero near the equator and 90° at two poles, one of 
which is near Boothia Felix (in Chanda about 1,000 miles from the 
north geographical pole) in longitude 96° W., and latitude 70-75^N., and 
the other is in the southern hemisphere near South Victoria Land in 
longitude 155°, and latitude 73°S. These two points on the earth's 
surface, are therefore, called the magnetic poles of the earth. They 
are not the same as the geographical poles. The angle between the 
two lines, one joining the two magnetic poles and the other joining the 
two geographical poles i.e. the angle between the magnetic axis and 
the geographical axis, is about 17°. It will be seen in Fig. 70 that the 
needle is parallel to the earth's surface near the equator, where the 
angle of inclination is zero, and is vertical at the two magnetic poles 
where the angle of inclination is 90°. The line joining the points where 
the angle of inclination is zero, is called the magnetic equator. 


The earth behaves like a magnet, but as yet no satisfactory expla- 
nation has been put forward as to the cause of the earth's magne- 
tism. The magnetic behaviour of the earth, however, can be explain- 
ed toa certain extent by considering an imaginary short magnet 
placed at the centre of the earth along its magnetic axis, though we 
do not believe that there is any actual magnet there, and also the 
temperature of the centre of the earth is too high for such a magnet 
to exist there. By the law of attraction and repulsion it is supposed 
fhatthe northern regions of the earth possess south polarity and the 
southern regions north polarity. The actual cause of the earth's mag- 
netism may be due to electric currents in the earth, or in the upper 
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layers of the atmosphere, or it may be connected in some way with 
the sun. But these may again be only mere conjectures. 


Fig. 70—The Earth as a magnet 


66. The Magnetic Elements of Earth :—In order to specify 
completely the magnetic field of the earth at any place, the following 
three quantities are usually chosen : (i) the Declination or Variation ; 
(ii) the Dip or Inclination ; and (iii) the Horizontal Intensity. They 
are chosen, for they lend themselves most readily for experimental 
determination. They are called the magnetic elements of the earth 
at a place. 


(i) Declination (or Variation).—1t is the angle which the magnetic 
meridian at a given place makes with the geographical meridian. 


The geographical meridian is taken, by convention, as the plane of 
reference. The angle which the magnetic meridian makes with respect 
to this plane is a measure of the declination of the place. If 8 is the 
declination at a place, it is expressed as 0^E or 0°W., dependiag on 
whether the magnetic meridian, on the north of the place, is to the east 
or to the west of the geographical meridian. Declination, at Delhi is 
2*E, means that the N-pole of a horizomal compass needle will point 
2* east to the geographical north and south direction. 
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(ii) Dip (or inclination).—The dip or inclination at a place is the 
angle which the earth's resultant magnetic intensity there makes with 
the horizontal direction. 

In Fig. 71, the resultant intensity J at a place Bhas been shown 
to make an angle 6 with the horizontal direction BD there. So it is 
the dip at the place. It will be 6° north or south according as the 
place B is in the northern or the southern hemisphere. For, a perfectly 
freely suspended needle at B would not in general set in the horizontal 
direction BD~but along the direction BR of the resultant magnetic 
intensity Z, where the plane BDC represents the magnetic meridian 
at the place B. Its N-pole will dip downwards if the place B is in the 
northern hemisphere, and its S-pole will dip downwards if the place is 
in the southern hemisphere. That the dip at Delhi is 40°N means that 
a dip-needle will be inclined to the horizontal at 40° with its N-pole 
dipping downwards at Delhi. 

(ii) Horizontal Intensity.—It is the resolved part of the earth’s 
resultant intensity at a place in the horizontal direction in the mag- 
netic meridian. > 

Vertical Intensity.—It is the resolved part of the earth’s resul- 
tant intensity at a place in the vertical 
direction. F 

67. Resultant Intensity and its Com- 
ponent :—In Fig. 71, the plane ABC repre- 
sents the geographical meridian and DBC 
the magnetic meridian. Let BR represents, 
in direction and magnitude, the total mag- 
netic intensity J at a place B, and BE and 
BF represent the horizontal and vertical 
components of Jin magnitude and direc- 
tion. The horizontal component H — I cosó 

Fig. 71 and the vertical component V=J sin ô, 
where J is the resultant intensity and à the angle of dip. Thus, we have, 
H? — I? cos? ô, and V? =I? sin? ô. 


H? + V? -[*(cos* ô+ sin? 5) -I* ; I= JH?+V? AAT) 
V lsin 
and H "Ics 3 -tan 5 Ju ux O y 


68. The Directive Couple of the Earth :—The action of the 
earth’s field on other magnets is simply directive. This can be shown 
experimentally as in Art. 46, by placing a magnet on a cork and float- 
ing it on water contained in a large vessel. It will be noticed that the 
cork turns round until the needle is in the magnetic meridian. There 
is no tendency of the magnet to move bodily towards the side of the 
vessel. Therefore, the earth’s horizontal force, which is acting on the 
magnet, is directive only. 

The action of the earth is unlike the acücn exhibited by other 
magnets. This may be explained by the fact that the magnetic poles 


> 
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of the earth being at very great distances from the poles of a magnet 
(as the size of the earth is very large in comparison with that of the 
magnet), the distances of both the poles of the magnet from either 
pole of the earth may be considered to be equal. In other words, the 
resultant forces acting on the two poles of a magnet are equal and 
opposite, and hence form a couple directing the magnet to the magne- 
tic meridian. 

69. Determination of the Magnetic Meridian :—{i) By a Bar- 
Magnet.—A bar-magnet is suspended horizomally over a table by a 
slip loop and unspun silk-fibres (Fig. 72). A short piece of fine wire 
is attached by wax at the middle of each end of the magnet so that 


‘the wires are vertical in this suspended position of the magnet. When 


the magnet is at rest, two 
brass pins A, A’ are fixed 
vertically on the table 
against the two ends such 
that the pins and the two 
fine wires appear to be in 
the same straight line. 
The magnet is then turned 
upside down in the same 
loop, and two more pins 
ae bd Dn e Fig. 72—Determination of Magnetic 
cases, the magnetic axis Meridian. 

of the magnet lies in the magnetic meridian. In all probability the 
line joining the fine wires at the ends of the magnet does not lie on 
the magnetic axis. In that case, in both positions of the magnet, this 
line must be equally inclined to the magnetic axis. Therefore, the 
straight line bisecting the angle between the lines AA’ and BB’ Tepre- 
sents the magnetic meridian. 

It should be remembered that, strictly speaking, the magnetic 
meridian at a given point is not a /ine of definite direction, but an 
imaginary vertical plane passing through the magnetic axis of a freely 
suspended magnet placed at the point of observation, i.e. it is the 
imaginary vertical plane through the above bisecting line which gives 
the magnetic meridian at the place. » 


Magnetic Axis of the Magnet.—To determine the magnetic axis 
of the magnet, it is again suspended in the same loop and allowed 
to come to rest. A line is then drawn on the face of the magnet in 
the same vertical plane as the straight line representing the magnetic 
meridian. This line on the face of the magnet indicates the direction 
of the magnetic axis. 

(ii) By a Magnetised Steel Disc.—The above method applies 
both to symmetrical and unsymmetrical magnets. If a magnet has 
consequent pcles, or is otherwise irregularly magnetised, the resultant 
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pole of the magnet may be far out of the centre line of the bar, as 
assumed in the case of symmetrical magnets. 

The same method of finding the direction of the magnetic axis is 
also applied in the case of a magnetised steel disc. Mark one of the 
diameters of the disc as a reference line and suspend it in a suitable 
carrier, Draw a line on a sheet of paper attached to the table just 
‘below the disc exactly under the reference line when the disc comes 
to test. Now invert the disc and draw a second line as before. The 
line bisecting the angle between the two lines is the magnetic meridian 
line, and a !ine drawn on the disc exactly over the meridian line is the 
magnetic axis of the disc. 


N.B.—It should be noted that the same method can be applied for 
the determination of magnetic meridian, or magnetic axis, even if the 
bar-magnet, or the magnetised disc, be enclosed in a wooden box. 


70. Determination of the Declination of a Place :—To determine 
the declination at any. place it is necessary to determine both the 
geographical and magnetic meridians at the place. The determination 
of the magnetic meridian has been explained in Art. 69. The deter- 
mination of the Geographical meridian involves careful astronomical 
observation, but a simple method of doing this is as fcllows— 


Expt.—Fix a straight rod about one foot long vertically on a level 
ground where the sun can shine. Observe the direction and the length 
* of the shadow about an hour or two before noon. Describe a circle 
round the rod with the rod as centre and the length of the shadow as 
radius. Mark the direction of the shadow again in the afternoon when 
the shadow is of the same length, and touches the circle. The line 
bisecting the angle between these two marked directions of the sha- 
dows is the true north and south line and the angle between this line 

and the magnetic meridian line gives the declination of the place. 
It should be noted that in all places the magnetic and geographical 
meridians are nearly coincident and, therefore, careful observations 

, are necessary for their determination. 


71. The Dip at a place :—If a magnetic needle be freely sus- 
pended at its centre of gravity by a silk-fibre, the angle which the 
magnetic axis of the needle makes with the horizontal line passing 
through its point of support measures the inclination or dip at a given 
place. The direction taken up by the magnetic axis of the needle, 
represents the direction of the total magnetic intensity of the earth 
at a place. 


A magnetic needle which is perfectly freely suspended at its centre 

of gravity will no doubt show the dip at a place, but the practical 
* difficulty with such a device is with regard to the mechanical support 
which must influence the angle at which the needle will set..If, however, 
the needle is mounted on an axle (passing through the C. G. of the 
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needle) resting on hórizontal knife-edges, it will rotate in the vertical 
plane, and if this plane is made to coincidewith the magnetic meridian 
at the place, the inclination of the needle to the horizontal will give 
the dip. Such a needle is called a dip needle. 

Measurement of Dip.—The dip at any place is determined by means 
of an instrument called the Dip-circle (Fig. 73). The dip-circle consists 
of a magnetic needle AB mounted on an axle which rests horizontally 
on two agate knife-edges and can rotate in the plane of the vertical 
circle S, which is graduated in degrees, 0*—0* being on horizontal line 
and 90°—90° on the vertical line. The needle and the scale are 
enclosed in a glass case, which can te rotated about a vertical axis, 
the angle of rotation being indicated by a pointer P moving on a 
horizontal graduated circle E. The instrument is supported by three 
levelling screws, by which levelling can be done with the help of a 
spirit level fixed on the base (not shown in the figure). 

Suppose the Dip-circle is not in the magnetic meridian ABCD, 
moreover, it is in the plane AEFD, making an angle X, to the magne- 
tic meridian. Let the apparent dip be e. 

If the horizontal intensity, H be resolved along AE, then this 
component is equal to H cos «, but 

He=tane .. V/H cos «tan $, 

if 4=90°, cos « —0 ; or, tan $ oo ; OF, $=90°, 

Hence, if the needle NS of the Dip-circle be vertical ($ =90°), then 
plane of the needle is at right angles (x = 90°) to the magnetic meridian. 
This is the principle of working of the instrument. 

In determining the dip, the instrument is first levelled and the 
case is then turned until the needle is 
vertical, i.e. points to 90° on the vertical 
scale. In this position the needle is acted 
on only by the vertical component of the 
earth’s field, and so the plane of the needle 
must be at right angles to the magnetic 
meridian. The position of the pointer B 
on the horizontal scale is noted and the 
case is rotated through 90* from the 
position. The plane of the vertical circle 
is now in the magnetic meridian and the 
needle points along the direction of the 
carth's; resultant magnetic field. The 
angle (read on the vertical scale which the 
axis of the needle makes with the horizontal 
line i.e. zero degree line) gives the value of 
dip at the place. 

Errors in a Dip-circle.—The readings 
obtained. As explained above may not be i 
accurate, as allowances must be made for Fig. 73—The Dip-circle. 
the following errors :— 
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(1) Error of Eccentricity.— The axis of rotation of the needle may 
not pass through the centre, O, of the vertical scale (Fig. 74). To 
correct this error, the readings of both the endsofthe nezdle are to be 
taken because as evident from Fig. 74(i), the reading of one end of the 
needle (y in the figure) is greater than the true reading and that of the 
other end smaller by the same amount. 


(2) Error of Zero-Zero Line.— The zero-zero line of the vertical 
Scale may not be truly horizontal. To eliminate this error, turn the 
scale through 180° and again read both the ends of the needle. In the 
original position if the 0—0, the line be along OO [Fig. 74(ii)] whereas 
the horizontal line lies along HH the readings will be different at the 
two ends of the needle. When the scale is turned through 180°, the 
0° —0? line takes up the position O"O" and the new readings at the two 
ends of the needle together with the former two will give a correct 
mean value of dip. ; 


(3) Error of Magnetic Axis.— The magnetic axis of the needle 
may not coincide with its geometrical axis. As the apparent reading 
recorded by the needle is decided by the position of its geometrical 
axis GG, so if the magnetic axis be along n's', the records of dip will 
be smaller than the actual values [Fig. 74(ii)]. To correct for this 
error reverse the needle on its bearings and repeat observations (1) and 
(2) when the magnetic axis will be along ns. The mean of the readings 
will give the actual dip. 


Fig. 74. 


(4) Error of Centre of Gravity,—The axis of rotation may not 
pass through the centre of gravity of the needle ; so a small couple G 
due to gravity may cause the needle to turn from its position of true 
dip and the readings may be either greater or smaller than the true 
value according to the position of the C. G. [Fig. 74(iv)]. To correct 
for this error, remagnetise the needle in the opposite direction to the 
same strength, so that the end which dipped downwards previously 
now turns upwards, and repeat the above eight observations. 
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The mean of the above sixteen readings gives the true dip. In a 
properly constructed instrument, the individual readings should not 
differ by more than a degree from the mean. 


The following are thé magnetic declinations, inclinations, and 
horizontal intensities at different places— 


inati Horizontal 
Poets Inclination i 
Place Declination (a) or Dip (2) Mr in 
Bombay O^4l^E 24?2l'N 0:3648 
Calcutta 0^33/E 30*59'N 0:3725 
Madras 0"10'W 34?3T'N 0:3690 
Delhi 2^02'E 40956'N 0:3400 
Paris 13°31 W 64°40 N 0:1972 
Greenwich 14°18 W 66°54 N 0:1850 
New York 10°14’ W 72°13'N 0:1822 


72. Absolute determination of the horizontal intensity H, the 
vertical intensity V, and the total intensity I :— 


(a) Determination of H.—The method consists of two parts as 
explained in Art. 64. In the first part, a bar-magnet is placed on the 
arm of a deflection magnetometer at the tan A-position. Finding the 
mean deflection 9 of the needle, the ratio M/H is determined from the 

: (43 il?) ; 
relation, M/H = ~z tano [vide Art. 54 (a) ] hes (1) 


The ratio M/H may as well be determined using the tan B-position 
[vide Art. 54 (ii) ]. 


In the second part of the experiment the same magnet is suspended 
in the stirrup of an oscillation magnetometer and the time period 1 of 
| a vibration of the magnet is experimentally determined (Art. 58), from 
| which the value of MH is obtained using ‘the relation, 


4z*I, 


MH=——-, (with usual notation) —.. —.. (2) 
M 2x ad da 
Dividing (2) by (1), Haggi-ny X Arg nt 
i Thus knowing t, d, l, Im and 0, H may be found. The determina- 


tion involves only measurements of length, mass, and time and hence 
called an absolute determination, 2 
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(b) Determination of V.—The vertical component V may be 
determined from the relation V/H=tan à, Art. 67, from which V=H- 
tan ô. 


Thus it also involves two measurements, those of H and 5 (the dip) 
at the place where V is required, ô is determined with the help of a dip 
circle as explained in Art. 71. 


(c) Determination of I.—The total intensity is obtained from the 
relation, Ie JH*+V* (vide Art. 67), H and V being determined as 
explained above. 


- 43. Changes in the Values of the Magnetic Elements :—The 
magnetic field of the earth at any place is not constant but js subject 
to changes which may be classified as follows— 


(1) Secular Change.—The magnetic elements undergo a gradual 
cycle of changes which extend over a long interval after which they 
return to their original values. These changes are relatively large and 
take place steadily. 


(2) Annual Change.— Such changes are periodic and the. value of 
an element varies gradually between a maximum value and a minimum 
value in course of a year. As an example, suppose the declination at 
a place attains the maximum value in February and the minimum 
value in August every year. 


(3) Daily Change.—A periodic change extending over 24 hours in 
the value of an element is also noticed. An element reaches the 
maximum value at some hour of the day and the minimun value at 
some other hour, characteristic of the element. 


(4) Magnetic Storms.—It has been found that during volcanic 
eruptions, display of Aurora Borealis, appearance of sun-spots, etc. 
sudden and violent changes occur in the indications of recording ins- 
truments measuring the magnetic elements. These changes are said 
to be due to magnetic storms. They are obviously non-periodic. 


Example.—The value of the angle of dip at a place (A) is 45° and the total force 
of the earth's magnetism is 0:536 Gauss. At another place (B) the dip is 60* and 
the total force is 062 Gauss. At, which place will a compass needle oscillate more 


rapidly ? 
Ans. The horizontal component of the earth's field, H—1 cos 5 
At A, 1=0'536 ; 3=45°; H=Ha; s. Ha=0'536x cos 45° 


de zo 
=0'536x Larran Gauss. 
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AB, deo; 8-60";  H= Fo; i 
Hy 0°62 x cos 60°=0°62x 1 - 031 Gauss. 
Now, H = m^, i.e. in a stronger field the number of oscillations of the needle per 
unit time will be greater. and hence the time for one oscillation ¢ will be smailer, or, 
in other words, the needle will vibrate more rapidly. 


Here Ha is stronger than Hp ; so the needle will vibrate more rapidly at A. 


.74. Determination of the angle of Dip without bringing the Needle 
into the Magnetic Meridian.—The angle of dip can be determined 
by observing the apparent angles of dip taken ip any two vertical 
planes at right angles to each other. 

Let 4, be the angle of the dip, i.e. the angle of inclination of the 
magnetic axis with the horizontal, in a 
plane O4 making an angle 6; with the 
magnetic meridian OK, and ós be the 
apparent angle of dip in another plane 
OB at right angles to the plane OA 
(Fig. 75). Let V and H be the vertical oé- 
and horizontal components of the earth’s 
field. The component of H along OA 
is H cos 0, and along OB is H cos 6». 
The vertical component V is the same 
for both the planes. So, we have 
[vide Art. 67], Fig. 75 


A 


8) 


PY eeseccecteca cce, 


V 

an ó17 „and tan às — n = "- 

tan ó: 7 3r cos 64 ETER But cos 62 = cos (90 01) 
=sin 0a. .. cot js 2 oe 95, and cot 4, = Sy ; 


2 2 2 cin? 2 
emer DUM 


But if 4 be the true dip in the plane of the magnetic meridian, i.e. 
x d 
in the plane OK, cot ó =o. s. cot*ó d bı cot? às. 


Thus, knowing 51 and, in any two planes at right angles to each 
other, the true dip 6 can be calculated. 

Example.—In an experiment for finding the value of dip at a place it is. 
observed that apparent dip in one plane is 30° and that ina plane at right angles to 
the first plane is 20°. Calculate the true dip at the place. (at 1927) 

at. 


Ans. [5 be the true dip, cot^ó - cot^5,— cot’, 
= cot? 20°+cot® 30°= (275) 4:173)! 7:56254-2'9929= 10:5554. 
cot ô= 4105554 3:25. 
Reference to a table of natural cotangents will show: that the angle whose 
cotangent is 325 in 17^6' nearly. < True dip 176 (nearly). 
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Isoclinic Liges, or Lines of Equal Dip. (For the Epoch 1922.) 


Fig. 77 
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75. Magnetic Ma :—The values of the magnetic elements at 
different places are different, and magnetic maps have been drawn by 
joining those places on the geographical maps in which a magnetic 
Mer has equal values. In magnetic maps we have the following 

ines— à 

(i) Isogonic and Agonic Lines.—/sogonic Lines (Fig. 76) are lines 
joining places on the map ofthe carth where the declination is the 
same. Agonic lines are thos: which pass through places having zero 
declination. 

(i) Isoclinic and Actinic Lines.—Isoclinic lines (Fig. 77) are lines 
joining places on the map of the earth where the magnetic dip is the 
en. A line passing through places having no dip is called an aclinic 

ine. 

The dip of the places situated on the magnetic equator (not the 
geographical equator) is zero. So the magnetic equator is a line of 
no dip. At the two magnetic poles the dip-needle points in a vertical 
direction, so the dip is 90°. Starting from the magnetic equator, the 
dip will go on increasing both towards the north pole and the south 
pole ; but towards the north, the north pole of the dip-needle dips. 
downwards and towards the south, the south pole dips downwards. 

(iif) Isodynamic Lines.—These lines join up places on the map 
of the carth where the value of horizontal intensity is the same. 

In addition to the above /ines, there are as well other lines on the 
terrestrial magnetic map known as DUIS lines which are lines of 
pups longitude. These lines indicate the direction of the magnetic 
meridian. 


divided into 90 equal parts. Through each such point of division a 
circle has been drawn round the earth's surface parallel to the great 
circle of the magnetic equator. These circles are known as the 
geomagnetic 


76. The Ship's (or Mariner's) Compass + This is an invaluable 
instrument (Fig. 78) to mariners for, determining the directions in 
which to guide the course of their ships. 

It consists of a magnetised needle attached underneath a circular 
card which turns with it and the circumference of which js divided 
into thirty-two directions, called the points of the compass. 

The N-S direction on the card is marked along the axis of the 
needle. To distinguish the N-pole it is crown-marked. 

The needle with the direction-giving card on it rests horizontally 
on a vertical pivot fixed to the base of a hemispherical bowl BB. It 
is, edsential to provide the instrument with a contrivance so as to keep 
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the needle always horizontal irrespective of any movement of the 
supporting base caused by 
the rolling of the sea. The 
contrivance is called a 
Gimballs arrangement, 
What is done is that the 
bowl is suspended inside an 
outer ring A at two dia- 
metrically ope. points 
about which it can freely 
turn, while the ring, on its 
px Mor prone At ints K and L about which it has every fi 
iametrically o| te points K à about w! t rec- 
dom to em rn two axes of rotation being mutually perpendicular 
to each other. 

To find the geographical north at a place on thessea, the declina- 
tion of the oles is first determined by referring to the Nautical 
Almanac. If it is o° fi cere that the crown mal lies &* to the 
west of the true North. 

For reliability of the indications of such an instrument, 
nence of magnetisation of the magnetic ; steadiness of. the sys 
tem under violent vibration, alignment o the N-S direction marked on 
the card with the magnetic axis of the needle, and quick damping of 
any oscillations imparted to the needle must be secured, In order 
that these conditions may be fulfilled, the u- should be 
of short length, I e magnetic moment, ‘should have a 
and should quickly damped, n the 
conditions have been sought to be fulfilled by the use 
small parallel needles sus from an 
as the carrier of the card. In the liquid compass, the oscillations of 
the needle are quickly damped because the needle a 
fluid which is a mixture of water and alcohol. 


: 
g 
2 


the earth have been neutralised. Sometimes hollow spheres of soft-iron 
are also suitably placed near the needle for exact compensation, 


Questions 
L How would you prove that the earth is a magnet ? cv. 196 Al. 190 
2. Give a short account of the earth's magnetic Geld, (Dac. 19. 
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3. What are the magnetic elements of a place ? Briefly describe a method of 
finding each of them. (Pat. 1930 ; cf. '32, 36 ; Utkal, 1948 ; All. 1946) 


4. A magnet makes 12 oscillations per minute at a place A where H—0:32 
Gauss. It is found to require 4 secs. per oscillation at another place B. If the angle 
of dip at the second place Bis 45°, calculate the vertical intensity of the earth’s 
field at B. (Nag. U. 1952) 


[Ans.: 0:5Gauss] 


5. Find the magnitude of the couple required to keep a magnet of pole strength 
5 units and length 8 cms. (free to turn ina horizontal plane) at rt. angles to the 
magnetic meridian at the place where the total intensity of the earth’s field is 0'5 
Gauss and the angle of dip is 60°. (R. U. 1955) 


[4ns.: 10 dyne-cms.] 


6. Show how from a knowledge of the horizontal component of the earth’s field 
and the dip, the total intensity of the earth’s magnetic field at any place is 
calculated. k (Pat. 1941) 

7. The apparent dip at a place in a plane 60? away from the magnetic meridian 

is 45° and the total intensity of the earth's field is 046 c.g.s. units. Explain clearly 
what are meant by.the terms and the figures in the above statement. Calculate also 
the true dip at the place. (Pat. 1934) 


[Hints.—V/H cos 60°=tan 45° .*. tan ¢=tan 45? x cos 60° ; or, d= tan! } ] 


8. At A the total magnetic intensity is 0-5 and the angle of dip is 63° while at 
B the total intensity is 0'55 and the angle of dip is 72°. Compare the horizontal 
intensities at the two places. (cos 72? —:3090, and cos 68° —0:3748) 
[Ans.:, H: H2 11:1) 


9. If the horizontal component of the earth’s field is 0°36 c.g.s. unit and the dip 
is 42° at a certain place. What is the total intensity of the earth's field at that place ? 


[4ns.: 049 c.g.s. units. (Utkal, 1953) 


10. Ata place A, the total magnetic intensity is 0'98 Gauss and the dip is 45? ; 
at another place B, the tocal intensity is 0'5 Gauss and the dip is 60°. The time 
period of a magnet vibrating horizontally at 4 is 3 seconds. What is the time 
period at B? : 

(Pat. 1945) 


Ans.: 5 secs.] 


11. What is the earth’s horizontal intensity 2 Explain what observations are 
necessary for the determination of total intensity of the earth's magneitc field at any 
given place, (U. P. B. 1954 ; C. U. 1947 ; Utkal, 1947) 


12. The vertical component of the earth’s magnetic field is 0°32 c.g.s. unit ata 
place. The dip at the place is 45°. A bar-magnet of magnetic moment 1000 c.g.s. 
units and moment of inertia of £000 c.g.s. units is allowed to oscillate in a horizon- 
tal plane. Find the period of its oscillation. (Bomb. 1952) 


[Ans.: 314 secs.] 


13. Prove that the earth’s action on a magnet is simply a directive one. 
(C. U. 1928) 


14. A bar-magnet is provided to you such that its poles are not in the axis of 
symmetry. Show how you will use it to determine the magnetic meridian. 
(Pat. 1928 ; cf. Pat. 1930 ; cf. C.U. 1942) 


15. Describe an experiment for determining the magnetic axis of a magnet fixed 
inside a flat rectangular wooden box without opening the box. (Pat. 1943) 
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16. Describe a dip-circle. How will you use it to determine the magnetic 


inclination at a place ? (Pat. 1927, '37, 39, '40, '41, '48 ; All. 1931) 
Mention the errors that may arise and explain how they can be eliminated. 
(Pat. 1948) 


17. What are the magnetic elements of a place, and how are they related to 
each other ? 


How would you measure the ‘angle of dip’ at a place correctly? (R: U. 1950) 
18. What do you mean by ‘H’ of.a place ? , How will vou determine it in the 
laboratory ? (G. U. 1953 ; R. U. 1951 ; East Punjab, 1953 ; Del. H. S. 1953 ; 
‘Nag. U. 1951 ; U. P. B. 1951 ; Bomb. 1959, '51 ; And U. 1952) 
19. Describe in detail with theory how to determine the horizontal component 

of the earth’s magnetic field. Explain the sources of error of the experiment. 
(Utkal, 1953 ; Del. U. 1951; Del. H. S. 1950 ; cf. R. U. 1954 ; Nag. U. 1955 ; 
Poo. U. 1953) 
20. Whatare meant by the terms: (a) magnetic equator, (^) isogonic lines ? 
A dip-circle is placed so that the needle sets vertical, The circle is then rotated 
through 0 about the vertical axis and the dip as measured in this position is found 


to beo. Find its true value. (C. U. 1945) 
[Ans. tan xsin 0.] 
21. Write a short note on Terrestrial Magnetic Lines. (Bomb. 1948) 


22. What is Mariner's compass and how is it used ? 


PART VI 
STATICAL ELECTRICITY 


CHAPTER I 
Fundamental Ideas 


1. Electrification by Friction —Many substances such as glass, 
ebonite, sealing-wax, resin, etc; when rubbed with silk, flannel, catskin, 
or other suitable materials, acquire the property of attracting light 
bodies like bits of paper, pieces of pith, etc. The substances in such a 
state are said to be electrified, or to possess electric charges, or they 
are simply called charged bodies. 

The electricity so produced by friction is called Frictional 
Electricity. It is called Statical Electricity, when it does not move 
from one place to another in the substance in which it is producéd. 
The study of the properties of electrified bodies on which the electric 
charge is at rest forms the subject-matter of a branch of Physics called 
Electrostatics. 

2. Two kinds of Electrification :—If a pith-ball is suspended by 
means of a silk thread, and if a dry glass-rod is rubbed with silk and 
then held near the pith-ball, the pith-ball is attracted by the glass-rod, 
touches it, and is then repelled by the rod. If the glass-rod now 
approaches the pith-ball, the pith-ball will move- farther away instead 
of being attracted. If another pith-ball is similarly suspended, and 
if a rod of sealing-wax, rubbed with a piece of flannel, is held near 
it, the pith-ball is attracted by the rod, touches it, and is then repelled. 
If now the glass-rod is held near the second pith-ball, it attracts the 
pith-ball, and, if the rod of sealing-wax is held near the first pith-ball, 
it also attracts the pith-ball. This experiment clearly indicates that 
the charge of the first pith-ball received from the glass-rod rubbed with 
silk, is different in nature from that of the second pith-ball received 
from the sealing-wax rubbed with flannel. The repulsion of the first 
pith-ball by the glass-rod and the second one by the rod of sealing- 
wax show that similar electrical charges repel each other; while the 
attraction between the charged glass-rod and the second pith-bàll 
* which received charge by contact with the rod of sealing-wax rubbed 
with flannel show that dissimilar charges attract each other. Thus we 
have the following fundamental Law of Electrostatics— 

Two bodies with like charges repel each other and with unlike 
charges attract each other. 1 

The kind of electricity or charge generated on glass by rubbing 
it with silk was called, by the ancients, vitreous, and that generated 
on sealing-wax when rubbed with flannel was called resinous. 
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These names are now obsolete. Now-a-days the vitreous electricity is 
called positive, and the resinous negative. 5 


with another, depends on the natures of the two materials concerned. 
A list of substances is given below where the substances have been 
arranged in such a way that any of them becomes positively charged 
when rubbed with another coming later in the list, which is negatively 
charged : 


Fur Glass Wood Amber 
Flannel Paper Metals Sulphur 
Shellac Silk India Rubber Ebonite 
Sealing-wax Human body Resin Gutta percha 


3. Conductors and Non-Conductors (or Insulators) :—A charged 
pith-ball suspended by silk retains its charge for a long time. But if 
the pith-ball were suspended by a copper wire, it would lose its charge 
as soon as itis given. Ifa glass-rod held in the hand is rubbed with 
silk, it is electrified only in the portion it is rubbed ; while a brass-rod 
when similarly treated, shows no sign of electrification. In the first 
case, the silk thread is a 'non-conductor or insulator so it does not 
allow electric charge to pass through it ; while the copper wire is a 
good conductor and conducts away the electricity quite readily. 
Similarly, in the second case the glass being an insulator does not 
conduct away the electricity developed by friction, and so the charge 
remains locally where it is produced ; but in the other case brass being 
a conductor the electricity developed on the brass-rod at once escapes 
to the earth through the human body which is a conductor. If the 
brass-rod is fitted with glass or ebonite handle it will be strongly 
electrified by friction and will retain the charge for quite a long time. 

The best insulators are mica, glass, ebonite, sulphur, shellac, 
paraffin, sealing-wax, silk, oil, dry air, etc. The best conductors are 
the earth, silver, copper, etc. There is however, no sharp line of 
division between the two classes, for example, there are some subs- 
tances like wood, paper etc. which are semi-conductors or partial 
conductors. In the universe no material can be said to be a perfect 
conductor or a perfect insulator. 

The earth and specially the moist portion of it, acts like a huge 
conductor. An electrified body which is to be discharged is connected 
with the earth and she body is said to be earthed. 


4. Electroscopes :— Pith-ball Electroscope and Gold-leaf Electro- 
scope :—The electroscope is an instrument for detecting the presence 
of electricity and also for determining whether the charge on a body 
is positive or negative. There are two common types of electroscopes : 
(a) Pith-ball electros-ope, and (b) Gold-leaf electroscope. 

(a) The Pith-ball Electroscope.—T his Electroscope simply consists 
of a pith-ball (preferably gilded) suspended from a support by a single 
silk fibre (Fig. 1). 
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(i) Detection of Charge.—An uncharged pith-ball is brought near 
the body under examination. If the pith-ball is first attracted and 
then repelled after touching the body, the body is 
charged. The repulsion is due to the same kind of 
charge acquired by the pith-ball after contact with 
the body. The bali may be charged with a known 
Kind of electricity in this way. i 

(ii) Detection of the Nature of charge.—Let a 
positively charged pith-ball be brought near the body. 
If there be repulsion, the charge on the body under 
examination is positive, but if there be attraction, 
the body may be either uncharged or negatively 
charged. Whether the body is a chagred one or 
uncharged, that is determined by the first method. 


(b) The Gold-leaf Electroscope.—The Gold- 
leaf Electroscope is a more sensitive instrume nt 
than a Pith-ball Electroscope. It is used for the 


BERE" detection of a charge and of its nature. It is, 


troscope. therefore, very commonly used. It consists of 
two gold leaves L, L attached to the two sides of 
the lower end of a metal rod R (Fig. 2). The rod passes through an 


insulating stopper S, usually made of amber, 
paraffin, or sulphur fitting into the neck of a 
glass vessel B, which protects the leaves from 
the disturbing effects of air-current and mois- 
ture. The rod terminates at the top in a metal 
disc or knob C (which is often provided with 
a binding terminal 4). The delicacy of the ins- 
trument is increased by pasting two strips 7, 7 
of tin-foil on the inside of the glass vessel just 
opposite to the gold-leaves. The tin foils begin 
from the level of the gold-leaves and pass down 
to the metal base of the instrument and are 
thus connected with the earth. These strips 
make the instrument more delicate the utility 
of which will be fully understood after study- 
ing the principles of electrostatic induction and 
potential. In'order to keep the air dry, a small Fig. 2—Gold-leaf 
vessel, containing calcium chloride or pumice Electroscope. 
stone soaked in strong sulphuric acid, should be placed inside the 
instrument. The charges of the leaves otherwise tend to leak through 
the surrounding moist air which is conducting. If a suitable scale 
is provided to measure the divergence of the leaves the instrument 
is generally called an electrometer. 


A type of sensitive electroscope, shown in Fig. 3, is also often 
used in the laboratory. It consists of a metal ring T mounted on an 
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insulating stand P. A brass-rod R passes through an insulating plug S 
fixed to the top of the ring. The rod is provided with a thin metal 
leaf L attached to it near its lower end and a small metal ball C forms 
a knob screwed to its upper end. Two glass covers are laid on the 
two faces-of the ring and thereby the instrument is protected from 
disturbances of air-currents and moisture. 


Detection of Charge.—Slowly bring ‘the test 
body near the knob of the electroscope. If the 
body is electrified, the leaves of the electroscope 
(Fig. 2) will diverge. 1f the electroscope in 
Fig. 3 is used, the leaf L will diverge from 
the fixed rod R. 

Examination of the Nature of charge.—Take 
an insulated brass-rod, which is electrified, say, 
negatively by rubbing it with a piece of silk, 
or flannel.. Slowly bring this charged rod 
towards the knob of the electroscope when the 
eluctroscope will show a divergence. Finally 
touch the knob of the electroscope with the 
charged rod. The divergence will now be the 


greatest. Remove the charged rod. The leaves Fig. 32 
still will remain diverging from each other, ik Senaliive 
showing that the electroscope is now charged, Electroscope. 


and the charge on the electroscope being obtain- : 
ed by contact with a negatively charged body is negative. The electro- 
scope, in the case, is said to be charged by conduction. * 

Next slowly bring the test body near the knob of the electroscope. 
If due to this the initial divergence begins to increase, the body is 
similarly charged, i.e. negatively charged in this case. If however, 
the divergence diminishes, the body is either positively charged or 
simply uncharged. To ascertain which is the case, discharge the 
electroscope by touching the knob of it with the hand when the leaves 
will collapse. Again present the test body to the knob of the electro 
scope ; if now the leaves diverge, the test body has a positive electri- 
fication. If the leaves are unaffected, the body is'uncharged. 


5. Repulsion is a Surer Test of Electrification :—A charged 
gloss-rod is presented to a suspended pith-ball. Suppose the pith-ball 
is attracted to the glass-rod. From this it cannot be concluded that 
the pith-ball is electrified with opposite charge. For, a charged body 
can attract an uncharged body and also a body charged with opposite 
kind of electricity. So, only by attraction it cannot be definitely said 
whether the second body is charged or not. If, however, the pith-ball 
is repelled, it can be concluded at once that it carries the same kind 
of charge as the glass-rod, because repulsion is possible only between 
two bodies charged with the same kind of electricity. Hence repulsion 
is a surer test of electrification. 
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6. Simultaneous Development of Equal and Opposite kinds of 
Electricity.—Whenever a charge of one kind of electricity is produced 
by friction, an equal quantity of electrical charge of the opposite kind 
is also produced at the same time. Thus, when glass is positively 
charged by being rubbed with silk an equal quantity of negative charge 
is developed on the silk. This is clearly verified by the following 
experiment— 


Expt.—A flannel cap having a long silk thread attached to it is 
fitted on an ebonite rod (Fig. 4). The rod 
is then rubbed round by the cap several 
times. The rod and the cap together, 
when presented before an uncharged gold- 
leaf electroscope, will produce no diver- 
gence. The cap is then separated from 
the rod by means of the silk thread and 
presented before a positively charged 
gold-leaf electroscope. The divergence 
4 " increases, showing the charge on the cap 
Fig. 4 to be positive. Now, on presenting the 
rod before the electroscope, the divergence 
diminishes showing the charge of the rod to be negative. The two 
pieces, the rod and the flannel cap, are thus both charged, while the 
two together behave as neutral This means that by friction equal 
charges of the opposite kind are produced on the substances rubbed. 


7. Jheories of Electricity :—From time to time various theories 
have been put forward by different scientists for explaining the known 
electrical phenomena. Of them (i) the Two-fluid Theory, and (ii) the 
One-fluid Theory came in succession, while the latest of them is (iii) the 
Electron Theory, which is now-a-days universally accepted. 


(i) The Two-finid Theory.—The theory originated from the work 
of Charles Francois du Fay, but was later developed by Robert 
Symmer. Robert Symmer envisaged the existence of two kinds of 
fluids having opposite nature corresponding to the two kinds of 
electrification, positive and negative. He thought that all bodies, in 
wnelectrified state, contain these two fluids in equal quantities whereby 
the effects are neutralised. When a: body is electrified, it gains a 
‘certain amount of one-fiuid and loses an equal amount of the other. 
So, when two bodies are rubbed, one gets electricity of one kind in 
excess over its normal quantity, while the other gets electricity of the 
other kind to an equal amount in excess over the normal quantity. 
This results in equal electrification of opposite kind in the two bodies. 


(ii) The One-fluid Theory is originally due to Sir William Watson, 
but it was developed by Benjamin Franklin, who first suggested 
terms, positive and negative, to denote the two kinds of electricity. 


——r m 
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According in this theory, electricity is a kind of indestructible, subtle 
and weightless fluid and a normal amount of this fluid is possessed by 
all uncharged bodies. A body containing more than the normal 
amount of this fluid is positively charged ; and if it contains less than 
the normal amount it is negatively charged. By the act of rubbing, 
the fluid is transferred from the body to another as in squeezing. 
The amount lost by one shows to be in excess in equal quantity on 
the other. Thus it also explains the equality of charges on the ruber 
and the rubbed. The essence of the theory, therefore, is that during 
electrification only one thing moves, unlike in the two-fluid theory, and 
that a state of electrification is due to an excess or deficit of that thing. 


(iii) The Electron Theory.—In recent years the existence of 
particles far smaller than the atom has been experimentally proved, 
It has now been definitely established that atoms contain as consti- 
tuents tiny particles, one kind of which is associated with a negative 
charge ; and it is beliéved that it is nothing but a minute particle of 
negative electricity.. This sub-atomic particle is called an Electron. 
Each electron has the same mass about }4,, of that of a hydrogen 
atom, the lightest known atom, and each is associated with the same 
negative charge, the value of which is 4:77 x 1071? electrostatic unit. 
This is the smallest quantity of electricity which has been found to 
exist by itself and the electric charges of all charged bodies are inte- 
gral multiple of this electronic charge. 


The atom consists of a „nucleus of positive electricity surrounded 
by a number of orbital electrons. These electrons revolve in definite 
orbits round the positive nucleus, much in the same manner as the 
Earth, Mars, and other planets revolve in their orbits round the Sun. 
The positive nucleus is formed of positively charged particles, called 
protons, and some uncharged particles, called neutrons, both of which 
are massive particles compared to the electrons. A proton or a neu- 
tron is as heavy as a hydrogen atom ; the former carries a positive 
charge equal to that of an electron while the latter is electrically neu- 
tral. As electrons are the smallest charges of negative electricity (i.e. 
477 x 1071? e,s.u.) so protons have also the smallest charges of posi- 
tive electricity. These three particles electron, proton and neutron, are 
regarded as the fundamental bricks with which all matter is composed. 
The difference of an atom of one kind from an atom of another is due 
to the number of these particles being different in the two. 

8. The Structure of an atom :—An atom consists of a central 
part, called the nucleus, about which a number of electrons, called 
the orbital electrons, revolve in the outer part of the atom, called 


the shell.* 


*]n view ofthe comparatively recent discovery of the wave nature of the 
sub-atomic particles, any attempt to form a picture of the atomic structure on 
the basis of their particle nature should be regarded as outmoded. But such a 
picture is necessary because the wave concepts are after all built up from the 


particle concepts. 
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(e) The Nucleus (or Core).—It is the central portion of the atom 
corresponding to the sun of the solar system. It mainly consists of 
units of positive electricity, called protons which are positively charged 
elementary particies, together with a certain number of embedded 
neutrons, which are also elementary particles, each having nearly the 
same mass as that of a proton, but are electrically uncharged. So 
the charge of the nucleus is positive. The nucleus is surrounded 
by the outer part of the atom, called the shell, in which electrons, 
equal in number to the protons in the nucleus, continually revolve. 
For a normal atom, the electric charges of the protons and ofthe 
electrons are equal in quantity ; so their resultant charge is zero. 
The nucleus in the case of a hydrogen atom has only one particle in 
it—a proton and no embedded neutron. It is rather special. A proton 
is even smaller in volume than the electron though, relatively, its 
mass is many times greater. ` 


'(b) The Shell.—It is the outer part of an atom and in it the elec- 
trons continually revolve round the nucleus in definite orbits. 

The number of these revolving electrons in a normal atom is the 

same as the atomic number of the element. Thus, in a hydrogen atom 

there is 1 electron and 1 proton 

'[Fig. 5(a)]; in the helium atom 

the nucleus consists of 2 protons 

©) ©) (—) and 2 neutrons, so there are two 

resultant positive units of charge 

in the nucleus. [Fig. 5(b), where 


(a) (b) a blank circle and a circle with 
Hydiogen Atom Helium Atom positive sign respectively denote 
Fig. 5 a neutron and a proton] and in 


the shell there are 2 external 
electrons ; in oxygen atom there are 8 protons together with 8 neu- 
trons in the nucleus and 8 external electrons, and so on. These elec- 
trons revolve round the positive nucleus in definite orbits with enor- 


mous speed, much in the same manner as planets do in their orbits 
round the sun. 


Atomic Weight and Atomic Number.—A proton or neutron, as 
already stated, is about 1840 times heavier than an electron. Itis 
obvious, therefore that the massive particles of an atom are all con- 
centrated in the nucleus and' that the weight of the electrons may 
be neglected compared to that of the protons and neutrons, when 
considering the weight of an atom of an element ; or, in other words 


the weight of an atom will be the weight of the protons and neutrons 
only. 


The atomic weight of an element is defined as the number 
which expresses how many times the weight of an atom of the 
element is greater than the weight of an atom of hydrogen. Since 
the simple hydrogen atom has only 1 proton in it, the atomic weight 
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of any other element will be given by the number of protons and 
neutrons in it, 


The atomic number of an element is defined as the number of units 
of positive electricity, i.e, protons present in the nucleus (which is also 
equal to the number of units of negative electricity, i.e. electrons 
moving in the. shell, when the atom is in its normal state) of an 
atom of it. 


If a table is prepared for the atoms of our known elements in 
increasing order of protons in their nucleus, starting with hydrogen 
which has 1 proton only in its nucleus, the position each atom occupies 
in the table has been found to be characteristic of the chemical 
properties of the atom ; or, in other words, the chemical nature of an 
element is determined by its atomic number. 


Stability and Physical Nature of the 'Atom—The atom is kept as a 
definite stable system by the electrical forces of attraction and repul- 
Sion between the different electrical units composing it. 


The atom is not of compact structure, the electrons, neutrons and 
protons inside it occupying only a small part of the total space of the 
atom. An English scientist has said that if we imagine the St. Paul's 
Cathedral to be the size of atom, the particles, of which atoms are 
formed, would be like specks of dust, which are practically invisible. 
Another has said that the size of an electron, relatively to that of an 
atom to which they are attached, may be compared as the volume of 
an airship to that of the earth. In short, the constituent particles of 
«n atom are exceedingly smal! compared to the atom as a whole. 


'9. Positively and Negatively Charged Bodies :—The rotating elec- 
trons of an atom may be dislodged from their orbits and passed from 
one atom to another. When, at any instant, an atom loses one or 
more of its electrons, it has an excess of positive electricity (it being 
neutral in the beginning) and it is said to be positively charged while 
an atom, which gets one or more electrons over its normal number has 
an excess of negative electricity, and is said to be negatively charged. 


Thus according to the modern view, when a glass-rod is electrified 

` by being rubbed with silk, all that is done is that some of the electrons 

are removed from the rod and transferred to the silk-piece. Thus, 

glass gets a deficit of electrons and is positively electrified, while the 
Silk-piece has a surplus and is negatively electrified. 


Similarly, in the case of the experiment described in Art. 6, the 
ebonite-rod gains ‘electrons from the flannel cap and is negatively 
charged, but the cap, having lost the same electrons, is positively 
charged to an equal amount. This explains the simultaneous develop- 
ment of two kinds of electricity positive and negative in equal quantity. 
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10. Conduction :—Electric Current etc. :—In solids, the positions 
of the nuclei. are more or less fixed and the electrons behave in two 
different ways in two different classes of solids. The electrons, moving 
in the outer layers of certain atoms, chiefly those of the metals, are 
only loosely bound to the atoms, and so may easily be detached and 
migrate to neighbouring atoms. The materials in which these so- 
called free electrons may easily migrate from one atom to another are 
called conductors, while substances, in which the electrons are strongly 
bound to atoms, and in which free movement of electrons within 
the interior of substances is seldom allowed, are termed insulators. 
Metals are good conductors. The earth is also a good conductor and 
forms a big reservoir of electrons, as the ocean is of water. A 
negatively charged conductor, i.e. a conductor with surplus electrons 
when connected with the earth, gives up its surplus electrons to the 
latter and bécomes neutral. Similarly, a positively charged conductor, 
i.e., a conductor short of electrons, when connected with. the earth, 
receives electrons from the earth and becomes neutral. The earth 
receives or loses electrons in: this way, but the earth remains unaffected, 
just as any gain of water during the rains, or any loss of water by 
evaporation during the winters or the summer has no appreciable effect 
on the level of water in the ocean. 


In Liquids, the electrons are generally bound to their nuclei.; so 
the liquids can conduct electricity only when their molecules are 
tonised (vide Ch. VI, Part VII). 


li. Electric Current and Electromotive Force :—If there is a 
force or pressure which can compel the movement of the free electrons 
in a conductor to a particular direction, there will be a stream of 
electrons moving in that direction, which is termed an electric current, 
and the force or pressure producing it is called an electromotive force 
(vide also Arts. 5 & 45, Part VII). 


12. Short Review of the Development of the Science of Electro- 
statics :—The Greek philosopher Thales of Miletus (about 600 B.C.) 
first noticed that when amber was rubbed, it acquired the power of 
attracting light bodies such as bits of thread, etc. What he próduced 
was electricity, as it is known to-day and his experiments in electricity 
are the earliest on record. For about twenty-two centuries, we do not 
know if any further advance in the subject was made. Then Dr. William 
Gilbert (1540—1603), a court physician to Queen Elizabeth and for 
sometime to James I, who is famous for his work on Magnetism, dis- 
covered that other substances, such as glass, sealing-wax, sulphur, and 
resin, if rubbed would also attract light bodies, He gave the name 
electrons to these substances from a Greek word standing for amber. We 
owe to the Hon’ble Robert Boyle (1627-1691) the word electricity as 
a pame for the charge generated on rubbed bodies. His book “On the 
Mechanical Origin of Production of Electricity”, published at Oxford 
in 1676 is the first book written on the subject. Gilbert gave the 


fp 
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name non-electrics to those substances which could not, when rubbed 
acquire the power of attracting light bodies, Że., those which could not 
electrify or be given a “charge of electricity”. He found the metals to 
belong to this group. It réquired a hundred years of slow and acciden- 
tal steps to correct Gilbert’s notions on metals. Stephen Gray (1696— 
1736) noticed in 1729 for the first time that electricity leaked away 
from a body if supported by a metal. He thus distinguished between 
conductors and non-conductors otherwise called insulators (Lat. insula 
—an island). He found metals to be conductors and silk to be a good 
insulator. Jean The’ophile Desaguliers ti 683—1744) did the next step. 
He showed that a metal mounted on an insulator could be electrified 
easily ; whereas, if a charged body was held by a metal, the charge 
leaked away through the metal. In other words, non-elecrtics of Gil- 
bert were conductors and the electrics were insulators. Gray’s disco- 
very of conduction made philosophers think of electricity as something 


. Which would flow. They began now to think of it as fluide. The next 


discovery in electricity is due to Charles Francois du Fay (1699—1739) ; 
a French man. He found electricity to be of two kinds and called 
them ‘vitreous’ and ‘resinous’, the former kind being produced on 
glass (vitrum) by rubbing with silk and the latter kind being produced 
on resin when rubbed with flannel. This gave rise to the two-fluid 
theory. His ideas were extended further by Robert Symmer, an English 
man, about 1759. Sir William Watson (1715—1787), an English 
scientist, next propounded the one-fluide theory. It was elaborated by 
Benjamine Franklin (1706—1790), an American scientist and statesman 
of Philadelphia. The names positive and negative as used in con nec- 
tion with electricity are due to him. He called vitreous electricity, 
positive electricity and resinous electricity, negative electricity. The 
modern view of electrification, known as the Electron theory, rests, 
on the experimental work of Sir J. J. Thomson, and the genius of 
Lord Rutherford of Cambridge, Prof. N. Bohr of Copenhagen, Prof. 
Millikan of America and others. 


Questions 


l. What do you mean by the statement that a body is electrically charged ? 
When you electrify a glass-rod -by rubbing it against flannel, what is the source 
from which electrical energy is obtained ? (Pat, 1924) 

2. Describe the eonstruction, and explain the use of a gold-leaf electroscope. 

(C. U. 1916, '22, '24, 27, 45, °52 ; Dac. 1933) 

3. Explain clearly the statement that repulsion is a surer test of electrification, 

4. How would you prove that positive and negative electrifications are pro- 
duced in equal quantities? (C. U. 1927, °35, 42, 744, °51, 752 ; cf. Pat. 1923, '32) 

Explain clearly, with reasons, the names given to these by the ancients. Why 
have these names been changed into ‘positive’ and ‘n egative’ ? (Pat. 1932) 

5. What is an electron? Explain with its help the phenomenon of electri- 
fication by friction or by induction. (cf. Vis. U. 1952, 54; C. U. 1932, 43) 

6. Describe the structure of atoms. Define electron, proton, nucleus, and in 
this connection state what is meant by conduction. 


CHAPTER H 
Electrical Induction 


13. The proof-plane: A proof-plane (Fig. 6) consists of a small 
metal disc P mounted on an insulating 
handle. It is used for testing the kind of 
electricity on a charged body. The proof- 
plane is held by the insulating handle and 
the metal disc is momentarily placed in 
: contact with the charged body. The disc 
Fig. 6—A Proof- is then removed and immediately present- 
ed before a charged electroscope for test- 
ing the nature of its electrification. 


plane. 


When a charged conductor is touched by a proof-plane it becomes — 


a part of the surface of the'conductor, and, when removed, it carries 
a part of charge of the conductor. Thus, it simply acts as a carrier 
of some small charge of the same nature as that of the charged body. 

14. Electrostatic Induction :—When ‘an insulated uncharged 
conductor is brought near a charged body, the near end of the con- 
ductor shows an opposite electrification and the far end a similar 
electrification. The electrifications so produced disappeared when the 
conductor is removed from the pre- 


sence of the charged body. Such A B c 
temporary electrifications of a con- (9 
ductor in which opposite charges 


are produced at the near end and X 

similar charges at the far end by Fig. 7 

the action of a neighbouring charge is known as the phenomenon of 
electrostatic induction. The separating medium between the charged 
body and the conductor may be air or any other insulator. 

In Fig. 7, an uncharged body is shown to be brought near a posi- 
tively charged body A placed in air. "The near end B will thereby 
be negatively charged and the far end C positively charged. 

To test the above facts, place the disc of a proof-plane against the 
end B and present it before a negatively charged gold-leaf electroscope. 
Observe that the divergence of the leaves increases which shows that 
the charge of the proof-plane, and consequently that at the end B of 
the conductor, is negative. Now discharge the proof-plane by touch- 
ing it with the hand : touch the end C of the conductor with it and 
bring it before a positively charged gold-leaf electroscope, when the 
leaves will diverge more, showing the presence of a positive charge on 


the proof-plane, and consequently on the end C of the conductor. It : 


can similarly be proved with the help of an uncharged electroscope 
that there is practically no charge at the middle of BC. 
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The charge on the body A which induces charges on the con- 
ductor BC is known as the inducing charge ond the charges, positive 
and negative, induced on the conductor BC are referred to as induced 
charges. 

The Opposite charge induced at the near end is called the bound 
charge, because it is held bound to the inducing charge by a force of 
attraction ; while the similar chargé induced at the far side is called 
the free charge. 

_ The phenomenon of induction was discovered by Stephen Gray and. 
this discovery was as important as his discovery of conduction. 

(a) Development of two Equal and Opposite Charges by Induction :— 
If a positively charged body A is brought near two insulated metal 
spheres B and C placed in contact (or connected by a wire), the nearer 
sphere B will be negatively charged, 


and the farther one C positively 
charged (Fig. 8). 1f the two spheres 
Band C are now separated in the © 


presence of the positively charged " 3 c 
inducing body A, then, on testing 
with a proof-plane and a charged Fig. 8 


electroscope, it is found that the nearer one B shows negative charge 
and the other C positive charge. If the spheres are then placed in 
contact and the combination is presented before an uncharged gold- 
leaf electroscope, the leaves do not diverge showing that there is no 
charge on the combination. This fact proves that the induced negative 
charge on B is equal to the induced positive charge on C. Further 
proof of this is furnished in Art. 19. 


(b) Explanation of induction by Electron Tlieory.—Every conductor 
contain a number of free or mobile electrons. When a positively 
charged body is brought near it, some electrons are attracted by it 
so that the near end of the conductor gets more of these electrons 
and so becomes negatively charged, while the remote end is left at 
a deficit by the same number of electrons and so becomes equally 
positively charged. When, however, the conductor is earthed in the 
presence of the positively charged body ; the shortage of electrons of 
the remote end of the conductor is made up by electrons coming from 
the earth. If now the earth connection is cut off, and the’ positively 
charged body, i.e. the attracting force, is removed the electrons of the 
near end which are no longer bound, are distributed over the whole 
surface and the conductor shows to be negatively charged. 1 


(c) Facts about Induction. 

(i) The two kinds of electricity positive and negative, are separa- 
ted by induction. 

(ii) Opposite kind of charge is induced on the near end of the 
conductor and similar charge is induced on the remote end. 
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(Hi) The two induced charges, positive and negative, are equal im 
amount. 

(iv) The induced charges are temporary : the induced opposite: 
charges neutralise each other when the inducing body is removed. ^ 

14(a). Induction preceeds Attraction :—When a charge is brought 
near an uncharged conductor, electric separation (separation of 
positive and negative charges) takes place in the conductor, and the 
charge opposite to that on the inducing body comes nearer to and like 
charge moves further away from the inducing charge. The attraction 
between the inducing charge and the induced opposite charge which is. 
nearer predominates over the repulsion between the inducing charge 
and the induced similar charge which is more distant and the net result 
is an attraction. But this attraction results from the prior creation of 
an opposite charge by induction. So, induction always precedes the 
attraction between a charged and an uncharged body. 


15. Charging a Gold-leaf Electroscope by Induction :—Suppose 
a negatively charged rod is brought near the disc of an uncharged gold-- 
leaf electroscope. Induction takes place ; the disc acquires a positive: 
Charge, and the lower part of the metal rod and leaves acquire nega- 
tive charge ; the leaves consequently diverge with negative electricity 
[Fig. 9(a)]. If now keeping the charged rod in position, the disc is 
touched momentarily with the finger, the free negative charge of the 
leaves escapes to the earth and the leaves collapse [Fig. 9(5)]. The: 
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positive charge on the disc is bound by the attraction of the inducing: 
negative charge. Now on removing the charged rod, positive electri- 
city, which was in effect neutralised being held bound by attraction to 
the inducing charge, now’ becomes free all over. The positive charges: 
are now in excess in the electroscope and the leaves diverge with 
positive electricity as shown in Fig. 9(c). So the electroscope is now 
charged positively by induction. 

Note that charging hy induction produces the o; ite, kind 
of Charge. This is a very convenient way of Bune SA cece: 
scope, as the charge on the leaves can be regulated by altering the 


/ 
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distance between the charged body and the electroscope. The charge 
on the leaves will be less, if the distance be greater. 

Caution.—Strongly charged bodies should never be brought close 
to the electroscope, for in that case repulsion between the leaves may 
be so strong as to tear away the leaves. For testing such strongly 
charged bodies proof-planes should be used. - 


To charge a Gold-leaf Electroscope Negatively—Suppose a 
positively charged glass-rod is brought near the disc of an uncharged 
electroscope (compare with Fig. 9). Induction takes place, the disc is 
negatively charged and the leaves positively. The disc is momentarily 
connected to the earth whereon the positive charge of the leaves escapes 
to the earth, and the leaves collapse. [According to modern view, it 
would be more correct to say that, due to the influence of the positively 
charged glass-rod, some of the electrons of the leaves are attracted, 
brought to the disc and the leaves of the electroscope are left deficient 
in electrons, i.e. positively charged, and so they diverge. Then, if the 
disc is touched, the leaves collapse on account of their neutralisation 
by the electrons rushing from the earth to the electroscope.] 


If the rod is taken away, i.e. the inducing influence is removed, 
the electrons distribute themselves’ all over the leaves as well and so 
the leaves again diverge, now with negative charges. 


16. Three Steps in the Process of Charging by Induction :— 
(a) Bring the charged body near tbe conductor to be charged. 
(b) Touch the latter momentarily, i.e. connect it with the earth. 
(c) Remove the inducing charge. 


17. Detection of the Character of a Charge:—To detect the 
character (positive or negative) of an unknown charge, slowly bring 
the charged body near an electroscope charged, say, negatively, If 
the unknown charge be negative, it will act inductively on the 
electroscope giving the leaves more negative charge ; so the divergence 
of the leaves will increase. If the unknown charge be positive the 


divergence will diminish. 

The result of the experiment can be tabulated as below— 
ee 
Electroscope charged 
Brought up near 


| 
the disc | 
| Positively Negatively 
SE j 
Positively charged | Increased divergence Collapse or partial 
body | collapse 
Negatively charged | ^ Collapse or partial Increase divergence 
body collapse | ^ 3 


a 
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18. Magnetic and Electric Induction Compared : 

Resemblance—{i) As induced magnetism is temporary, so electri- 
city induced in a conductor is also temporary and lasts only as long as 
the inducing body is present near the induced body. 

(ii) There is no change in strength in the inducing charge, or in 
the inducing magnet, when induction takes place. 

Difference.—In magnetism, induction may also take place between 
two bodies in contact, but in electricity, for induction to take place, 
the inducing charge and the body to be charged are to. be near each 
other but not to be in contact. 


(H)' In electric induction a charged body will induce a charge on 
any insulated conductor, but magnetic induction is limited to magnetic 
substances only. 1 

19. Three Ways of charging a body :— 

(i) By friction; (ii) By conduction ; (iti) By induction. 

(i) Tn this case, the sign of the charge depends upon the materials 
used. (i) In the second case, the charge is of the same sign as that 
Which causes it ; and (ii) in the third case, the charge is of opposite 
4ign. r. 1 

20. Faraday’s Ice-pail experiment :—To perform this experi- 
ment a hollow spherical or 
cylindrical metallic can C open 
at the top is placed on an insu- 
Jating stand R, the outside of 
the can being connected with 
a 'gold-leaf electroscope G by 
a wire (Fig. 10). The experi- 
ment can be divided in three 


parts— 

(i) A positively charged 
metal ball A held by a silk 
thread is slowly introduced 
Fig..10—Faraday’s Ice-pail inside the can, care being taken 

Experiment. so that the ball may not touch 


a 


surface of the can ; the leaves of the electroscope show positive electri- 
fication which causes the leaves to diverge. The leaves collapse again 
when the ball is withdrawn, This proves— 


When a charge is almost completely surrounded by a conduc- 
tor, the magnitude of the induced Charge becomes maximum and 
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remains the same, whether the position of the inducing charge withi 
the conductor is changed or not, provided it continues to S mica 
surrounded by the conductor. 


(ii) The electrified ball is again introduced well inside the can 
The maximum induction takes place as in the previous case and the 
leaves diverge with the induced positive charge. The ballis then made 
to touch the inside surface of the can. The divergence of the leaves 
does not change, but remains constant even when theball is withdrawn. 
Now, on testing the ball, it is found to be completely discharged. The 
inducing charge being completely neutralised, and the induced free 
charge remaining constant, the neutralisation is due to the induced 
opposite charge which must be equal in magnitude. Thus— 


When an inducing charge is almost completely surrounded by a 
conductor, the induced opposite charge is equal in magnitude to the 
inducing charge. ~~ 


(iii) The ball, again positively electrified, is introduced into the 
can as before, and the leaves diverge. The outer surface of the can is 
momentarily touched by the finger, the leaves collapse due to neutra- 
lisation of the induced positive charge by the flow cf electrons from. 
the earth. The ball is then withdrawn and the leaves immediately 
diverge again. The amount of divergence is found to be the same as 
before, but, on examination the charge is found to be negative. As 
long as the ball is inside the can, the induced negative charge behaves 
as.a bound charge, but after the withdrawal of the ball, this negative 
charge spreads throughout the conductor, i.e. to thé leaves also, which 
were previously occupied by the induced positive charge. The equality 
of the divergence now shows the equality of the charges in the two 
cases. 


If again, the ball (which retains its original charge) is introduced 
into the hollow vessel and allowed to touch it, the system as a whole 
becomes neutral, and the leaves collapse. This proves— 


The induced positive and negative charges are equal im 
magnitude. 

* This experiment was first performed by Faraday who used an ice- 
pail in place of the cylindrical can, and so the experiment is known as 
Faraday’s Ice-pail experiment. 

Note. The above experiment (iii) gives a method of transferring the 
whole of a charge from one conductor to another which is hollow and 
larger in size. When the inside of the hollow vessel is touched by the 
charged conductor, the charge goes on the outside of the vessel. 


21. The Seat of the Charge in a Conductor :—If one end of an 
insulating rod be electrified, the electricity is confined to that end only 
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but, if anelectric charge is given to any part of aninsulated conductor, 
fhe charge at once distributes itself all over the surface. 


() Biot's Experiment.—A charged insulated metal sphere C is 
taken (Fig. 11). Two metal 
hemispheres Aand B, provided 
with insulating handles, are 
put against the charged sphere 
soas to cover it completely. 
On removing the covers by the 
handles, and. presenting them 
pg r before a gold-leaf electroscope, 
Fig. 11—Biot's Experiment. they are found to be charged 
The metal sphere C on being similarly tested shows no trace of any 
charge left in it ; the charge must have passed on to the two hemis- 
pheres which formed the outer surface of the sphere C. 
& 


This shows that electricity resides on the outer surface of a conduc- 
tor. This is known as Biot’s Experiment. 


(ii) Faraday’s Butterfly-Net Experiment.—Another experiment, 
known as Faraday’s Butterfly-Net Experiment, also confirms the fact 
that the charge given to a conductor resides on its outer surface. 


A conical muslin net 
attached to a brass-ring 
mounted on an insulating 
stand is furnished with 
two silk threads by which 
the cone can be turned 
inside out ( Fig. 12). A 
charge is given to the net. 
Test for the charge inside 
and outside by means of 
a proof-plane. The charge P 
will be found to be Fig. 12—Butterfly-Net Experiment. 
present entirely on the outside. Now turn the net inside out by the 
silk thread (not by the hand), and test again. The charge will agdin 
be found to be only on the outside. 


. iti) No charge inside a Hollow Charged Conductor.—A hollow 
insulated charged metal sphere with a hole is taken. A proof-plane 
is inserted to touch different parts of the inside of the sphete and then 
it is made to touch the disc of a gold-leaf electroscope, when no diver- 
gence takes place ; but the leaves diverge if the proof-plane touches 
the disc of the electroscope after touching any part of the outside 
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surface: of the metal sphere. When the proof-plane is placed 
on the conductor, it becomes for a moment the outer surface of 
that portion of the conductor and acquires the charge covered by it. 
It carries that charge when lifted off by the handle. The absence 
of any divergence in the first case. shows that there is no charge inside 
the conductor (solid or hollow); the charge resides solely on the 
outside surface. 


22. Distribution of Charge on Conductors: Surface Density 
of Charge:—Although the charge on a conductor distributes itself 
all over the surface, it should not, however, be concluded that the 
distribution is uniform TU 


all over the surface. ^ EN 
The distribution depe- 
nds upon the shape $ / 


of the conducto— \S—~- 
The greater the curva- 

ture at any point the Fig. 13—Distribution of Charge on Conductors. 
greater will be the accumulation of electricity at the point. The 
distribution is also greatly affected by the neighbourhood of other 
conductors. 


The surface density of the charge at a given point on a conductor 
is the amount of charge per unit area surrounding the point on the 
surface of the conductor. It depends on (i) the shape of the conductor, 
and (ii) the neighbourhood of other conductors. The density of the 
charge is greatest where the curvature of the surface is greatest, i.e. at 
sharp bends or pointed portion (vide Action of Points in Ch. V). Ona 
sphere the distribution of electricity is uniform (Fig. 13). 


The distribution of charge on some conductors of different shapes 
will be clear from the dotted lines in Fig. 13. The density of the charge 
in each case is roughly represented by the distance of the dotted 
line from the conductor. 


In the case of a sphere, the curvature at all points being equal, the 
distribution of charge is uniform. Therefore, 


; total charge Q : 
t —— ——— = —— Units per sq. i 
surface density m ct area 7 44,3 Units per sq. cm 


where Q is the total charge and r the radius of the sphere. 


N.B. It should be carefully noted that there is no connection 
between the shape of a magnet and the distribution of magnetism 
on it. 
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Questions 
1. Explain the meaning of the expression “electrification by induction. 
E (C. U. 1942, '44 ; Pat. 1947) 
2. Describe an experiment to show that when an insulated conductor is electri- 


fied by induction, two opposite charges are induced on it, that which is farther 
from the inducing charge being of the same kind. 
Utkal, 1947 ; C. U. 1930, '52) 


( 
Under what circumstances is it possible to transfer the whole of the charge to 
another insulated conductor ? (Utkal, 1947 ; C. U. 1930) 


[Hints.—The whole charge can be transferred when the charged conductor 
touchés the inside surface of a hollow conductor.] 

3. What experiments will you do to show that electricities generated by electro- 
static induction are equal but of opposite kinds. Compare this induction with 
magnetic induction and explain fully how you can protect an apparatus from the 
effect of induction in each case. (Pai. 1928 ; cf. Utkal, 1947 ; cf. C. U. 1942) 

4. Abar-magnet is divided in the middle and the parts are separated. An 
insulated conductor (cylindrical with the ends rounded off) is placed in. front of 
an electrified ball with its axis passing through the centre of the ball ; and while 
in the presence of the ball, the cylinder is divided in the middle, and the farther 
half is removed to a great distance. Contrast and explain the state of affairs in the 
two cases. (C. U. 1912 ; cf. Pat. 1923) 


[Hints.—Oa dividing the magnet each piece becomes a magnet with a north 
and a south pole. It is not possible to get an isolated pole. In the next case when 
the cylinder is divided in the presence of the inducing charge the two opposite 
charges on the two halves are separated, differing in this respect from the first 
case, where two poles are inseparable.] 

5. Ifa charged ebonite rod be placed in contact with the knob of an electro- 
scope, the leaves diverge, and on its removal they partially Collapse. Explain this. 
(Pat. 1923 ; C. U. 1917) 

[Hints.— The ebonite rod being an insulator, the leaves diverge ; (i) due to 
the charge received by conduction only from that part of the rod with which the 
knob is actually in contact and also (ii) due to the charges on the remaining portion 
of the rod received by the induction. The charges on the leaves, both by conduc- 
tion and by induction are of the same kind, so the leaves partially collapse due to 
the absence of the induced charge when the charged ebonite rod is taken away.] 

6. Using an ebonite rod and flannel how would you charge a gold-leaf 
electroscope (a) negatively, (b) postitively ? (C. U. 1935) 

7. Describe a Gold-leaf electroscope. Given an uncharged body A on an 
insulating stand and a body B charged negatively ; how by means of B can you 
give (a) a positive, (5) a negativc charge. (C. U. 1924) 

8. An electroscope has its leaves charged with positive electricity. An electri- 
fied rod is brought close up to the plate of the electroscope, and it is observed that 
the leaves first collapse and then again diverge. Explain these Observations. 


» 


(AH. 1916) 
9. How will you obtain a large quantity of negative charge from a small i- 
tive one ? Give details of the arrangement. He s (Pat. 1932) 


[Hints.— Take a body A with a small positive charge and two other i 
bodies B and C. Bring B near A, then touch B. B now has got epe D. 
induced positive Gites cone gone o the em. Now take B near to C and touch 
C, C gets positive charge, Now take 4 and C to B, when more i 
will be induced on B. Repeat this process.] . "epum hore 
10. How would you charge a Gold-leaf electroscope by induction ? 
(C. U. 1950, *51) 
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An electroscope is charged positively and a metal rod held in hand is brought 
close to the disc of the electroscope. State and explain what will happen. Y 
(C. U. 1950) 

11. On an insulating stand is placed a metal can, the outside of which is 
connected to a Gold-leaf electroscope. A charged metal ball hung by a silk thread 
is gradually lowered into it till-it touches the bottom. Describe and explain the 
effects produced. (Pat. 1921, '23 ; C. U. 1914, °17) 

12. Describe Faraday's Ice-pail experiment, and state clearly the principles 
that these experiments illustrate. 

(Dac. 1934 ; Pat. 1932, 45 ; cf. C. U. 1940 ; Utkal, 1950) 

13. Describe an experiment to show that the induced charge equals the 
inducing charge. (Pat. 1944) 

14. Show that the charge on an insulated conductor lies entirely on its surface. 

(Del. H. S. 1949 ; Utkal, 1951) 

15. Describe carefully Faraday's ice-pail experiment, and show what may 
be deduced from it. How do you account theoretically for the phenomena 
observed ? (C. U. 1957) 

[for the last part of the question, read Art. 49]. 

16. What is meant by, “the surface density at a point" ? 

How does it depend on the shape of the conductor ? 

One pole of a battery of many cells is earthed. Two insulated metal balls of 
1 cm. and 5 cms. diameter respectively are put one after the other in contact with 
the other pole of the battery. Compare the surface densities of charge on the two 
balls. (Pat. 1947) 

[ Ans.: 5:1] ò 

17, A metallic sphere and a cone are charged with electricity. Will the dis- 
tribution of electricity on their surfaces be uniform ? How will you get it ? 

/ (Del. H. S. 1947) 

18. What charge is required to electrify a sphere of 25 cms. radius until the 
surface density of electrification is 5/x ? . (Dac. 1943) 


[Ans. : 12,500 units of charge]. 
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CHAPTER III 
The Electrical Field : Potential 


23. The Electric Field :—The space surrounding an electric 
charge, or a system of charges, over which the electric force of 
attraction or repulsion exists, is called its electric field. The idea it 
conveys is similar to that of a magnetic field. Theoretically, the field 
of a charge extends up to an infinite distance but practically it becomes 
inappreciable after a certain distance. 


(i) Electric Lines of Force.—As it is seen in the study of magne- 
tism that a magnetic field can be represented by a series of lines, 
called magnetic lines of force, so an electric field can be similarly 
represented ; but owing to experimental difficulties it cannot be so 
easily done in the latter case. The idea of lines of force is due to 
Faraday. A line of force is defined as a curve in an electric field such 
that the tangent at any point of it shows the direction of the resultant 
electric intensity of the field at that point. The positive direction of 
a line of force is that in which a free positive charge tends to move. 


(i) The Properties attributed to Electric Lines of Force, according 
to Faraday, are— E 


(a) The lines of force originate from a positively charged conductor 
and terminate on a negatively charged conductor. In Fig. 17, 18 and 19, 
it will be observed that the lines of force start from a positively charged’ 
conductor and as they must end somewhere, they end on the walls of the 
roum when no direct negative charge is near about. 


» we They touch the surface of a conductor at right angles (vide 
rt. . 


(c) Equal and opposite charges are distributed at the two ends of 
each line of force. 


(d) The positive direction of a line of force is that in which a small 
positively charged conductor will tend to move, if free to do so. 


(e) Lines of force are like stretched elastic threads ; they tend to 
contract lengthwise and, whilst proceeding in the same direction, they 
mutually repel each other sideways ; these properties may be used to 
explain the attraction or repulsion between two charged bodies. 
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(f) Lines of force never intersect one another ; for if they did, then 
at the point of intersection there will be two directions for the resultant 
electric force, which is impossible. 

(iii) Electric Lines of Force and their Difference from Magnetic 
Lines of Force.—(a) Electric lines of force always leave the surface 
of a conductor normally, i.e. at right angles to the surface ; but the 
magnetic lines of force need not leave a magnet or a magnetic subs- 
tance normally ; electric lines of force are not closed curves like 
magnetic lines of force. 


(b) An electric line of force cannot exist inside a conductor 
while a magnetic line of force is continuous and exists inside a magne- 
tic substance. 


(iv) Tubes of Force.—To explain electric forces in a medium, 
Faraday supposeđ the medium around a charged body to be filled up 
by a number of imaginary tubes, just as the medium may be supposed 
to,be permeated with lines of force. 


Imagine an electric field permeated with lines of force. Suppose, 
according to Faraday, that the lines are grouped into tubes which 
touch each other laterally and fill the entire space. If a definite 
number of tubes are conceived to emanate from a definite charge, 
they are usually referred to as unit tubes. If one tube is conceived 
to emanate from a unit charge, whatever is the medium, such a tube 
is called a unit Faraday tube. If 4x/K tubes are conceived to emanate 
from a unit charge, placed in a medium of specific induotive capacity 
K, each of these tubes is called a Maxwell unit tube. 

A tension is supposed to act along the axis of each such tube and 
a stress normal to the axis. Forces of attraction or repulsion between 
charged bodies are attributed to the stresses in such tubes. 


A tube of force is assumed to start from a positive charge and end 
on an equal negative charge. Since a tube is sübjected to an axial 
tension, it tends to shorten along its length and thereby bring the 
opposite charges nearer to each other. The attraction between unlike 
charges is in this way explained. The stress at right angles to the axis 
makes the tubes repel each other. [n this space between two like 
charges, the tubes tends to displace each other sideways and thus the 
charges are mutually repelled. 


24. The Law of Force between Electric Charges :—The force of 
attraction between two unlike charges and of repulsion between two 
like charges depend on the magnitudes of the two charges, the dis- 
tance between them and the nature of the medium separating the two 
charges. The relationship between two charges placed in a given 
medium is expressed by the following law— 

The force of attraction or repulsion between two charged bodies varies 
directly as the product of their charges and inversely a$ the square of 
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the distance between them. The latter part of the law is known as the 
Law of Inverse Squares. 
If F be the force of attraction or repulsion between two charges 


" 
q, 7’, and d the distance between them, F=c. a where c is a constant 


depending on the medium and the units chosen. 


If the medium be air, and if the unit of electric charge be so chosen 
that this charge, when placed at a distance of one centimetre from an 
equal and similar charge, repels it with a force of one dyne, then (for 
q— 4*1, d - 1 cm., and F=1 dyne), we have c=]. Hence the unit 
for charge be defined as above, 


F (in air) - da dynes. 


The force between two electric charges (and also that between 
two magnetic poles) was first directly measured by Coulomb (1736— 
1806), a Frenchmen, and so this law of force is known also’ as 
Coulomb's law of Force. 


Unit charge—We have thus got the definition of the C.G.S. 
electro-static unit of electric charge (E.S.U.) It is a quantity of 
electric charge which exerts a force of repulsion of one dyne on an equal 
and similar charge placed one centimetre apart in air. |t has no other 
special name for it. 

The Practical unit is the Coulomb : 1 Coulomb=3 x 10° electro- 
static units (vide also Part VIT). 


25. The Influence of the Medium :—The actual magnitude of 
the force between two charged praticles placed at a distance apart 
depends largely upon the nature of the medium that separates them. 
This is shown by the following experiment— 

Expt.—Suspend from the same point two similarly charged pith- 
balls. They will repel each other with a certain force and come to 
rest at a definite distance between them. The medium in this case is 
air. Now interpose a glass or ebonite plate between them and notice 
that the divergence decreases very much. It will be noticed that the 
distance between the balls will be different for different media. It is 
greatest when the medium is air. 


This experiment shows that the electric force depends upon the 
nature of the medium or, in other words, different insulating media 
. have different powers of transmitting electrical inflggnce through 
them. Faraday gave the name di-electric to such a medium. ft is 
an insulator. 


We have seen in Art. 24 that, F= 5 dynes ; but if, instead of air, 


the charged bodies are placed in any other medium, the constant c 
cannot be equal to unity. The equation then assumes the form, 
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1 z 
F-kÀqe where K is a constant depending on the medium, This 


constant is called the di-electric constant or the Specific Inductive 
Capacity (S.I.C.) of the medium (vide Art. 71). That is, if the intensity 
in air 1s F, the intensity will. be F/K, when air is replaced by a 
medium of di-electric constant K. 

26. Verification of Inverse Square law in Electrostatics : 
Torsion Balance Method.—A direct verification of the inverse square 
law was made by Coulomb, with the help of a torsion balance (Fig. 14). 
The apparatus consists of a small metal-coated 


pith-ball 4 carried at one end of a pointer P Te 
which is suspended by means of a fine wire or Qu) 


quartz thread. The pointer P is made of a light 
insulating material. The suspension thread is 
attached to a torsion head T at the upper end. 
The whole arrangement is to be enclosed in a 
glass cylinder provided with a circular scale S 
etched on its body. To absorb moisture a small 
vessel containing pumice stone soaked in sulphu- 
ric acid is placed inside the cylinder. A second 
identical metal-coated pith-ball B attached to a 
glass rod is to be lowered through a hole in the 
lid of the cylinder. The angular distance between 
A and B can be directly recorded from the 
scale S. 

To verify inverse square law, the ball A is 
first made to touch B in the uncharged state by 3 
rotating the torsion head. Next B is brought out, Fig. 14 
charged (with, say 2g units of charge) and replaced in its former 
position whereupon each of B and A acquires q units of charge. Since 
the charges are of similar nature and B is fixed, the pointer along 
with A rotates through an angle due to repulsion: The torsion head 
T is now rotated through an angle 5 in the opposite direction so that 
the angle of rotation of A is reduced to .« (Fig. 15). Let the force 

o between the balls at this position be 
LE F. The twist on the wire is evidently 
5 (B+). 

So the torsional torque exerted 
by the suspension thread = C(0 +), 
where C is the torque per unit twist. 
The moment of the couple exerted due 
to the repulsive force = force x arm = 
Fig. 15 FxOD =F] cos 4/2. 


As these two torques balance in the equilibrium position, 


Fl cos 4/2=C(6+ 0) ; or, F=C TEE 


ZU) 
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Now if the inverse square law were true F would be proportional to 

1 Radia 3 sind «/2« t 
"p: 95 to Ql sin «27 or, Fx4l* sin? «/2 — constant. 
Substituting for F from (1), we get the necessary condition for inverse 
square law as, 

sin? «/2 ; 2 js 
AIC(B- 4) 5 a 4IC($ +) sin «/2 tan 4/2= a constan 

when « is small, sin </2=tan 4/2 = «/2. 


2 
So the above condition reduces to, 4/C(« 8) $ =a constant ; 


Or, («4 f)«? «a constant ake Ae eue 
since /C is a constant. 

So to verify inverse square law, B is charged and allowed to share 
charge with A, Then turning the torsion head T in the opposite 
direction to the deflection the readings of angles « and 5 are noted. 
The experiment is repeated with different values of « and $. Each time 
it is found that (x + /)«* becomes fairly constant, thereby verifying the 
inverse square law. is method i$ not so accurate and involves a 
number of errors due to the facts that— 

(a) actually point charges are not available, (b) induced charge 
on the neighbouring conductors affects the deflection to some extent, 
(c) there is always some amount of leakage from A and B, and (d) 
the angles cannot be measured with sufficient accuracy. 

Most of these errors may, however, be reduced sufficiently by 
proper precautions and modified arrangements but some of them 
cannot be avoided in spite of all efforts. So a more reliable though 
indirect method was devised by Cavendish for verifying the inverse 
square law. 

27. The Intensity of an Electric Field :—A procedure somewhat 
similar to that adopted in defining magnetic field is used for electric 
fields also, unit charge being substituted for unit magnetic pole. 

The Intensity or Strength (f) of an electric field at a point is 
measured by the force exerted on a unit positive charge placed at the 
point. 

The electric force exerted on a charged body placed in a field 
depends on: (i) the intensity or strength of the field ; (ii) the amount 
of charge on the charged body. 

An electric field has unit intensity at a point when a unit positive 
charge placed at the point is acted on by a force of one dyne. Thus 
the'force on unit charge in a field of unit intensity = 1 dyne 


» 5s units. »,, b -2 Y 


-q 
Pam bak: RA » if » efx] ;, 
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So, the force F=f x q, where fis the intensity of the field and g 
the charge on the body. 

28.- Electric Intensity in terms of Lines or Tubes of Force :— 
The intensity of an electric field at any point may be represented by 
the number of lines of force passing through a unit area surrounding 
the point and placed normal to the direction of the lines of force. 
Thus f lines of force will normally pass through a unit area around a 
point where the intensity is f c.g.s. units. The number of Faraday 
tubes that will pass through the same point is calculated as follows : 

Consider a charge Q e.s.u. placed in a medium of specific inductive 
capacity K, and imagine a spherical surface of radius r cms. drawn in 
the field with Q as centre and passing through the point where, 
suppose, the intensity is f. The number of Faraday tubes passing per 


: i tube: 
unit area of the spherical surface = Mmber of Faraday tubes _ es 


aK x a c x intensity tf fied - & =f 
- c x number of lines of force. 

29. Number of Lines of Force associated with Unit Charge :— 
Consider a small body having unit charge. If another body having 
an equal like charge be placed in air at a distance of one centimeter, 
the mutual force of repulsion is one dyne. The intensity at this 
distance is, therefore, unity. If we imagine a sphere to be constructed 
having a radius of | cm. with its centre at one of the bodies, the 
ntensity at all points on the circumference is unity. Since intensity is 
unity, one line of force accoiding to the definition of intensity in terms 
of line of force, would pass through each square centimetre area of the 
sphere. Therefore, the total number of lines of force cutting the sphere 
would be 4x. Since all the lines of force that emanate from the unit 
charge must thread through the surface of the sphere, the total num- 
ber of lines of force associated with unit charge is 47. 

According to the definition of unit Faraday tube, only one tube 
originates from unit charge. Therefore a unit Faraday tube contains 
4x lines of force. 

30. Lines of Force associated with Charged Conductors.—In 


Fig. 16—Distribution of Lines of Force. 


Art. 22, the distribution of density of charge on a conductor has been 
discussed. Fig. 16 depicts the lines of force associated with different 
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types of charged conductors. In the case of a uniform sphere, the 
lines are uniformly distributed all round the body. At curved ends or 
pointed places in the other conductors density of charge being greater, 
more lines per unit area must be assumed to start fom such places. 


Examples.—/. Two small spheres each of mass one decigram are suspended 
froma point by threads each 50 cms. long. They are equally charged and they 
repel each. other to a distance of 20 cms. If 'g=980 cms.|sec?., what is the Mr 
on each ? (All. 19. 


Ans. Make a sketch of the arrangement. Let C be the point of suspension. 
The two threads CA and CB and the line joining the spheres make an isosceles 
Pinus D is the middle point of AB. The forces acting on one of the spheres 

are— 


(i) The weight mg dynes acting downwards at 4; (ii) The repulsive force 
q^1d*, in the direction BA ( where q is the charge on each, and d is the distance be- 
tween them); (iii) The tension of the thread in the direction AC. 

Here the forces mg, g*/d? and that due to the tension are parallel to the sides 
of the triangle CDA. Hence the forces are proportional to the sides of a triangle 

3jd* 
to which they are parallel. Therefore, we have, 4 ae ZDA 


DA=10, DC= 450:—10—10 424, AB=d=20, m= y gm. 
greed ss 10r 98. e i 
29:7 19 980 x35 TUTI whence q=894 e.s. units. 

2. A small charged sphere is made to touch a similar uncharged sphere suspen- 
ded by a silk thread from the hook of a balance and then held vertically below it. 
When the distance between the centres of the spheres is 5 cms., the apparent loss of 
weight is 0'002 gram. What was the initial charge on the sphere ? 

Ans. Let 2Q be the initial charge on the sphere, so that after touching and 
sharing charge, charge on each =g. 

a Li 
The mutual force between them at a distance 5 ems.= 2" = g dynes. 


This is equivalent to the apparent reduction in weight i.e. the earth's force of 
attraction, of 0:002 gm.-wt.=0°002 x 981 dynes. 

Q: -0002x 981 =1-962 ; whence Q=7 e.s units. 

3. Two small pith-balls of the same size and the same weight (each 01 gm.) 
are suspended from the same point with silk fibres each of 5 cms. length. On 
charging them together they repel each other and their suspension make an angle 
of 60°. Calculate the quantity of electricity on each ball. (Take 'g' as 980 units) 

(Pat. 1939) 

Ans. (Proceed as in Ex. 1). Here angle ACB=60", and the two sides equal so 
the triangle CAB is equilateral. Now proceeding as above we get, 

qu25 DA 25 1. , ; 

980x01 DC^j 3^ J3* whence q— 37:59 e.s. units. 

31. Lines of Force in a Few Cases:—There is no convenient 
method of practically maping the electric lines of force in an electric 
field. In a strong field the direction of the forces can be demonstra- 
ted by a small piece of paper held quite loosely on the thin end of a 
glass-rod. The diagrams, shown in Fig. 17 to 19, indicate the disti ibu- 
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tion of lines of force in several cases. Fig. 17 represents t i 

field due to a positively charged spherical Soitinctor Bie mes 
centre of a large room. The arrows indicate the positive direction of 
the lines of force. It is evident that the lines are all radial. They 
appear to have originated from the centre of the spherical conductor. 
In the case of a negatively charged conductor, the field will be similarly 


EE NA K A 

e ze n ifa 7 
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Fig. 17 Fig. 18 Fig. 19 


represented except that the direction of the arrows would be reversed. 
Fig. 18 represents the case of two conducting spheres having equal 
but opposite charges. There is a tendency for the two spheres to draw 
together as the lines of force tend to contract lengthwise. Fig. 19 
shows the case of two spheres having equal positive charges. In this 
case, the lines of force travelling in the same direction repel one 
another sideways, and hence there is repulsion between two like 
charges. There will be a neutral point in this case (marked X) 
between the two spheres. * 

Note that the Zines of force do not pass through a conductor, but 
they end on the surface ; in case of a di-electric, the lines of force pass 
straight through. In the figures 17 to 19, the lines of force are 
represented in one plane but actually they go in all directions. 

It should always be remembered that the lines of force, though 
they are shown in these diagrams, are only imaginary ; they have no 
actual existence. 

32. Potential :—Suppose, we have two insulated conductors 
charged positively. If they are connected by means of a pair of 
discharging tongs (Art. 77) or by a metal wire, electricity will flow from 
one conductor to the other, but transference of electricity, and the 
direction in which it will flow, will depend on the electric condition of 
the two conductors and, in some cases, it may be that there will be no 
transference from one conductor to the other. 

The electric condition of a conductor, referred to above, which 
determines the flow of electric charges from it to another conductor 
connected to it, is known as the electric potential of a conductor. 

Let us take two analogous cases from other branches of Physics— 

(i) The Hydrostatic Analogy —Consider two cylindrical vessels 
containing water, connected by a tube provided with a stop-cock. On 
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opening the stop-cock, it will be'found that water flows from the vessel 
in which the water surface has the higher level to the other, even 
though the quantity of water in that vessel may be less than that in 


the other. will be no flow, if the levels are the same. 
(ü) The Temperature .—If a small copper piece be heated 
iint and placed in a rers y of water, at the room temperature, 


heat will flow from the copper piece to the water, though the total 
quantity of heat in the water may be much greater than that in the 
copper piece. Heat flows from the copper piece to water only because 


the former is at a higher t 
from either of them to the o! 


ture. There will be no flow of heat 
if their temperatures were the same. 


The analogy between temperature and potential may be considered 


thus ;— 


"Temperature 

(a) Temperature is the condi- 
tion of a body on which the flow 
of heat from it to other bodies, 
or vice versa, depends. 

(b) Heat can be added to a 
body due to which the tempera- 
true of the body rises, and heat 

be taken out from it due to 
h its temperature falls. 

(c) bodies at different 
temperatures, when in thermal 
contact, acquire an intermediate 
temperature on sharing heat. 

(d) Heat, when added to a 
homogeneous conductor, i$. uni- 
formly distributed throughout the 
conductor at one temperature. 


(e) In measuring temperature 
two standard temperatures are 
taken as reference temperatures. 
In the moderate range of 
ratures they are—(/) melting 
point of ice, and (ii) boiling point 
of water. 


Potential 

(a) Potential is the electric 
condition of a charged body due to 
which electricity tends to pass from 
it to other bodies, or vice versa. 

(b) Potential of a body is 
raised by addition of positive 
electricity, and it is lowered by 
the addition of negative charge or 
withdrawal of positive charge. 

(c) Two conductors at diffe- 
rent potentials, when electrically 
connected, acquire an intermediate 
potential on sharing charges. 

(d) When a charge is givem 
to & conductor, the quantity of 
charge on it may be more at one 
part than at another, depending 
on its shape and negated of 

€ tors, but the conductor 
have the same potential 
throughout, 
. (e) One standard of reference 
is taken namely the potential of 
the earth, which is taken as zero. 


The relation of potential to quantity of electricity is analogous to 
the relation of pressure to quantity of water, or temperature to quantity 


of heat. So electric potential is also 


termed electric pressure. Electricity 
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tow on a Coninoior ata higar mental to that at a lower one 
i ir po: als become , wi ere will be no further 
of electricity between them. rin va 

So, the of a charged conductor may be defined as the 
electric condition of the bedy which determines the flow of electric 
charges when the body is put in conducting communication with another 
body. If positive electricity flows from it to the other, it is at a higher 
potential, and if positive electricity flows to it from the other, it is at a 
lower potential. [According to the modern view, positive charges do 
not flow from one conductor to another. Negative charges (electrons) 
flow from a conductor at a lower potential to a conductor at a higher 
potential.] 

Explanation of potential from Modern Theory.—Unattached 
electrons on a charged body repel each other and also repel other 
electrons near them with forces acting in the surrounding medium 
along lines which are termed “‘lines of electric force", 


It is thought that the medium surrounding a charged body is in a 
state of strain. If the medium be air, then the air, an insulator, is 
considered to possess the power of withstanding the force, or ‘pressure’, 
due to the mutual repulsion among the electrons of the charged body. 
This pressure is termed electric potential. Conductors may be regarded 
as media which are unable to support this electric pressure, and so 
there is.a movement of the electrons in conductors (vide Art. 44). 
When induction takes place in a conductor, the electrons in it move 
under this pressure, press an excess of them at one end of the 
conductor and a deficit at the other end. 


33. Potential of the Earth: Positive and Negative potentials.— 
We know that in measuring the temperature of a body by the Centi- 
grade scale, the melting point of ice is taken as the standard or the 
zero, and the temperatures above this temperature are considered as 
positive while those lower than this are considered as negative. Simi- 
larly, the potential of any body is measured with reference to the 
potential of the earth, which is taken as the standard, and its value is 
taken as zero. The justification for the selection is that the potential 
of the earth cannot be changed by addition or subtraction of charges ; 
it maintains its potential constant. The potential of a positive charge 
is above the potential of the earth and the potential of a negative 
charge is below that of the earth. 

The electric field around a positively charged body is a region of 
positive potential, the value of which gradually diminishes. with the 
increase of distance from the charged body. The electric field around 
a negatively charged body is a region. of negative potential ; the value 
of the potential gradually increases with the increase of distance from 
such a charged body. 

So, (i) a positively charged body tends to travel from a point of 
higher potential to a point of lower potential, that is, down the gradient 


- 
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otential and (ii) a negatively. charged body tends to travel from a 
A^ of lower potential to a point of higher potential because the direc- 
tion of the forces acting on a negatively charged body is opposite to 
that of forces acting on a positively charged body. 

An earth-connected conductor has zero potential. A positively 
Charged conductor has a positive potential, and a negatively charged 
conductor has a negative potential. The potential of a conductor is 

considered Positive when, if earth-connected, positive, electricity flows 
from the conductor to the earth (according to modern view the elec- 
trons would flow in the opposite direction, i.e. from the earth to the 
conductor). The potential of a conductor is considered negative when, 
if earth connected, positive electricity flows from the earth to the 
conductor (the electron flow would be from the conductor to the earth). 


When two charged conductors at different potentials are joined 
together, the flow of electricity from one to the other is entirely a 
matter of their relative potential and does not depend on the actual 
amount of electricity present in either. There will be no flow if they 
are at the same potential, irrespective of the charges present in either. 

34. Potential and its Measure :—Suppose we have a body posi- 
tively charged with q units of electricity. If another body positively 
charged with q’ units is brought near it, there will be a force of 
repulsion between them. The mutual force exerted, when the second 
body is placed at a distance r from the first body, both being in air, is 
q4'ir*. To bring the second body towards the first body against the 
force of repulsion, work must be done. Suppose the second body has 
got unit quantity of positive electricity (g' « 1), andit is at a very great 
distance where the electrical force due to the first body is negligibly 
small. As the second body is gradually brought towards the positively 
charged body, more and more work will be done, and the total 
amount of work done in bringing the second body, i.e. the unit charge, 
up to a given point in the field of the first body, is taken as a measure 
of the potential at that point. 


Thus the potential at any point in an electric field may be defined as 


the work done by or against electric forces in bringing a unit positive 
eU Jrom an infinite distance up to that point. From this it follows 
t— 


the difference of potential between two points in an electric field is 
the amount of work done by or against the electric forces in moving a 
unit positive charge from one point to the other. 

Potential of a conductor may be measured by the work done in 
bringing 4 unit positive charge from infinity (point of zero potential) 
to a point close upon the conductor. 


Unit of Potential.—If the work done in bringing a unit positive 
charge from infinity (i.e. a point of zero potential) up to a point is 1 
erg., theri the potential of the point is 1 electro-static unit (E.S.U.). 


ew 
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The unit has no special name. The practical unit is the volt (vide 
Part VIT) : 1 volte 43; E.S.U. of potential. 


Thus, in the c.g.s. system, the difference of potential is measured in 
ergs per unit charge. 


N.B.—The leaves of an electroscope diverge in air more than a 
centimetre for a potential difference of about 1000 volts. 


35. Potential at a Point due to a Charge :—The potential at a 
point P due to a charge at A, according to definition, is measured by 
the amount of work done in bringing a unit positive ckarge from 
infinity up to the point P (Fig. 20). 


Suppose there is a small spherical conductor at 4 having a charge 
of +q units. Let us ^ 
find the potential at , q P Pi P:P, 
the point P at a 
distance r from A. 
Join A to the point $ 
P and produce the p : 
straight line to infi- Fig. 20 
nity. Let P represent ; À 
a point at infinity, i.e. at a very great distance r, from A upon this 
straight line. Let the distance (r,—r) be divided into a large number 
of parts PP, PPa ..  Pu~1Pm each being equal but infinitely small. 


The force acting on a unit positive charge at P=q/r* 
and ,, » ” ” » s 5» Pyegiry’. 


" The average force between P and P, may be represented by 
the geometric mean and may be put equal to qjrr, (the distance PP, 


Pha Pg 


Te 
[m 
ja 


being very small). 


(Alternatively, the arithmetic average force is, 


i aart 2r.r 
ger sare of ror "apicali rte Irar) = Sap s (rc n 


being negligible compared to 2rır=gjrrı approximately]. 


The work done against electrical forces in moving a unit positive 
charge from P, to P» average force x distance 
mE 
A ie. —neqi-—-]. 
Trrá (inf ( ry 
Similarly, the work done in moving the unit positive charge from 


oe ; ; : 
P, to P1 =q (5.- 3; and so on. In a like manner, the work done in 
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moving the unit positive charge from P, to P, ., -4 = - 1). Adding 
n-i n 
all these terms, the total work done in moving the unit positive charge 


from P,to P= q(— 1 )*« B l teta ras =)= 6-4 


LE Pi Ta Fai 


. But if V, and V, represent the potentials at distances r and Tn 
"respectively, the toal work done in moving the unit positive charge 
from r, to r= V,— Vn. 


Ei 
V,= Vaneg 6-2 
But since r, is infinitely large d: =0, and V, -0. Hence V= 1 
That is, the potential at a point d'stant r from a charge q 


4. charge 
r distance 


35(a). Potential at a point due to Several Charges :—The poten- 
tial at a point due to several charges q,, qa etc. at distances eel ey 
etc. respectively from the point, is the algebraic sum of the potentials 
due to each charge, viz.— 


EACH = ? 
V nint x( 
since potential is a scalar quantity. 


36. Relation between Electric Intensity and Potential 

Di nce :—Suppose there are two points 4 and B, having potentials 

a and V, situated in an electric field and placed ata small distance 
apart. Of these two points, B is at a lower potential ; so the electric 
intensity acts from A to Band is practically uniform, if the distance 
between A and B is small. If f be the electric intensity, and d the 
distance between 4 and B, we have, jhe potential difference between 
A and B= V4— V, which, by definition, is equal to the work done on a 
unit positive charge in taking it from A to B. But the work done is 
equal to f x d. 


Va-Viefxd. >. f- "5. 


37. Electric Dipole :—We know that a magnet has two poles (N). 
and $): Due to the pole strength of the magnet, magnetic potential 
and magnetic intensity are produced at a point near it. Similarly, 
two opposite charges (positive and negative) may remain very close 
to each other. This is called an electric dipole or a doublet. 
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Explanation : Suppose two metal plates are separated by a 
dielectric medium. If one of the plates be charged positively and the 
other negatively, an electric field will be produced on the atoms of 
the delectric medium. In the absence of any field, the atoms are 
electrically neutral. But as soon as the field is applied the electrons 
(—ve charge) are attracted towards the positively charged plate and 
the protons (+ve charge) towards the negatively charged one, and 
thus become displaced and the electrical neutrality is disturbed. The 
displacement depends on the strength of the applied field. Due to 
this separation of the electrons and protons, the dielectric is strained 
and the atom thus forms an electric dipole. 


38. Potential and intensity at any point due to an Electric 
Dipole.—Let 4B represent an electric dipole formed by two dissimilar 
equal charges +q and —q separated by an 
infinitely small distance / (Fig. 21). So the 
electric moment of the doublet is p — ql. 

(a) Potential.—To find an expression 
for the potential at any point P of polar co- 
ordinates r and 9 with reference to the centre 
O of the dipole, let us join AP and BP, and 
draw perpendiculars Aa and Bb on PO from 
the points A and B respectively. The potential 8 S 76 
at P due to+q Rd 


=V, = 4p - ap (approximately) 
q 


{ 
P5608 6 


Similarly, the potential at P due to —g 


; Cs OA=OB=1/2), 
r +5cos 6 


The resultant potential at P 


1 1 


Se M e 


-V-VQ.-Va.-q 
T—3€080  r5-cosó 


I cos 6 cos 8 
a eb POR Sag od eid 


= li 
r*—-4 cos? o 
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2 = 
since A cos? 9 is negligibly small compared to r°, which is a much, 
larger quantity, . 


When 0-0, i.e: when P isa point on the axial direction of the 
dipole, V = p/r*. 


When 9=90°, ie., when P is an equatorial point with respect to 
the dipole, V — 0. 


(b). Intensity—To calculate the intensity at P of polar co- 
ordinates (r, 9) with respect to 0 as the origin (Fig. 22), let us utilise 
the’ ‘relation, 


de 6 


Since the potential-at P is V= and 


along the radius vector (r), dx=dr, the radial 
component of ee 


E- 2 (m 2e 


Again as in the transverse direction (prep. to r) 
dx — rde, the transverse component of intensity, 


RESI dV p cos p ewe) p sin o 
Fig. 22 PICS - ut DOE 


The resultant e at P is 
- JE, FET’ = È P J4 cos*@ + sin*@ 
va 2 H 2) 
7 zall 4 3cos 8) es n ( 


The direction of this resultant field is inclined at an angle « with 
the radius vector, where, 


p sine 
ETET tang 
tan E poso" 3 vr bes (3) 
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From relations (2) and (3) it is evident that if P is an end-on point 
6=0, E=2p/r® and « -0. 


the resultant is directed along the axis and when P is a broad 
side-on point, 0 =90°, and 


X 
E-F, and X-tan i -tan^* q= 90°, 
i. e. the resultant direction of intensity is parallel to the axis. 


39. Tke Gold-leaf Electroscope is a Measurer of Potential 
Difference :—We have seen in Art. 4 (b) that in using a gold-leaf elec- 
troscope the tin-foils inside the case should be earth-connccted so that 
they would have zero potential. When a charged body is brought near 
to, or in contact with, the disc, the rod and the leaves acquire 2 poten- 
tial due to the charged body. The leaves diverge due to the difference 
of potential between the leaves and the case. Each of the leaves moves 
towards the wall of tbe case near it (being free to do so) on account 
of the difference of potentialand thereby a divergence is produced 
between themselves. This divergence will be greater, the greater the 
potential difference. 


In order to show that the divergence of the leaves results from the 
‘difference of potential between the leaves and the case, one may pro- 
ceed as follows— 


(i) Connect the tin-foils of the case to the earth. Place a positive 
charge on the knob of the electroscope by means of a proof-plane. The 
knob, the rod and the leaves acquire a positive potential. ‘Thus a 
potential difference is produced between the leaves and the case, 
Nctice that the leaves mutually diverge from each other. The result 
is also the same, if a negative charge is used instead of a positive 
charge. The larger the charge placed on the knob, the greater wili be 
the potential difference and so the divergence. 


(ii) If the electroscope be placed on an insulated stand and the 
knob is eatthed so that the knob and the leaves now are at zero 
potential, the leaves will also diverge if a charge is given to the tin- 
foils on the case, as, in (i). 


(iii) There will be no divergence of the leaves, no matter what 
charge is given to the electroscope, when the disc and the case, stand- 
ing on an insulating slab, are joined together. This will be so because 
if a charge be given to a conductor, or a numbei of conductors con- 
nected meiallically, the conductor or conductors attain the same 
potential everywhere. The leaves will not diverge because there is no 
potential difference in this case. 


Vol. H (St. E)—9 
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NB. A potential difference indicates the existence of an electric 
field. Hence there must exist an electric field in the space between 
the leaves and the casing in all cases where there will be divergence 
between the leaves. 


Precautions.—In experiments on electrostatics, each apparatus 
used should be well dried in order that no leakage of electricity along 
any film of moisture may take place. 


An electroscope may also leak when it is too hot, as the ascending 
current of hot air will carry a part of the charge of the central rod as 
the hot air comes in contact with it. 


40. The Proof-plane and the Electroscope :—The difference in 
procedure in using a proof-plane and an electroscope to indicate 
charge and potential of conductors should be carefully noted. To test 
charge at any point of a conductor, the point is touched with a proof- 
plane. The proof-plane takes off some charge from that point and 
the charge is then transferred to the electroscope when it is touched 
by the proof-plane. The electroscope thus acquires a potential 
depending on the quantity of charge picked up by the proof-plane 
and diverge accordingly. To test the potential of a conductor, how- 
ever, the conductor and the electroscope are to be put in direct con- 
tact by a metallic wire and the disc of the proof-plane as shown in 


Fig. 23. 


41. Potential of Charged Conductor :—To examine the distribu- 
tion of potential over the surface 
of a charged conductor C, the disc 
of a proof-plane is connected to a 

P gold-leaf electroscope G by a wire, 
and by means of the insulating 
handle, the metal part is slided 

c over the surface of the charged 

conductor (Fig. 23). The diver- 

gence of the leaves will be found 

to remain constant for all points 

of the surface, no matter whether 

Fig.23 the surface density be the same at 

all points or not. This shows that 

all parts on the surface of a charged corductor are at the same poten- 

tial, though the surface density of charge may vary from place to 
place, depending on tbe surface curvatures at different places. 


In the case of 2 charged insalator, differences of potential usually 
exist between various points on the surface. 


4i (a). Potential inside a Hollow Conductor :—It has been 
already seen that there is no charge on the inner surface of u charged 
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hollow conductor and hence there is no line of force there. For this 
reason no work is done if a charged body is noved within the 
conductor and because work is done due to difference of potential, 
there is no difference of potential within it, or, in other words, the 
potential is constant at all points within a hollow conductor. 


The following experiment proves that the potential throughout the 
inside of a closed hollow conductor is the same as that on the outside. 
It should be noted that there is no charge on the inside surface, but 
there is a potential—the same as that on the outside. 


Expt.—(1) Place a fairly deep metal can 4 on an insulating stand 
and charge it positively (Fig. 24). Take a glass rod R and wrap one 
end of a wire round it and connect the 
other end of the wire to the disc of an R; E 
electroscope placed at a considerable 
distance away from the charged can so 
that the can may not have any inductive 
inflvence on the electroscope E, the case 
B of which is earthed and so is at zero 
potential. Now holding the glass rod 
with hand, introduce the coiled end of it 
gradually within the can and notice that 
the leaves of the electroscope gradually | 
diverge, which reaches a constant value Fig, 24 
when the coiled end of the rod is well within the can. Moving the rod 
into various positions within the vessel'at this stage, it will be observed 
that divergence remains unaltered. This shows that the potential 
throughout the inside of the can is the same. IF the bare end of the 
coiled wire at that stage is made to touch the can, the divergence of the 
leaves does not alter. This proves that the potential in the hollow is 
the same as that of the can. 


(2) To prove that the potential in the hollow is the same as that 
on outside of the can, place an uncharged electroscope inside the can 
so that its metallic base connected to the tin-foils inside is in contact 
with the can and its disc is well within the vessel. It will be seen 
that there is no divergence of the leaves proving that the potential of 
the disc, which is in hollow of the can is the same as that of the base. 
But the base is in contact with the can and so the potential of the 
base is the same as that of the can itself. So the potential of the hollow 
space is the same as that of the outside surface of the can. 


{Note.—If an uncharged body is put well inside the charged hollow 
can. the body although quite neutral at all parts, will have the same 
potential as the charged can. This is the only instance where an 
object can haye a potential, positive or negative and yet be free from 


any charge. 
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If the opening of the hollow can is small, the potential inside the 
can will be found to be the same as that of the can itself ; but this 
does not hold good in the case of a can with a large opening, 
because in that case the inner space is not completely surrounded by 
the electrified conductor.] 


42. Equipotential Surface :—An equipotential surface is a surface 
on which the potential is the same at all points. From the definition 
of potential it is clear that there cannot be any flow of electricity 
along an equipotential surface, or conversely, a surface along which 
there is no flow of electricity is an equipotential surface. Thus in 
statical electricity, the surface of an insulated charged conductor is an 
equipotential surface. For, if this is not the case there would be a 
difference of potential between certain points on the surface, 2nd then 
a current would flow from the points of higher to those of lower 
potential and the electricity would no longer be statical. Since every 
pointisat the same potenial, no work is done in moving a charge from 
one point to another on an equipotential surface. So, there is no 
component of electric intensity along ihe surtace. Hence, the lines of 
force (which start normally from a 
charged conductor) cut an equipotential 
surface everywhere at right angles. 

In the case ofa single charge con- 
centrated at a point, or a charged spheri- 
cal body, equipotential surfaces are 
spherical surfaces concentric with the 
point or the sphere. In Fig. 25, A isa 
point charge round which concentric 
equipotential surfaces, having potentials 
VA, Vp, Vc, etc. have been drawn at 
‘ successively greater distances. The lines 

? of force, marked E, radiate out in all 

Fig. 25 directions uniformly and are at right 

angles to the equipotential surfaces. In other cases, the equipotential 
surfaces have no definite form. 


42. (a) The followitig experiment can be performed to show that the 
surface of an electrified conductor is an equipotential surface :— 


Expt.—Take any insulated pear-shaped conductor (as in Fig. 23) 
charged with electricity and make the experiment as described in 
Art. 4l. The gold-leaves will indicate the same divergence as the 
proof-plane is slided along the different points on the surface in spite of 
the fact that the surface density at the pointed end is greater, i.e. there 
js more electricity at the pointed end than that at the rounded end. 
The equal and constant divergence shows that, after the leaves have 
diverged, there is no transference of electricity between the conductor 
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and the electroscope. Hence the potential of every point of the 
conductor and that of the charged electroscope must be the same or, 
in other words, the surface of the conductor is equipotential. 


43. A Line of Force at any Point is perpendicular to an 
Equipotential Surface passing through that point :—Let OE represents 
a line of force through a point O ona ` A 
charged conductor AB, when the 
intensity of the field is F (Fig. 26). 

Suppose a unit charge is moved through 

a distance / in the direction OD, which 

makes an angle 0 with OE. Then the 

work done — force in the direction ODx 

distance Fcos 0x1. The work done B 
will be zero, when 9=90°, ie. in a Fig. 26 

direction normal to OE. The trace of 

the surfac> normal to OE, along which the work is zero, gives accord- 
ing to definition, the equipotential surface through O. That is, a line 
of force and an equipotential surface are perpendicular to each other. 


44. Explanation of Electric Induction by Potential: Free and 
Induced Potentials :—Suppose A is a positively charged body (Fig. 27). 
Then the conductor A has positive potential due to its own charge, 


< 


ec 
en 


Fig. 27. 


and it is spoken of as its free potential. The space surrounding 4 
acquires a positive potential, which diminishes quickly near about the 
charged body A, and then move slowly as distance increases from A. 
Now consider two points B and C [Fig. 27(a)), in the surrounding 
medium (air); both the points will acquire positive potential, the 
potential at B being greater than that at C (cf. V. g/r). The difference 
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of potential, or electric pressure, between B and C will tend to move 
electric charge from B towards C, but the medium being non-conduct- 
ing there cannot be any flow of electricity in it as in the case of a con- 
ductor. The medium will set up an opposing force against the for- 


ward electric pressure and will balance it. Thus the insulating medium 
will be strained. . 


If, now, an insulated conductor takes up the position BC [Fig. 27 
(b), 2], electricity will at once flow now from B to C, due to the differ- 
ence of potential between B and C, until the potential isuniform over 
the whole conductor. This is because a conductor cannot set up any 
opposing force like an insulator, and so there is a flow of electricity. 
The result is that there will be a deficit, or negative charge, at the end 


B and surpius, or positive charge, at C. The phenomenon is known 
as inductive displacement. 


Tt should be noted that BC has no charge as a whole but is at a 
Positive potential due to the presence of the charged body A. This is 
called an induced potential produced by the inductive influence of A 
acting through the medium, air (di-electric). The induced pote tial of 
BC will be positive'or negative according as the potential of A is 
positive or negative. e 

If now BC is earthed, Positive charge flows to the earth andthe 
potential becomes zero, thoughit has a negative charge [Fig. 27(b), 3]. 


It will be found that a greater negative charge appears at B when 
BC is earthed, as then electricity flows out of the conductor to the 
earth until it will have such a negative charge that the negative poten- 
tial on BC due to this negative charge becomes exactly equal to the 
Positive potential due to A, so that the actual potential of BC is zero. 
If BC is now disconnected from the earth and. A removed, the nega- 
tive charge of BC is distributed on its surface and it acquires a free 
negative potential due to its negative charge [Fig. 27(b), 4]. 


45. Explanation by Electron Theory :—It should be said that 
due to difference of potential, electrons move from points of lower 
potential to points of higher potential, i.e., from the end C to the end 
B [Fig. 27(5), 2]. So the end B having a surplus of electrons becomes 
negatively charged and the end C having a deficit of electrons becomes 
positively charged. Again, when BC is earthed (Fig. 27(6), 3]. elec- 
trons flow from the earth to it and the potential becomes zero, If now 
the earth-connection is disconnected and A removed, the surplus 
electrons, which have come from the carth, are distributed, on BC, 
which subsequently becomes charged negatively and acquires a free 
negative potential [Fig. 27(5), 4]. 


46. Potential diagrams :—The facts stated above are graphically 
represented in Fig. 27(c) where the horizontal line represents. 
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the zero potential. The potential at other points are plotted according 
to their values which are represented by ordinates at. different 
distances. It should be noticed that 
the potential of a conductor is uniform VAM 
and there is a quick reduction of : 
potential near a conductor, after 
which the reduction is gradual. 
Negative potentials are represented 
by ordinates below the horizontal 
linz. 

47. Explanation of Electric 
Induction by Lines of Force :— 
Case I—Suppose a positively charged 
glass-rod A is brought near one 
end B of an insulated uncharged 
conductor BC [Fig. 28, (a)]. In the 
absence of the conductor BC, " 
electric lines of force will proceed ^as 
from the positively charged rod A * 
and will travel through air up to 


the walls of the room, but as soon P 1 
as BC is brought near it, some of bel 
the lines of force will travel through (6) 
BC, as a conductor provides a path Fig. 28 


of much less resistance than air. 

The end B, where the lines of force enter, acquires a negative charge 
and the end C, where they leave the conductor, acquires a positive 
charge ; and since BC as a whole is neutral as many lines of force 
leave the end C as enter at B. So the induced positive and negative 
charges are equal. 


Notice, in Fig. 28(a), that all the lines of force proceeding from A 
do not terminate on B ; some of them proceed and end on the walls 
ofthe room. This shows that the total positive charge on A is greater 
than the induced negative charge at the end B. This is always the case 
unless the inducing body is completely surrounded by the induced 
body (vide Art. 20). 


Case If —When BC is earthed [Fig. 28, (5)], its potential is reduced 
to zero and the lines of force from C disappear, that is, the free 
positive charge is neutralised, and many lines of force, which formerly 
passed dircct to the walls of the room, which are at zero potential, 
now traverse a shorter distance to the end B, which is also at zero 
potential, thus increasing the number of lines of force entering the 
conductor at B. So, the negative charge at B is slightly increased. 


Case 11]—When the earth connection is cut off and the charged 
glass-rod is removed to a distance, the lines of force terminating at B 
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spread over the surface of the conductor that is, the negative charge is 
distributed all over the conductor [Fig. 28 (c)]. Note that in this case 
the lines of force proceed from tbe walls of the room towards BC. 


48. Explanation of Charging a Gold-leaf Electroscope by Induction 
in Terms of Lines of Force :—The charging of a gold-leaf electroscope 
by induction can be explained in terms of lines of force proceeding as 
in Art. 47, Fig. 29 gives the three cases corresponding to that article 
leading to the charging of an electroscope negatively by induction 
(Art.]5), the two tin-foils within the electroscope having been shown 
to be permanently connected to the earth. 


(b) 
Fig. 29—Charging a Gold-leaf Electroscope by Induction. 


Explanation.—When the positively charged rod is brought near the 
disc of the uncharged electroscope, a number of lines of force starting 
from the rod terminates on the disc. As the disc, the brass rod, and 
the leaves of the electroscope form one conductor, the number of lines 
of force emerging out of the positively charged leaves and terminating 
on the earth-connected tin-foils within the electroscope is the same as 
the number ending on the disc. The tin-foils facing the leaves are 
thus negatively charged by induction, the positive being neutralised 
by flow of electrons from the earth. These lines of force which are 
supposed to have a force of tension, drag the leaves apart as in Fig. 
29(a). In Fig. 29(b), the disc is touched by the hand and the positive 
charge on the leaves is neutralised and the lines of force between the 
leaves and the tin-foils vanish, and so the leaves now having no tension 
collapse. In Fig. 29(c), the charged rod is taken away and the negative 
charge or the disc is distributed all over the conducting parts. This 
time the leaves being negatively charged, thetin-foil become positively 
charged by induction. The lines of force starting from the tin-foils 
terminate on the leaves and draw the leaves apart. 


49. Explanation of Faraday's Ice-pail Experiments by Lines 
of Force :—As the charged ball 4 is gradually introduced within the 
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can, more and more of the lines of force starting from the charged ball 
will end on the can. If the ball is not sufficiently inside, the induction 


a Fig. 30 


in the can is bound to be incomplete, for all the lines of force will not 
terminate on the can [Fig. 30,(a)]. When the ball is almost surrounded 
by the can, all the lines of force emanating from the ball must end on 
the inside of the can [Fig. 30,5), and so the induction will be 
maximum. Since a line of force starts from a positive charge and ends 
on an equal opposite charge, the inducing charge is equal to the induced 
opposite charge. 


Example.—J. Charges of 3,—4, 5 and 6 units are placed at the corners 
A, B, C, D respectively of a square, each of whose sides is equal to 10 cms. Find 
the potential of the middle point of the square. 


A Distance of the middle point from each of the corners of the square 
=10/ J2. 


. pa3N2,—4N2, 502, 602 1042 — 5 A4 uni 
iiid y fo + 10 t 10 ^ 10 7 10 = 42 17414 units. 


2. A hollow spherical conductor whose radius is one decimetre is charged with 
JO units of electricity. Find the potential (a) at the surface of the sphere, (b) 
inside it and (c) at a point 25 cms. from the centre. 

Ans. (a) One decimetre=10 cms. Potential V= 2.5! E.S;U; 

(b) The same as that on the outside i.e. 1 E.S.U. 


2D o 
(c) V= 7735704 E.S.U. 


3, Find the work done when a charge of — 10 units is removed from any point 
A, at a distance of 10 cms. to another point B, at a distance 20 cms., from a 
charge of 80 units. 


Ans. Potential at A- Va- 0-8; Potential at B= Vo= 
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Potential difference = Va—Vg=8—4=4,. 
< The work done in removing —10 units~"4 x —10= —40 ergs. 


‘The work is negative because the electric attraction resists the movement of the 
charge as it is moved from a higher to a lower potential. 


50. Electrostatic Screens :—If it is necessary to shield any 
delicate instrument from the disturbing effects of other charged bodies, 
the instrument may be placed inside a hollow conductor, because there 
can be no induced charge inside the hollow conductor due to exterior 
charges. A hollow conductor serves as a screen whether insulated or 
earthed. 


In order to protect a delicate instrument, like a gold-leaf electro- 
scope, from the action of a charged body, an earthed metallic plate 
may be interposed between them, as in 
Fig. 31. The lines of force from the 
are all intercepted by the plate and thus 
the instrument is screened, 

a Magnetig and Electric Pheno- 
mena Compared :— 

i) Generation, —Artificial magnets can 
be prepared by rubbing a rod of iron or 
steel with lodestones or powerful artificial 
magnets. Electricity can be developed by 
rubbing two dissimilar substances, but in 
this case the rubber and the rubbed both 
get electric charges in equal and opposite 


Fig. 31 
quantities. 


(i) Distribution. —The magnetism of a magnet is almost entirely 
localised at the two poles, but electric charge is distributed all over 
the surface of any char; conductor; the distribution however, 
depends upon the shape of the conductor. There is no relation between 
the shape of a magnet and the distribution of Magnetism on it. 


Gii) Laws of Force.—The laws of attraction and repulsion are 
almost similar in the two cases. 


(v) Magnets and Charged Bodics.—(a) A magnet attracts 
Magnetic substances only; a charged body attracts any light object, 
(b) A freciy-suspended magnet turns into a particular direction ; a 
charged body does not, (c) Each magnet has two kinds of magnetic 
poles, but a charged body has one charge only (except in the case of 
induced charge): magnetic poles cannot be separated (vide Art. 20, 
Part V), but we cun separate positive electricity from negative electri- 
city. (d) Magnetism of a magnet is not lost by touching it with the 
hand, but a charged body is discharged in this way. 
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(v) Magnetic and Electric Induction.—For the comparison of 
magnetic and electric induction, vide Art. 18. 

(vi) Lines of Force.— The general behaviour of the magnetic and 
electric lines of force is almost the same, though there are some 
important differences [vide Art. 23(iii)] 

52. Total Normal Induction :—The electric intensity at any point 
within an electrostatic field is proportional to the electric induction and 
the number of tubes of force crossing a unit area (one sq. cm.) of the 
plane perpendicular to the intensity is called induction. In air, 
electric intensity, E at a point » no. of tubes of force through one sq. 
cm. arca round the point. If air is replaced by a medium of dielectric 


h sie á l : 
zonstant A. the electric intensity, B= "K* no. of tubes in one sq. em. 


area. 

But we know that 4x no. of tubes emanate from 1 e.s.u. of charge. 
So the number of tubes originating from Q units of charge will 
be 4xQK. 

Now if we suppose that the number of tubes originating from Q be 
4xQJK in all directions, then these tubes will at a distance of r cms. 
embrace the total area equal to the surface area of a sphere of radius 
roms, The total area embraced = 4xr*. 


The no. of tubes in cach unit area = 7G E ^ [LU] 


According to the law of Inverse Square, the intensity due to +Q 
units of charge at a distance r cms. is, 


Beg mA E Fay x fign: and here Q, =Q; 2-1] 
^ L x no. of tubes in each unit area. 


The total no. of tubes of force passing perpendicularly through 
a surface is called Flux of Electrical Induction over the surface, which 
is equal to the no. of tubes in each 
unit area x the total area = KE x ds. cos 9 
Consider an element of area, ds 
in which the electric intensity, Æ is 
at an angle 9 with the normal to the 
surface. Then the intensity along 
the normal = Æ cos 0 and the no. of 
tubes emanating normally irom each 
unit area of surface = KE cos 0. 
.. The normal induction or the ds 
total no. of tubes emanating normally MAN 
from the element ds = KE cos 0 x ds. ig. 
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Remember that the normal induction and the electric intensity 
are conventionaly taken positive when they are in an outward 
direction. : 

53. Gauss’ Theorem :—Gauss’ Theorem states that the total 
normal induction (or electric flux) over a closed surface is either 4n 
times the charge or zero according as the charge is enclosed by the 
surface or not. 


To establish the first part of the theorem let us consider a closed 
surface SS’ enclosing a charge +q at the point O. Now let us cal- 
culate the electric flux or normal 
induction due to +q overa small 
element of area ds on the closed 
surface. Let tne distance of ds from 
O be OP=r. Since, by defini- 
tion, induction (D) is equal to the 
intensity in free space, its value in 
a medium of permittivity K will be 
D=KE, where E is the field in the 
medium. The direction of E at P 
Fig. 33 is evidently along OP acting out- 

, wards. So the comporíent of E nor- 
: mal to ds is E, = E cos 0, where 0 is the angle between the field vector 
and the normal to the surface element. 


.. The normal induction at P is D, - KE,- KE cos 6, which is 
conventionally taken positive in an outward direction. This is equal 
to the number of tubes of induction passing normally through each 
unit area at P. 


.. The electric flux or normal induction over ds no. of tubes 
passing normally through ds = D,ds = KEds cos 6. 
In a medium of permittivity K the electric iniensity at P due to 
+q is E-q[Kr? 
The normal induction over ds= Dds =K. Ka ds.cos @ 
ds cos 0 


=q. ~a =q do 


where dw is the solid angle subtended by the element ds at 0. Simi- 
larly, considering all other elements of the closed surface, the total 
normal induction over the total surface will be given by, 

X D„ds = q£do =42q 


Thus the first part of Gauss’ theorem is established. 


THE ELECTRIC FIELD : POTENTIALS 141 


To establish the second part of the theorem, let us consider the 
charge +q outside the surface. If an elementary cone of solid angle 
do be drawn from O, it would 
cut the surface twice in areas 
ds, and ds, at A and B (Fig. 34). 
Then do = TI PES 

The norma! induction at A 
is inwards (negative) and that 
at B is outwards (positive). 
Hence the contribution to Fig. 34 


TANI. due to ds, and ds, - -q ds coso, + qas. uy 
1 2 


= — qdo + qdo- 0. 


Similarly, drawing a number of flux cones to cover up the whole 
area, it can be shown N.I. reduces to zero for each of these flux cones 
(ie. due to the corresponding sectional areas). So summing up the 
contributions of all of them the T.N.I. also becomes equal to zero i.e. 


S D, ds - 0. 


Note.—If the charge 4-'g' lies on the Gaussian closed surface under considera- 
tion, then «o calculate T.N.I., let us consider an elemen- 
tary area ds having a charge c. ds on it where, ø is the 


pa surface density of charge. 


The contribution to the total normal induction due 
to v.ds- eds Y\du=a.ds x 2r. 


vie (As the solid angle is contained only in one side 
P of ds.) 
“. Considering the contributions of all the elemen- 
N tary surfaces, the T. N.I.—-2sZo.ds. 
SS -2r4. 
Fig. 35 


Applications of Gauss’ Theorem :—Gauss’ theorem is applied in 
determining the electric intensity, E at any point due to other charged 
surfaces. At first, the total normal induction is found out over the 
charged surface. The total normal induction, 7.N.J.=KE ds cos 0. 


According to Gauss’ theorem, T. N.J. = 47q. 


4zq- KE ds cos 0 gus sis S KÀ (1) 


54. The Electric Intensity due to an Insulated and Charged 
Conducting Sphere :— 
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(a) External point.—Let A be an insulated conducting sphere of 
radius r and let it be given--q units of charge. 
To calculate the intensity at an external point 
" v P, x cms. from the centre of the sphere due to 
AA this charge +g, let us draw a concentric Gaus- 

b^ sian spherical surface through P surrounding 

the inner sphere. If Ey be the intensity at P 


^, and K the di-electric constant of the medium, 
N; pA the induction is given by, 
ase D-KEs. 
Fig. 36 The total normal induction over the newly 


drawn Gaussian surface is equal to 4aq, as it 
encloses the inner sphere. 
(1) 


5 D, ds 4xq. 


Since the intensity is normal to the spherical surface, D, is equal 
to' KE,. 


From (1), KEy.4xx* - 4aq f 
or, Er- xis BS d FE 2) 


So we see that the charges on the sphere practically exert their 
influence at an externa! point in such a way that they may be supposed 
to be concentrated at its centre. ; 

55. Electric intensity due to a Charged Infinite Plane.—Lct AB 
bea portion of a charged infinite plane, having a uniform surface 
density of charge, ¢ on each surface and placed in a medium of 
dielectric constant, K. 

(a) lmagine a small vertical cylinder abcd, whose plane faces are 
ab and cd (each of area ds) 
and is placed near the charg- 
ed surface 4B with ab and 
cd parallel to the surface. 
Since the charged surface is 
infinite, the lines of force and 
hence the electric intensity at 
every point is perpendicular : 
to the plane. Fig. 37 

Suppose the electric intensity on ab £,, and that on cd= E,. 

.. Total normal induction, T.N.I. on ab= KE, ds 

" » » » €de —KE,ds 

The value is negative because the normal is directed inwards. 
Since the lines of force start normally from the conducting surface no 
lines would pass through the curved surface of the cylinder and hence 
electric induction is zero on this surface. 

Again since there is no charge inside the cylinder, the total normal 
induction, T.N.I. «0 a ds ...(Gauss’ Theorem) 

-. KE,ds~KE,ds~0; or E, =E, ah 
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Hence the clectric intensity is the same at any point near the 
charged surface. 

(b Now, imagine the 
small cylinder abcd in the 
position as shown in Fig. 38. 
The values of total normal 
induction on both the faces 
ab and cd are positive because 
they are directed normally 
outwards. As in the pre- 
vious case, T.N.I. over the 
curved surface ofthe cylinder 
is zero, 

.'. The total normal induc- 
tion over the plane faces 


A 


= KE,ds+ KE,ds=2KEds (2) 
: [^ E. ES] 
From Gauss’ Theorem, 4xq = 2K Eds MW. da (3) 
Now q=<.ds ; or charge = surface density x area. 
2x0 


4xods -2KEds; ;. E97 


, This principle is used in the parallel plate condensers. The charge 

on the plate of such a condenser is in one direction, but the electric 
field is present on both the faces of the plate. 

56. Coulomb's Theorem: Intensity at a point close to a plane 
sheet of conductor yes. i a :—Let X represent the plane 
conducting t, the right-hand face of which 
CONDUCTING has a surface density of charge « and let P be a 
point close to it. On this face let us take an 
area A equal to 1 cm. So the charge on A is e 
units. Now let us draw a short right circular 
Gaussian cylinder ab through A such that its 
cross-sectional area is everywhere 1 cm.*, and 
its left-hand face b lies inside the sheet. As 
there cannot be any intensity in the material 
of the conductor, no flux is encountered by the 
face b. 

Again since the lines of force start normally 
from the conducting surface neither any lines 
would pass through the curved surface of the 

inder. 


í cyli , 
^de ;. The total flux is experienced by the face 
‘a’ on which the point P lies. By Gauss’ theorem total flux = 427. 
sS DA Axe ; or, K.E. 14x, 
where A« 1, K=d.c. of the medium, and Æ is the intensity at a point 
P on the face a. 
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Ano 


Hence E= -p 
-. The intensity at any point close to the conducting sheet (as: 
T 
point, P) will be given by e This important result is generally 
known as Coulomb's theorem. If the medium be air, this intensity 
will be given by E=4ac. 

It should be remembered that the expression for intensity, as 
derived above, applies in general, in cases of a charged conductor. 
The intensity at any point close to a charged conductor will always 
be 4zc because whatever be the shape of the conductor, a very small 
section of it can always be taken to be plane and hence the above 
deduction will be valid in that case too. 

57. Klectric intensity near a charged cylindrical conductor :— 

Let AB (Fig. 40) represent an infinite conducting cylinder carrying an 
electric charge ‘+q’ unit per centimetre of its length. P is any point 
near its surface at a distance of r cms. (rom its axis. We shall now 
calculate the intensity at P due to the charge on the cylinder. If E, 
be this intensity and K, the di-electric coefficient of the medium, 

i then the problem can be easily solved 
by drawing a Gaussian cylinder of unit 
length and of radius r cms. coaxially 
with the charge-carrying cylinder. From 
the symmetrical nature of a cylinder, it is 
easy to infer that the field is everywhere 
radial so that the flat surfaces (upper and 
lower) of the Gaussian cylinder encounter 
no flux at all (if there is no distortion 
of the field near the end). So the total 
flux must be limited to the curved 
surface of the cylinder, whose area is ` 
2ar x | =2xr cm.* 


.. The flux over that surface=2arKE,. Since this. surface 
encloses a charge equal to +q units, by Gauss’ theorem the total 
normal induction is evidently 4xq. 

<. QxrKE,-4aq; 

or, Ey=2q/Kr id ics (1) 
. The expression of intensity E is independent of the radius of the 
inner cylinder. So it is also applicable in the case of a charged linear 
conductor, e.g. a telegraph wire. j 

If the point P is very close to the charged surface of the cylinder 
whose radius is R, then from (1) 


E, - ; if « be the surface density of charge, q-2xRc 


Fig. 40 
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58. Cylindrical Condensers :—In a cylindrical condenser a charged 
solid metallic cylinder is surrounded by a hollow metallic cylinder of 
larger radius—the latter being generally earthed. The submarine 
cable is an example of such a condenser. 
Here the copper cable forms the inner 
charged cylinder and the conducting saline 
sea water the outer earthed cylinder, the 
intervening space being filled up with the 
suitable insulating material which serves 
as the sheath of the cable. Let a and b 
respectively be the radii of the inner and 
the outer cylinders and K the permittivity 
of the intervening medium. Let us con- 
sider a unit length of the condenser for the 
time being. Suppose +-Q e.s.u. of charge 
be given to this unit length of the inner j 
cylinder. As the outer cylinder is earthed, Fig. 41 
the p.d. between the inner and the outer cylinder will be equal to the 
potential of the inner one. To calculate this potential, V, take a point 
P in the interspace at a distance r from the common axis. The 
intensity E at P is given by, e 

V 


E=20/Kr= c 


bp E drm 20. dr. 
Potential difference between the surfaces of the inner and 


. a 
outer cylinders = J dV 


a —9 a 
or, Va—-V,- Hr rze] 5 
D b 


= =I logy r j^ = log,a—log,b | 
b 


2 2 
~72( log, b—log, a j- log, E 
The outer cylinder being earthed, potential of 5 «0, so 


X2 
va? top, 


The capacitance per unit length ( ~ “tates per unit length) 
5 potential 
9 [^] K 


7V720 tog.” 2 tog, ^ 
K E 2 log. 3 


Vol. II(St. E)—10 
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Kl 
Hence the capacitance of / cm. of the condenser = PRI 7p esu. 
2108s — 
a 


KI 


2 x 2:308 x log, P »9x105 


i charged conducting surface :—Let PQ be 
devo. £ the charged von- 


uF. 


Q ductor and AB 

any unit area 

——— jul chosen on its 

pnma surface (Fig. 42). 

270 TUBES /em? {SS Jine am Ifo be the sur- 
DUE TO REMAINING TEN face density of 
CHARGES CUM CHOR NEN the charge then 
iNsIDE THE. |È 4zc tubes should 

CONDUCTOR OUTSIDE emanate from 

? this unit ‘area. 

Fig. 42 Though experi- 


mentally we do not get any trace of any tube of force inside the conduc- 
ting medium (on the L.H.S. of AB in Fig. 42), theoretically these lines 
should be equally divided into two groups—2ze tubes proceeding 
towards the right-hand side of AB and 2c tubes towards the left-hand 
side. Sinc> all the tubes start normally from the conducting surface 
there can be no flux along the conductor. The absence of any tube on 
the left-hand side can be easily accounted for by supposing the mutual 
repulsion between like charges. As the conductor has been charged 
throughout, the charges on all portions of it excepting AB will exert 
a repulsive force on AB and thereby try to remove ‘o’ from the surface 
in a normally outward direction. Now as the 2x0 tubes due to charge 
g on AB, which should have been theoretically present in the conduc- 
ting medium, cannot be experimentally detected, it signifies that their 
effects are totally cancelled by an equal number of oppositely directed 


the surrounding medium has K — 1. 


To calculate the mechanical force on the conducting surface, we 
can easily take help of the above discussions. We have seen that 
inside the conducting medium 2z« tubes of force are outwardly directed 
and that they owe their origin to the remaining charges on the 
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conductor. Thus we can Say that these 2xc tubes are actually directed 
towards each unit area of the conducting surface so that the electric 


intensity at AB is E- 7" dynes|unit charge, when the conducting 


surface is in a medium whose di-electric coefficient is K. 


Suppose P and Q (Fig. 43) are two very close points on the 
opposite sides of ab so that the intensities 
due to the charge on the conductor may be jg gu 
taken to be identicalat both of them. Let n 
E, be the intensity both at P and Q due to « $ 
on ab and E, due to the remaining charge on Qe, 
the conductor, E, at Q is evidently directed in firs pu 
opposite sense to E, and at P both of them LAT 
act in the same sense. Again as in the interior 
of a conductor (such as point Q), the electric 
intensity is .Iways zero, we have, Fig. 43 

E.—E,-0; or, Ei-E, 
At P, the resultant intensity is E, +E, = 4x0/K. 
„(by Coulomb's theorem) 
2E,—4xe|K or, Ep =2x0/K=E, 

Since the charge on AB is c unit, the outward normal force 

experienced by it will be given by 


- 2xc? 
F= field strength x charge = E x c = TEC dynes. 
The force per unit area of a charged conducting surface is 
2 
given by Prt dynes/em.* s TA a (1) 
But as the intensity just outside the surface is given by E, - 


(Coulomb's theorem) where K — d.c. of the outside medium, we can write, 
„AEk, 
ji 4x 
Substituting this value pj y in (1), we gei; 
2 2x k KE, I 2 
F K” lex? 7 i -dynes/cm. bes ; 


(2) 


60. Energy in an Electrostatic field : 
—Suppose a surface element ds of a 
conductor charged to a surface density e 
bedisplaced backwards through a distance 
dx (Fig. 44). Since the electrostatic pres- 
sure acting on ds in the outward normal 


23 


direction is -77. the corres nding force 
K ponding 
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So the work done by the external agency causing the displacement 
is given by, 


Wa 2*7. ds x ds DTE ay Te SED 


But as Ej “x (by Coulomb’s theorem) 


o = KE,,/4x 
Substituting in (1), W 


2% KEx\? |... LU KEK? Aou 
KV 4x ) ds x dx ux ds.dx. 

Since due to this displacement the field is increased in volume by 
an amount ds x dx, the above energy expended by the external agency 
is stored up there in the form of potential energy of the increased 
volume of the field. 

So the energy associated per unit volume 

KEx* ds.dx 
= ga: dsdx 
= KE,’ [8a = DE,/82x ergs. 


61. Attracted Disc Electrometer (Absolute Electrometer of 
Kelvin Type ) :—1t is essentially a parallel plate air condenser provided 
with a guard-ring arrangement. 

A is the attracted disc which is carried by a small coach spring S 
and situated in the plane of the 
guard-ring G (Fig. 45). A is main- 
tained at a constant potential. 
Bis brought in turn in contact 
with the bodies the (difference of 
potential between which is to be 
determined. It can be raised o: 
lowered by means of a micrometer 
screw M attached to it. 


To measure the potential of a 
body with its help, first earth 4, G 
and B. Now put a small weight i 
upon A which is evidently lower- 

Fig. 45—Absolute Electrometer. ed. Now by means of an adjusting 
screw N, A is again brought in the plane of G. ‘This coplanarity is 
to be ensured optically. In some forms a pointer is provided whose tip 
lies against a mark, f. on the fixed casing when A and G are coplanar. 
The weight is now removed and A is raised from the plane of G. 
Now B is disconnected from the earth and then connected to the 
body whose potential V is to be determined. Now by adjusting the 
position of B by means of M, the distance ‘d’ is made such that the 
attraction between A and B brings A again in the plane of G. Then 
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the attractive force is evidently equal to mg, where g=accl. due to 
gravity. 

Since the electrostatic field between the plates is uniform, the 
electric intensity at every point is equal and acts in the perpendicular 
direction. Thus the electric intensity, E= V/d. 


Also. the force of attraction on an unit area is 
. [ for air K=1] 


If A be the effective area of the plate (i.e. area of the plate A+ 4) 
the space between A and the guard-ring, (G), then the total force of 


E: AV? 
attraction, F= gol = zde 


or, V= anf® ME ergs per e.s.u. of charge. 


r If A is kept at a constant potential by a Kelvin’s replenisher 
instead of being earthed and p.d. between two bodies is to be measured, 
then connecting B to the first body, we have, 


Va Vs d, / STE 
A 
where d, = distance between plates in the first part of the experiment, 


V, = pot, of the first body and V, = const. pot. of A. 
Next connecting B to the second body at potential V,, we have 


Va- Vande frm, d, being the new distance between the 


plates. Hence, V2—V1 ALTA I 


Thus knowing 4 and zig from actual measurement and (d, —ds) 
from micrometer screw readings we get the absolute value of the p.d. 
The exact knowledge of d,, d, and Va is not essential but Va must be 
always kept constant. 

So, this is called an absolute electrometer. 

[t is used to measure the specific inductive capacities of solids. 

It is not very sensitive, the force of attraction being very small 

- even for a few hundreds of volts, the plates are to be kept very close 
10 cach other. 
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Questions 
l. Define (i) unit electric charge, (ii) electric line of force and (ii) electric 
intensity at a point. ` (Bihar, 1956) 
2. Explain clearly the meaning of an electric line of force. How does it 
differ from a magnetic line of force ? (Pat. 1936) 


3. A and Bare two small spheres charged +9 and +16 units of electricity 
respectively. The distance between them is 28 cms. How far from A along the line 
AB will the intensities due to the charges be equal ? (C. U. 1947) 


{Ans.: 12 cms. from A towards B ; as also 84 cms. from A away from B. ] 


4. State carcfully Coulomb's law of force between electric charges and hence 
show how the idea of an electrostatic unit of charge is derived, 
(Pat. 1944 ; cf. All. 1944) 


5. Two small equal spheres carrying charges of 5 and 10 units are placed 20 
cms. apart. Find the force they exert on each other, (a) before, (b) after they 
have been connected for a moment by a fine wire, 


[Ans.: 4, 2; dynes.) 


6. State the law of inverse Squares in electro-statics and hence define unit of 
charge. What do you understand byan electric field and how do you define 
“electric intensity’ at a point in the field ? 


A charge of +20 units is placed 4 cms. from a charge of —30 units. At what 
Point on the line joining the two charges will the intensity of the electric field be 
zero ? (Bihar, 1953) 


[Ans.: 178 cms. away from :+20 units of charge and 21-8 cms. from the 
charge, —30 units. ] 


7. Two small pith balls hanging by silk fibres 30 cms. long from the same 
Point are given equal charges and repel each other to a distance of 6 cms. If the 
pith-balls weigh 10 milligrams each, find the charge of each. 


[Ans.: +6 C.G.S. Units.] 


8. Two small metallic spheres each weighing 5 gms. are suspended from a point 
by two strings of negligible weight and each of length 30 cms. When the spheres 
are charged with equal quantities of electricity, the two Strings make an angle of 
30° with each other. Find the amount of charge of each of the spheres. 


[Ans.: 563-22 units,] (Pat. 1927) 


9. Define “Electric field ata point’. A, Band C are the three corners of an 
equilateral triangle whose sides are each 5 cms, in length. Two point charges of 
+100 and —100 e.s. units are placed at 4 and B respectively. Find the direction 


10. Prove that the electric potential at a Point due toa charge concentrated 
at'a point is inversely Proportional to the distance from the centre. 


(cf. Pat. 1939) 

11. A hollow spherical conductor whose radius is one decimetre, is charged 

with 10 units of electricity. Find the potential (a) at the surface of the sphere, 

(6) at a point 25 cms. distant from the centre. (C. U. 1934) 
[Ans.: (a) 1 E.S.U. ; O4 ES.U.] 


1 


THE ELECTRICAL FIELD : POTENTIAL 151 


12. Obtain the value of the potential at a point due to a single electric charge ` 
-+q at a distance r from it. (C.U. 1934, *51 ; Pat. 1948, '49 ; A. B. 1952) 


13. ABCDisa sq. of 20 cms. side. Positive charge 6, 12 and 24 e.s. units 
are placed at the points A, Band C. Calculate the work required to transfer a 
unit positive charge from D to the centre of the square. (Pat. 1946) 


[Ans.: 1-02 units.] 


14. ABCD is a square of which each side is 10 cms. Charges of +100 units 
are placed at each of the corners A, and C and a charge of —200 units is placed at 
the corner B of the square. Calculate the potential at the corner D. (Utkal, 1952) 


[Ans.: 5'8 E. S. U. of potential.] 


15. Three equal charges, each of ‘q’ units, are placed at the three corners of a 
square of side ʻa’ cm, Find the potential at the forth corner. (Pat. 1949) 


16. Charges of 10 E. S. U. of positive electricity are placed at the four corners 
of a square each side of which is 8 cms. Calculate the potential at the point of 
intersection of the diagonals. (Pat. 1943) 


[Ans.: 542 E. S. U] 


17. An electron which may be regarded as a small body of mass 9x 107*^ gm. 
carrying a negative charge of 4:8x 107'? e. s.u. starts from rest from a point on 
one conductor and reaches a second conductor with a velocity of 10° cms./sec. 
Calculate the potential diff. between the conductors in volts. (1 volt= $5; e.s.u.) 


[Ans.: 281-25 volts.] (Pat. 1953) 


18. You are given an insulated charged hollow, pear-shaped conductor in which 
a hole has been drilled at the top. How would you proceed to investigaie (i) the 
surface density of the charge on (a) the outside. (5) the inside surface of the con- 
ductor ; (ii) the potential of (a) the outside, (b) the inside surfaces ? What results 
would you expect ? Give your reasons. (Pat. 1924 ; cf. C. U. 1917) 


19. Describe expts. to show that the potential is the same throughout the 
whole space in the interior of a hollow charged conductor, and that it is the same 
as that of the conductor itself. (Pat. 1948) 


20. An insulated ice-pail and an insulated brass ball are both charged with 
positive electricity, the pail to a high potential, the ball to a low potential. The 
ball is then brought close to the pail and lowered into it without touching until 
the bottom is reached. After contact, the ball is removed. Describe the charges 
and the potential both of the ball and the pail, (a) before cotanct, (b) on contact, 
and (c) after removal. (Pat. 1930) 


[{Hints.—(a) The potential of the ball increases until it reaches the bottom : 
(b) the potential is the same ; (c) the potential of the ball is zero that of the pail 
increases still more.] T 


21. Describe an experiment to show that the surface of an electrified conductor 
is an equipotential surface. (C. U. 1926 ; cf. Pat. 1939) 


22. Whatis meant by electro-static induction? Explain this phenomenon 
by considering the potential. How would you proceed to prove that the total 
charge induced is always equal to the inducing electrification ? (Pat. 1936) 


23. How would you charge a gold-leaf electroscope positively by the method 
of induction? State generally the conditions of the electroscope during the diffe- 
rent stages of the above experiment, regarding the following points—(a) the total 
charge on the electroscope ; (5) its potential ; (c) the divergence of the leaves. 


(Pat. 1929) 
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24. An electroscope is surrounded by a cylinder of wire gauge which is put to 
earth. If an electrified body is brought near to it, how will the leaves behave ? 


[Hints.—1f the wire gauge cylinder completely surrounds the electroscope, 


then, on bringing the electrified body near to it, opposite charge will be induced 
on the outside and similar charge will escape to the earth. The electroscope is 
unaffected.] 


CHAPTER IV 
Capacity : Condensers 


62. Capacity and Potential We know that every body has a 
capacity for receiving heat, known as the thermal capacity of the body, 
which is the quantity of heat required to raise the temperature of the 
body through one degree. Similarly, the electrical capacity of a conduc- 
tor is measured by the quantity of charges required to raise the potential 
of the conductor by one unit. Thus, if C be the capacity of a conductor 
raised to a potential V by a quantity of electricity Q, we have, 
C=Q/V ; or, Q=CV; or, expressed in words, i 


ity — Quantity of charge. 
CHO ES EROR. 


Unit of Capacity.—In the above relation, if Q-1 and V=1, then 
C=]. Thus, a conductor is said to have a capacity of one electro- 
Static unit (e.s.u.) when one electro-static unit of charge raises its poten- 
tial by unity. 

The practical unit of capacity is a Farad. A conductor has a capacity 
of 1 Tor if a charge of one coulomb of electricity raises its potential 
by 1 volt. 


A- farad is rather too large a unit for ordinary purposes ; sc the 
usual unit is one-millionth (1079) of a farad, which is called a micro- 
farad (uF); 1 farad - 105 micro-farads. 

Tt should be noted that the farad is founded on the eleciro-magnetic 
system of units, being derived from the volt and coulomb (vide Part VII. 
Ch. IV). 

I farad «9 x 1011 electro-static units of capacity. 

1 micro-farad=9 » 105 7 » » 
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63. Capacity of a Conductor depends upon its Surface Area :— 
This can be shown by taking a sheet of tin-foil attached to a roller of 
glass G, at the lower end of which a small 

Joad L is provided in order to keep the S 
sheet stretched (Fig. 46). The sheet can 
be rolled up or down. Connect the lower 
end of the sheet with an electroscope E 
by means of a wire and charge it when, 
unrolled. Notice the amount of divergence — € i Ts 


ROLLER 


which indicates the potential of the sheet 
due to the charge given to it. As the sheet 
is rolled up the area of the exposed 
surface is diminished and the divergence Fig. 46 

of the leaves will be found to increase, 

indicating rise of potential. This shows that the capacity has diminish- 
ed (the quantity of electricity having remained the same). It is also 
evident from the relation C=Q/V, for when V is greater, C is less, Q 
remaining constant. As the sheet is rolled down, area of the surface 
will be increased, and the divergence of the leaves will be found to 
diminish, indicating fall of potential. This means that the capacity 
has increased, the quantity of charge having remained the same. Thus 
the capacity of a conductor depends upon the area ; it increases as the 
area increases and decreases as the area decreases. 


63. (a) Capacity of a Sphere :—Let a sphere of radius r (Fig. 47) 
be charged with Q units. Now 
the potential at any external 
point due to the sphere at a 
distance of d cms. from the 
centre of the sphere=Q/d. 
Therefore the potential of points 
on the surface of the sphere— 
: that is, the potential of the 
Fig. 47 sphere, 


g^ anA OnO 
V= Fi or, the capacity C v-o" 

Or, the capacity of a sphere is numerically equal to its radius. 

When it is said that the capacity of a conductor is 1 cm. it means 
that its capacity is equal to the capacity of a spherical conductor of 
radius 1 cm. 

The capacity o 
micro-farad. 

(b) Surface Density of Charge of Charged Spheres.— Consider 
two uniformly charged spheres of radii rı and ra, placed at a consider- 
able distance apart, charged with Q, and Qs units respectively 
and joined by a long fine wire. If C, and C, be their capacities and 
V their common potential, we have Q, =C, V and Q: = C,V. 


f a sphere of 1 inch radius is about 00000028 
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“+ Q1:Qa—Cy:Cg=ry irs, ie. the charges of the spheres, like 
their capacities, are directly proportional to their radii. 


Now, denoting the surface densities (which are uniform) of the 


sphere as P, and /,, we bave, p, : Ps QiAzr,* : Qs [Azr,9 (vide 
Art. 30) 


Fa? aras 
E tis alter oes 
Qs ri?" ra ry 


ie. the surface densities are inversely proportional to the radii. 


64. Potential energy of a Charge :—The potential of a conductor 
due to a given charge should be clearly distinguished from the potential 
energy of the charged conductor. The potential of a charged conductor 


finity up to a point close upon the conductor is denoted by V and, in 
bringing Q units, the work done will be denoted by QV, supposing 


Suppose a total charge Q is given to a conductor by the addition 
of a large number of small charges in instalments and so the potential 


so the average value of the potential during the process of charging 
(=0+V)/2—V/2. Hence the work done in charging the conductor 
=Q x V/2=}Ọ0V : and this represents the potential energy of a charge 
Q at a potential V. The energy E can be expressed in threz ways— 


(i) E-10V. For a conductor Whose capacity is C, we have 


Q-Cr. 
(ii) E-3CVxV- CV. 
Again, (ii) E=1Cx e P m 


The work done in the process of charging a conductor is stored 
up as the potential energy of the charge, and the Spark, which usually 
accompanies the discharge of a conductor, proves the existence of this 
energy which is dissipated in the form of heat, sound etc, 
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65. The Principle of a Condenser :—The capacity of a conductor 
depends not only on the shape or size of the conductor, or the medium. 
in which it is placed, but also A 


on its position with respect to +j+ En "e * 
other conductors. Let an insu- 

lated metal plate A be connec- dope t tales 

ted to an electric machine (Fig, + -f+ $ LE 

48), and let the plate be fully sitara i + 

charged to a potential + V. On osa 
bringing a similar metal plate Be ae: PR 

: near it induction will take (2) (0) ES 
place; the near side will be i j 

negatively charged, and the far a ms ea MM 


side positively charged [Fig. 

48(a)]. Now the negative charge on B tends to diminish the potential 
of A while the positive charge tends to increase it. But the negatively 
charged surface being nearer, the potential of A on the whole is 
lowered a little, which means that the capacity of A is increased a little, 
for it is evident, from the mathematical relation, C - Q/V that as V 
diminishes C increases. The capacity of A having increased, it is now 
able to take a slight additional charge. 


If B is now earthed, the positive charge on the far side of it 
disappears [Fig. 48(5)], and the opposing influence being absent the 
potential of A is further lowered and so the capacity of A is also further 
increased and consequently, it will now receive a much greater charge 
from the machine. Hence, it is seen that though it is not essential 
that the condensing plate B should be earthed, it is better to have an 
earthed condensing plate. ` 

Such an arrangement, by which the capacity of an insulated charged 
conductor is increased artificially by bringing an earthed conductor near 
it, is called a condenser. 

The above condenser is known as a Parallel Plate Condenser. 


Similarly, a condenser can consist of two concentric spheres (one 
of them being earth-connected) having an insulated medium between 
them. Such a condenser is called a Spherieal Condenser. 


66. Potential of a Condenser :—The potential of a condenser 
means the potential attained by the insulated conductor of the 
condenser due to a charge given to it. The earth-connected conductor 
of the condenser being at zero potential, the potential of the insulated 
conductor also gives the difference of potential between the two 
conductors, i.e. the insulated conductor and the earth-connected 
conductor which form the condenser. 


67. Capacity of a Condenser :—The capacity of a condenser 
means the capacity of the insulated conductor of the condenser. So 
it may be defined as the amount of positive charge which must be giver 
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to the insulated conductor to raise its Potential by unity. 1f a charge 
Q raises its potential by V, then the capacity, C= Q/V. 


68. Experiments on the Capacity of a Condenser :—(i) , Connect 
the insulated metal plate A (Fig. 49) by means of a fine wire with a 
gold-leaf electroscope. Remove B ; charge A positively and observe 
the amount of divergence of the leaves. Hold in the hand a metal plate 
much smaller than A at a distance say, 10 cms. apart, in front of A. 
Notice the diminution of divergence. Now remove the small plate and 
replace it by an uncharged and insulated plate B which is much larger 
in size. The divergence is still more diminished, which shows that the 
potential of A has decreased. But the charge on A is the same as 
before ; so it shows that by bringing an insulated conductor near it, 
the capacity of the conductor has been increased (cf. V— Q/C), since 
the potential has diminished. 


ii nnect B to the earth and notice that the divergence 
Gn New co decreases still further. The quantity of 
í charge on A remains unaltered, and so this 
shows that the capacity of A has increased 
further due to the presence of the plate B 
when connected to the earth. 

Parallel Plate Condenser.—The combi- 
nation of two conducting plates A and B 
placed parallel to each other at a small 
distance apart, which can be conveniently 
adjusted, is known as a Parallel Plate 

Fig. 49—A Parallel Plate Condenser (Fig. 49). One of the plates is 

Condenser. preferably earthed. The medium between 

the two plates may be air, or any other suitable dielectric. The charge 
is given to the insulated plate. 


Suppose A is insulated and connected to a gold-leaf electroscope 
while B is adjustable and connected to the earth. 


(i) Bring B nearer and notice that the divergence goes on 
decreasing. Now slowly increase the distance of B from A and notice 
the increase cf divergence of the leaves. Thus we see that by decreasing 
the distance between the plates, the potential is decreased, j.e. the 
capacity is increased, the charge on A remaining unaltered. Hence 
the capacity of a condenser is inversely Proportional to the distance 
between the plates. 


(iv) Now keeping the distance between the plates 4 and B fixed, 
carefully insert between the plates a slab. of glass D (Fig. 49), and 
notice the diminution of divergence. By inserting between the plates 
slabs of different dielectric materials, such as paraffin, mica, ebonite, 
shellac etc. decrease in divergence by different amounts will be noticed, 
which shows that the capacity depends much upon the medium between 
the two plates, 


x 
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Thus, the capacity of a condenser depends upon (i) the area of 
the two conductors [vide Art. 63, or expts. (i) and (ii) above] ; the 
larger the plate the larger will be its capacity ; (ii) the distance 
between the plates ; and (iii) the quality of the di-electric medium 
between them. 


69. The Electrical Field between the Plates of a Parallel Plate 
Condenser :— Fig. 50 represents the field of force of a .parallei plate 
condenser. Fig. 5((a) represents 


* 
the distribution of lines of force E 
on the charged plate 4 alone. t t 
Fig. 50(b) shows the distribution 
when the. condensing plate B is 
A ANB AB 


brought near A. At the edges, 
a few lines of force are bent due a» (b) 

2 (c) 
to lateral pressure of the lines 
of force. Fig. 50(c) shows the Fig. 50—Lines of Force Diagram 
distribution when the plates are of a Parallel Plate Condenser. 
closer. The closer the plates, the less is the bending of the lines of 
force at the edges. In this case, the lack of uniformity of the field 
between the plates is slight, i.e., the effective area of the plate is 


increased. 


70. Specific Inductive Capacity of a Di-electric :—lt has been 
found that glass, paraffin, mica, ebonite, shellac, etc. used as di-electrics, 
instead of air, increase the capacity of a condenser, and so they arc 
said to have a higher Specific Inductive Capacity (S.I.C.), which is 
defined as the ratio of the capacity of a condenser ‘with any di-electric 
other than air to its capacity with air as the di-electric, i.e. 


Specific inductive capacity (S.7.C.) of any di-electric, x 


x Capacity of any condenser.with di-electric x 
~ capacity of the same condenser with air as di-electric 


Capacity of a conden- ] _ c t btc 
Ci nt dece xu] M Bos apacity of a similar 
air-condenser. 


Thus, the capacity of a condenser is proportional to the value of 
the S.C. of the material used. For this reason the capacity of a 
condenser is greatly increased with glass (S.7.C. = 85 to 10) or mica 
(S.1.C. 26:64) as the di-electric. instead of air (S.C. = 1). 


71. Determination of S.LC, of a Di-electric :— 


Faraday’s Experiment.—In order to determine the S.J.C. of a di- 
electric, Faraday took two exactly similar spherical condensers one 
of which is shown in Fig. 51. Each condenser had an inner metallic 
sphere A, fixed concentrically within an outer metallic shell B, which 
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is made of two hemispheres separable at E about the horizontal plane. 

"The inner sphere is connected by a metallic collar to the external knob 

K. The collar passes through a thick 

plug C of shellac or sulphur by which it is 

very well insulated from the outer shell. 

By taking the two halves apart, the di- 

electric concerned is packed within the 

inner space between the two Spheres. In 

the case of a gaseous di-electric, the air in 

the intervening space is first pumped out 

E through the stop-cock T and then the gas 

is pumped in. The method is suitable for 

*Sclids in the form of powder, liquids and 

Bases. The space between the two spheres 

in one of the condensers contained air 

while that in the other was filled with the 

di-electric whose S.C. was to be deter- 

TRE LURE mined. The air condenser was charged 

oN y with Q units of electricity and its potential 

Fig. 51 V was detérmined with the help of a gold- 

leaf electroscope connected to the knob K. It was then connected 

with other condenser, and the common potential }” attained was 
determined as before. 


Now, if C, be the capacity of the air condenser and Cz that of the 
other, we have, C, V = Q-(C * Ca) V’. 


Ci-C, V Cs “Fay —d' 
"e ae or, eT “yr =SLC. = Se note dand 


d’ are the divergences of the electroscope before and after sharing of 
charges. 


By filling the second condenser with different di-electrics the ratio. 
C5/C;, will be different. 


72. Insulators and di-electrics :—It should be remembered that all 
di-electrics are insulators. We call them insulators when we refer to 
the fact that they do not allow electricity to flow through them, and 
we call them di-electrics when we refer to the fact that they allow the 
transmission of electrical influence to take place through them and in 
fact the di-electrics themselves play an important part in the action. 


73. Factors determining Capacity of a Conductor LI] is evideni 
irom the experiments of Art. 68 that the capacity of a given conductor 
is the least when it is isolated, that is, when there is no other conduc- 
tor in its neighbourhood. The capacity of a conductor may be 
increased in the following ways :— 

(1) By increasing its area (vide Art. 63): (2) By bringing 
ear it, (i) an insulated conductor [Vide expt. (i) Art. 68] : (ii) an 
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earth-connected conductor [vide expt. (ii), Art. 68] ; (iii) by decreasing 
the distance between the plates {vide expt. (iii), Art 68]; (iv) by 
Jen a solid di-electric between the plates [vide expt. (iv) 


74. Factors determining Potential of a Conductor :— 


(i) The potential of a conductor increases proportionately with 
the amount of charge given to it. For a given amount of charge, the 
potential is inversely proportional to the capacity of the conductor, 
which is evident from the equation C=Q/V. 

(ii) The potential of a conductor is diminished (but capacity 
increased) by bringing another conductor, insulated or earthed, near 
it [vide expt (i), Art. 68]. The decrease of potential is maximum, if 
the neighbouring conductor is an earthed one. 

(iii) A definite amount of charge being given to a conductor, its 
potential will depend upon the size of the conductor. If the size 
increases, its potential diminishes (but capacity increases), and if the 
size diminishes, its potential increases but, capacity diminishes 
(V= . 

nos potential of a charged conductor depends upon the 
nature of the di-electric surrounding it [vide expt. (iv), Art. 68]. 

75. Distribution of Charges between two Conductors at the same 
Potential :—-Suppose two conductors A and B of capacities C, and C; 
are in electrical contact (Fig. 52). If a charge + Q be given to any of 
them, the charge will be distributed between them according to their 
capacities. Because the conductors are jn contact, they acquire the 
same potential. Let the common potential be V, and let q,, 42 be 
their charges. Then the total charge Q =q: * qs. 

qı qa 4di*4s [7 
We have, V= CUm Gana Ca 
yon B 
C, + Cs 
" Cy Ca 
£35 n= Onc and qs 7 0c 7C; | 
If the conductors are two spheres of Fig. 52 
radii r, and ra, we have, 
Ti vota 
qi pr remm a and q, 7 O. vu 

Note.—lt is to be noticed that in this case, the two spherzs have 
the same potential, but different charges on them. 

76. Sharing of Charges between two conductors at Different 
Potentials :—Suppose two insulated conductors A and B Fave capa- 
cities cı and c, and charges qı and qq respectively, the potential 
v, of A-qi/c ; the potential v, of B-4gs/c,. Let qıt =Q 
V3 CaYa- 
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Connect A and B (Fig. 52) by a fine long metallic wire. Suppose. 

v, is greater than və. So some charge flows from A to B until the 

“two conductors attain a common potential v. Now vi>v>Ve. Let 

q' and q" be the charges now possessed by A and B respectively, after 

sharing of charges. Then, supposing there is no loss of charge on. 
sharing, we must have 91+ qs =g q —Q. 


: g’ me g Q €1Y1 + CoV. 
Nea we ar eee ee 8 qi. (1) 
Ci. Co Cy tia i465 C1 t Cg 
di log cha et a mee F Q) 
[E €i Cs 


The amount of charge that will flow from A to B will be 
di—4 =C — C1 V=Cy (YV4—»), where, v is given by equation (1) 
= charge lost by A= charge gained by B. m ae (3) 


71. The Leyden Jar :—The Leyden Jar (Fig. 53), so called as it 
was first constructed at Lyden, a place in Holland, sometimes in 
1746, is a very well-known type of condenser. It 
consists of a glass jar having inner and outer 
coatings of tin-foil. The coatings cover the bottom 
and the side upto 2 or 3 inches from the bottom. 
The inner coating is connected through a metallic 
chain with a yertical brass rod passing through 
an insulating cover of the jar and terminating 
at the top by a knob. The inner and outer 
coatings are like the two plates of a parallel 
plate condenser with glass as di-electric separating 


them. 
Fig. 53— The capacity of an ordinary-sized Leyden jar 
A Leyden Jar is about 0°0025 micro-farad. 


78. The Charging of a Leyden Jar :—To charge the jar with 
positive electricity, the inner coating is connected with the prime 
(positive) conductor of an electric machine, say, a Wimshurst machine’ 
(Art. 85), and the outer coating is connected to the earth. The inner 
coating reccives a positive charge, and a negative charge is induced 
on the inner surface of the outer coating, the induced positive charge 
of the outer surface being neutralised by the flow of electrons from 


the earth. 

To charge the jar negatively, the inner coating, or the knob is 
connected with the negative terminal of the machine, the outer coating 
being connected to the earth. 


To discharge a Leyden Jar, the usual way is to connect the two 
plates (the knob and the outer plate) by means of a special discharger, 
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called the discharging tongs or discharger (Fig. 54). This consists 
of a pair of bent brass rods with a 
brass knob at each end, having an 


insulated handle, and working on a eam 3 
hinge, so that the distance between 

the knobs can be adjusted accord- 

ing to necessity. In Fig. 55, it has Fig. 54—Discharging Tongs 


been shown how a Leyden jar can 
be discharged with the discharger 
referred to in Fig. 54. 


79. Dissected Leyden Jar: 
Seat of Charge:—It is the di- 
electric of a condenser which plays 
the most important part in the 

i fs " ; inductive action taking place with- 

E M el AMEN init. The opposite charges reside 

on the surfaces of the di-electric, 

the plates ‘or coatings acting simply as conductors. The function of 

the di-electric can be illustrated by taking a Leyden jar with movable 
coatings (Fig. 56). 


After charging the jar in,the usual way, the inner coating A is 
lifted by using an insulating handle and placed on a sheet of glass. 


Fig. 56—Dissected Leyden Jar. 


The glass jar B is then lifted out of the outer coating C and laid on the 

glass sheet. On now testing the two coating 4 and C by an un-. 
charged electroscope, no divergence of its leaves is produced. If the 

separate parts are then reinstated and so the condenser built up as- 
before, the existence of the charge will be shown on presenting the. 
knob of the insulated conductor A to a gold-leaf electroscope whose 

leaves will diverge. This shows that the real seat of the charge is the 

di-electric, which here is glass. That the di-electric is charged can 

easily be proved by inverting the dissected glass jar over the disc of an 

electroscope when the leaves will at once diverge. 


Vol. II (St. E)—11 
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80. Discharge of a Condenser and the Residual Charge :—A 
charge cannot flok through a di-electric which is an insulator. The 
di-electric remains in a state of strain on account of the charge. 
An electric field can persist in a di-electric, i.e. an insulating medium, 
because an insulator can sustain a strain, but not in a conductor, which 
cannot support the strain : so charges flow through a conductor until 
the same potential is attained everywhere. When the strain in a 
di-electric becomes too great the di-electric breaks down and a spark 
passes across it, which is seen in the discharge of a Leyden jar, or 
in a frictional machine. 


The discharge of a Leyden jar does not take place completely in 
one spark. If the coatings are again connected together by the dis- 
charging tongs, after waiting for a short time after the first discharge, 
another smaller spark will be obtained and in this manner, often several 
successive sparks will be observed. It is because a solid di-electric in a 
state of strain cannot instantaneously free itself fully from its state of 
strain, but can only do so gradually. So, after a time, a charge appears 
on the coatings and another spark is obtained. The charge, which 
remains in the di-electric after the first discharge, is called the residual 
charge, and the successive discharges are called secondary or residual 
discharges. These effects are not obtained in condensers having air’ 
as di-electric. 


81. Uses of Condensers :—A condenser is a convenient device 
to store up a quantity of electricity at a low potential. An application 
of this will be seen in the Wimshurst machine (Art. 89) ; two Leyden 
jars are used there to increase the capacities of the discharges. 


Condensers are very largely used in Wireless Telegraphy and 
Telephony (vide Ch. X, Part VII). There are two types of them, fixed 
type and variable type which are very common. Fixed Condensers 

are usually made in sheets of 
tin-foil separated by thin sheets 


————— of mica or paraffined paper 
——— (Fig. 57). Alternate sheets of 
—M these tin-foils are joined toge- 
P — —  —] ther so as to make use of both 
——— R — the surfaces of each sheet as a 
——— distinct plate. The two alter- 


nate sets end in two terminals, 

, j P and R, of which cne is 

d RUNI Fixed earthed. By this means a 

renser. condenser equivalent to two 

flat plates of large area, separated by one thin mica sheet as di-electric, 
is obtained in a small space. 
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Variable Condensers are usually made of two sets of metal vanes, 
one set fixed and the other set movable, ram 
with air as di-electric (Fig. 58). The 
movable set of parallel plates can be 
rotated between the fixed sets by a common 
spindle and this rotation alters the effective 
area of the plates and thus alters the 
capacity of the condenser. These are used 
in wireless sets as tuning condensers. 

$82. The Condensing Electroscope :— 
It is an ordinary gold-leaf electroscope 
whose sensitiveness has been greatly 
increased by adopting a special device. 
Volta originally used such a device to Fig. 58—A Variable 
detect a small difference of. potentlal at DE 
the junction of two dissimilar metals (vide 
Art. 2, Part Vil). So it is also sometimes called the Volta's electro- 
scope. Potentials, common in electrostatics, being usually very high, 
| there is no difficulty in detecting them by an ordinary electroscope. 
| But a small potential difference like that between the terminals of a 

battery cannot be o detected. A gold-leaf electroscope can, however, 
| be made to record such a small potential difference by connecting it to 
| a suitable condenser. Such a device is called a condensing electroscope. 


The arrangement consists of a gold-leaf electroscope over the disc 
C, of which is placed an insulated metallic 
dise C, of the same diameter, which is 
coated with shellac varnish (Fig. 59). The 
two metal disc now constitute a condenser, 
the upper one being earth-connected. The 
shellac varnish between the discs acts as 
the di-electric in the condenser. 


Action—One end, say, the negative 
terminal of a battery is earthed ; the disc 
C, of the gold-lea electroscope acquires 
the potential of the other terminal, when 
momentarily connected to it. Let c be 

Fig. 59—A Condensing the capacity of the electroscope alone and 
Electroscope. nc the capacity when another earthed plate 
| C, is on the disc C,. Let V be the 
potential difference bztween the terminals of the battery : the disc then 
| has been charged to potential V and a charge nc V rests on it. Now 
j disconnect the battery and remove the earthed plate Ca. The charge 
| is unchanged, but the capacity is reduced from ne, to c, and so the 
M potential will now be raised from V to nV. If the original potential 
V is not too small, the above magnification should cause the leaves of 

the clectroscope to diverge. 
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A condensing electroscope cannot, it should be noticed, be used to 
detect the potential of a body of small capacity ; for as soon as the 
condenser of the electroscope will be connected to it, its potential will 
be considerably affected. Such an electroscope can, therefore be only 
used with a source of small, but steady, potential. 


83. Capacity of Different Types 
of Condensers :— 


(i Spherical Condenser.—Let a 
condenser consists of two concentric 
spheres of radii r, and rs cms. res- 
pectively, the outer one (or radius rą) 
being connected to the earth (Fig. 60). 
Let a charge of --Q units be given 
to the inner sphere ; then the induced 
Fig. 60—A Spherical charge on the inner surface of th® 

Condenser. outer sphere is —Q units. 


The potential of the inner sphere due to its own charge is Qj/r;, 
and the induced potential due to the negative charge on the outer 
sphere is —Q/rs. Therefore, the actual potential of the inner sphere 


-0 (- ) -o(2="), and this is also the difference of poten- 
fic. Fils 
tial between the coatings, since the potential of the outer sphere is 
zero (being connected with earth). We know that, 
Charge Q Tihs 
P.D. between the coatings ~ Q E = n) MERERI 


rile 


Capacity e 


(ii) Parallel Plate Condenser.—The capacity of a parallel platz 
condenser can be deduced from that of a spherical condenser as 
follows. 

The capacity of a spherical condenser per unit area of the surface 

filáóoo0 
(ra —ri1)x4zri*" 
Let d be the distance between, the spheres ; then ra =r; +d. So 
= Tit * 
the expression becomes, en E 4 Now suppose r, is very large in 


comparison with d ; then the above expression becomes equal to 1/4zd. 


When the radius of a spherical surface is very large, it can be 
regarded as a plane surface. Consequently, the capacity of an air 
condenser consisting of two parallel plates, each of area A = A/drd ; 
where d is the distance between the plates. s 


of the inner sphere = 
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If the di-electric be any other substance of S.I.C. (k), the capacity 
kA 


4rd 
Otherwise thus.—It has already been found that the capacity C of 


a condenser varies (a) directly as the size 
or area A of the charged plate; (b) in- 


versely as the distance d between the rh 
plates, and (c) directly as the S.J. C. (k) 
of the di-electric. Mathematically it can uS m 
be expressed as CaA ; C«1/d ; Cak. 
kA Can 
C -a constant x zd 
+ = 
This constant depends upon the shape 
of the condenser, and the value of this Meque 
constant in tbe case of a parallel plate Fig. 61 
condenser (Fig. 61) is 1/47. 
p 2l 
-frd 
When air is the di-electric, the value of k is 1 and so the capacity 
A 
Cm Fea’ 
(iii) Parallel Plate Condenser with a compound  Di-electric,— 
ü Suppose the two plates C and D,.each of area A, 
EN are placed d cms. apart of which ¢ cms. are of a 


di-electric having S.J. C. of value K, the rest 
being air (Fig. 62). Let Q units of charge be on 
C while D is earthed ; let 5 be the surface den- 
+ sity of charge on each plate and F the electric 
intensity in the air di-electric. 
The p.d. between the plates = Vc — V4 
electric intensity in air x (d— t) + intensity in 


Fig. 62 di-electric x £= F x (d— 1) + RxtnF(d—t4 x) 


= 409(d—14 x) since according to a law established by, Coloumb 


the intensity near a charged conductor is 4z times the surface density. 
Ab A 
nues t 
4ns(d—1+) ar(d—t+ y) 


From this it follows that, (a) when d= t, ct ; 


But capacity C= y -2 Va 
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A 
(b) when t=0, O= 2x5 


84. Capacity of a Leyden Jar:—Though the tin-foils over the 
inner and outer sides of the jar actually forma cylindrical condenser 
with glass as di-electric, we may approximately consider it to be a 
parallel plate one. If r be the mean radius of the curved sides h the 
height of the tin-foil, d the thickness of glass, and K the value of its 
2nrh 
4rd 


( air-condenser). 


S. 1.C., the capacity of that cylindrical PS ; and the capacity 


Krr? $ ý 
of the circular bottomofthe jar = "EU The total capacity of the jar 


is the sum of these two. 
x PURA 
Capacity = K (a+ fa): 


85. Grouping of Condensers :—Condensers can be joined in two 
ways: (a) in series (or cascade), and (b) in parallel, depending on the 
necessity as stated below. 

(a) In Series (or Cascade).—In this arrangement the second plate 
of the first condenser is joined to the first plate of the second conden- 
ser and so on (Fig. 63). Here all the plates are insulated except the 
last one, which is earthed. If a charge + Q is given to the plate A of 
the first condenser, it induces— Q on the inner side of the other plate 
B and +Q goes to the first plate C of the next condenser. This is 
repeated ; so each con- 
denser acquires + Q units. 
on one plate and —Q units 
on the other. If V be the 
potential difference of the 
first plate A and the last 


JE CUAL US ENS =e plate G of the series, and 

; 1 l Vi, Vo, Vy, the potential 

Fig. 63— Condensers in Series differences between the 
plates of the separate condensers, we have, V= V+ Va - Vs. ... (1) 


Let C be the combined capacity of the system, and C1, Cs, C, 


their individual capacities, then V -2 2E. de 3 Vex 2. etc. 
€ Cy “Ce” 


Hence, e-&.8 +8, from (1). 
; Pi as DEUS Die | 
Cia Cute; ics 
Thus, the reciprocal of the combined capacity of a number of 


condenser in series is the sum of the reciprocals of the capacities of the 
separate condensers. 


CAPACITY : CONDENSERS 167 


Notice that in this combination, the resultant capacity is always 
less than that of any individual condenser. Such a grouping is made 
Mee ic condenser is sought to be made out of some large units 
availabie, 


_ (b) In Parallel—In this arrangement, the insulated plates are 
joined to a common terminal M which is connected with the source of 
potential, and, similarly, the other 
plates are joined to another common 
terminal N which is earthed (Fig. 64). 
It is clear that all the condensers, 
being directly connected to the 
source and the earth, have the same 
potential difference V. When a 
charge is given at M, the charge is 
distributed to the condensers accord- 
ing to their capacities. If Q4, Q2, Os Fig. 64—Condensers 
be the charges of the condensers, the in Parallel, 
total charge O =Q, + Qa +Q, ... (1) 

If Cı, Cz, C, be the individual capacities and C the combined 
capacity, we have Q—- VC ; Q1—- VC; ; Qs - VC, ; etc. 

From (1) VC» VC, - VC, + VC, - V(Cs +C: * C3). 
ie. C-C,* CC, b: 


Thus the combined capacity of a number of condensers in parallel 
is the sum of the separate capacities. 

It should be noted that this arrangement is used when a large 
capacity is required to be builtup out of a number of small units 


available. 

Examples.—/. Fifty thin tin-foils each of area 20 sq. cms. are placed one 
above another, each foil being separated and insulated from the next by a piece of 
paraffined paper of thickness 1 mm. and of specific inductive capacity 2. The 
of 25 foils alternating with the remaining 25 foils are joined together. So also the 
ends of the other 25 foils are joined together. Calculate the capacity of the 
condenser. (Pat. 1927) 

Ans. When 2n plates are arranged one above another in this way, the two 
outside surfaces are uncharged ; the electricity spreads itself uniformly over all the 
other surfaces so that, with the exception of the outside plates, cach plate has a 
charge on both sides. If n be the number of plates in each set, we have on the 
whole, (4n—2) or 2 (2n—1) sides, so that the whole system is equal to (2n—1) 


separate plate condensers, the capacity of which is given by Ex On DA Here 


n--25 ; A=20 sq. cms. ; d- 0f cm. ; k=2, 
2x49x20X7. 1559-09 cms. 


A Capwity- y p 


2. Two Leyden jars are exactly alike, except that in one the tin-foil coatings 
are separated by glass and in the other by ebonite. A charge of electricity is given to 
the glass jar and the potential of its inner coating is measured, The is then 
shared between the two jars and the potential falls to 0°6 of its former value. If the 
specific inductive capacity of ebonite be 2, what is that of glass ? (Pat. 1931) 
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Ans. Let C, and C, be capacities of the glass and the ebonite jar, and k, and 
k, the specific inductive capacities of glass and ebonite respectively ; then 


C, =s; C,= = , where A is the area and dthe distance between the coatings 


of each jar. s €, ky 


€; ks: 


If Q be the charge given to the glass jar and V be its potential, c -g. 
1 


Then, when the charge is shared between the two jars, C, + C,= n : 


pe Curt C. 1 I ky ar 
^ Č erum: e: gi o5 Irt egi 


i 


‘3. Two spheres of 2 and 6 cms. radii are charged respectively with 80 and 30 
units of electricity ; compare their potentials. If they are connected by a fine wire 
how much electricity will pass along it ? (C. U. 1932) 

Ans. The capacity of a sphere is equal to its radius. Again, C=Q/V. 


Let C,, V,, Q, and r, be the capacity, potential charge, and radius of the first 
sphere, and C, V., Q., r,, those of the second sphere ; then, 


yi Cors and £- C,-r,. 


x0. 80 io and Vie Sons FE A L8 

imer ce, 20.6 yore] 

When the spheres are connected by the wire, some electricity will pass from the 
first sphere to the sccond (as the first sphere is at a higher potential), and they will 
have a common potential. After the redistribution of charges, let q, be the charge 
on the first, q, that on the second, and let V be the common potential ; then total 
charge 4, +¢,=80+4 30=110 units. 


Wehave, V=% f tt., 
LP Fa Fitra 


rx Gt aa 2X10 5. units, 


But the original chargejon the first sphere was 80 units. Therefore (80—27'5)= 
52:5 units of electricity will pass along the wire. 
4. A brass sphere of 10 cms. radius is electrified to potential 80. It is then 


made to share its charge with another brass sphere and the potential is found to fall 
to 20. What is the radius of the second sphere ? (Pat. 1929) 


Ans. The capacity of a sphere 1s equal to its radius. From the relation, Q—CV, 
we have Q— 10 x 80 —800 units. 


This charge is shared with another, and the two spheres are then at the same 
potential 20. If Q, and Q, be the respective charges on the two spheres, total 
charge Q=0, +Q.. 


Q, =its capacity x potential=10x20=200. .. Q,- 800—200- 600. 
But Q, — its radius (r) x potential ; hence 600=r x20. “ r= e 30 cms. 


5. Two equal soap bubbles equally and similarly electrified ; coalesce into a single 
larger bubble. If the potential of each bubble, while at a distance from the other, was 
P, what is the potential of the bubble formed by their union ? (Pat. 1931) 
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Ans. The volume of the united bubble will be equal to the sum of the volumes 
of the mdividual bubbles; it will therefore, be equal to twice the volume of any 
of the two bubbles. But the volume of a sphere $zr*. 


If r, be the radius of each small bubble, r, that of large bubble after they 


coalesce we have, CLE MM porr, iri: 3l: 2. 


But the capacity C of a sphere is equal to the radius. 
«^ Cof small bubble : C of large bubble :: 4/1 ; 3/2 E ee (1) 


Since quantity of charge=capacity x potential, total quantity of charge on the 
two bubbles before contact=r,P-+r,P=2r,P. 
After contact, charge —potential Vx radius- potential Vx r, ; 
2r,P. P2 
AP . á Vs% P 
r,P-Vxr, i EAA ul 
Multiplying both numerator and denominator by 4/2? 


we have V=Px BxNP Pija. 


from (1). 


6. ABCD is asquare of 1 metre side of non-conducting material. Four metallic 
spheres of 4, 5, 8 and 10 cms. diameters are placed at the corners. All of them are 
connected by a very fine metallic wire and a charge of 540 units is imparted to the 
system. What is the potential at the centre of the square ? (Pat. 1932) 


Ans. If the total charge Q is distributed as Q,, Q., Q, and Q, in four spheres 
having diameters 4, 5, 8 and 10 respectively, i.e., radii 2, $, 4 and 5 respectively, 
we have, 540=0,+0,+0,+0, ies 3d «e. (I) 

As all the spheres are connected together, they are at the same potential, say V. 
‘Then since the capacity of a sphere is equal to the radius, 

-01 20s 9: Qe x 9, -2V: Q7 iV; Q, 74V ; Q,o5Y. 


gos a 
Substituting these values in (1), 5102 2V-4V4AV Sy - 2X. 


A y= 0x2... ^ Q,=80; Q,-100 , Q,—160 ; Q,—200. 


Each side of the square being 100 cms., the distance of the centre of the squre 


from the corners... 100 


2 
s : 80/2, 100 /2 , 160/2 , 200 /2 
« potential at the centre= p + T00 tD T^) > 


34042. 2742 p s. units. 
5 


3 190 57 05 
7. Two condensers of capacities 5 and 10 units are charged respectively to 15 


and 13 units of potential. What is the common potential when they are connected 
in parallel ? (C. U. 1941) 


Ans. Before connection: Let Q, and Q, be their respective charges, then 
Q,—5x16—80 units ; Q,—10x 13-130 units. After connecting them in parallel 
the total capacity C—5--10--15 units and total charge Q—Q, Q,—80--1304-210 
units; and if V, be common potential, we have, CV=Q ; 15V=210, 

2 Ve210.. 14 uni 
«uy is 14 units. 
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8. Three condensers of capacity 3, 2 and 4 units respectively are connected 
(a) in series, (b) in parallel. Compare the effective capacities in the two cases. 


(C. U. 1956) 
Ans. Let C, and C, denote the effective capacities of the condensers when 
connceted in series and in parallel respectively. 
Then ai tiet ^ Cg=0'92 units. 
And, Cp=3+2+4=9 units. 
Cs : Cp=0'92 : 9 , i.e., 92:900. 


Questions 


1. Two conductors of capacity 10 and 15 respectively are connected by a fine 
wire and a charge of 1000 units is divided between them. Find the potential of 
either conductor and the charge on each. (C. U. 1920 ; cf. '33) 

[Ans.: Potential=40 units ; charge on the first, 400 ; second |600.] 

2. Define potential and the capacity of a conductor, and obtain from the 
definitions an expression to connect them with the quantity of charge. (All. 1945) 


A conductor A has a capacity of 10 and potential 50 : another conductor B is 
of capacity 6 and potential 65. Calculate the charges on each conductor after they 
have been connected by a very thin long wire. (Part. 1934) 

[Ans.: Qa=556°25 ; Qu 333775.] 

3. Explain what is meant by the capacity of a condenser. Upon what factors 


does the capacity of a Leyden jar depend ? (All. 1932 ; Pat. 1944) 
4. Show that the capacity of a spherical conductor is numerically equal to 
its radius, (C. U. 1937) 


5. Two equal metal spheres connected by a long fine wire are insulated and 
electrified. What change would be produced in the relative amounts of these 
charges, if one of the spheres were to contract so as to have a quarter of its 
original surface ? (Pat. 1936) 

Ans: QQA, 21:2) 

6. Explain the action of an clectrical condenser. What is meant by the 
capacity of a condenser ? (C. U. 1956) 

6 (a). What is a condenser? Explain the principle underlying it. Mention 
the factors on which the capacity of a condenser depends and describe expis. in 
support cf your statement. (C. U. 1950 ; Pat. 1948) 

7. Two plates, A and B, of brass are supported on glass handles and placed 
facing cach other. 

(a) One of the plates, A, is connected to a frictional machine and the other, B, 
to a gold-leaf electroscope. The machine is worked for some time, (b) The plate 
A is disconnected from the machine and (/) it is moved nearer the other. (ij) A 
plate of glass is interposed between them. (c) The plate A being disconnecied 
from the machine the plate B is momentarily connected to the carth, and then 
(i) the plate A is moved nearer to B, (ij) a plate of glass is interposed between 
them. Explain what happens in cach case. (C. U. 1912; cf. °46 ; Pat. 1929) 

8. Two parallel plates form a condenser one plate of which is charged and 
connected to a gold-leaf clectroscope and the other is earthed. Indicate what will 
happen if the distance between the plates is increased or decreased, 

(Pat. 1942) 
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9. Explain the following :—“A condenser is an arrangement which 
capacity on an insulated conductor is artificially increased.” i^ U. 190) 

10. Explain how Faraday determined the fact that different substances have 
different specific inductive capacities. (C. U. 1933 ; Pat. 1927) 

11, Define capacity and specific inductive capacity. (cf. Pat. 1942, ^ 

What do you mean by the statement that the specific inductive ty 
paraffin is 2:19 ? Ero 1928) 

12. What do you understand by the specific inductive capacity of a di-electric ? 
Explain how with two exactly similar spherical condensers and a gold-leaf electro- 
scope you can find S. I. C. of sulphur. (C. U. 1949, '53) 

13. State what you understand by the term 'S.L.C. of a material,’ and describe 
any method used for determining this quantity. RN 

Two metal spheres of radii 3 cm3. and 5 cms. are charged to potential 10 and’ 
15e. s. u. respectively. They are then connected by a thin metallic wire ; calculate 
the loss of electric energy in this process. What happens to the energy ? 

[Ans. 23:4375 ergs ; the loss appears ae heat in the wire or appears as spark.] 

E (Bihar, 1»56) 

14. Describe a condenser and demonstrate experimentally how the capacity 
and potential can be altered. Explain the terms ‘capacity’ and ‘potential’ fully. 

15. When a charge of 50 units is given to a sphere, it is found to have potential 
20. After being connected to a second sphere, the potentialfalls to 8. Find the 
radius of the second sphere. (Pat. 1938) 

[Ans.: 3°75] 

16. A spherical conductor of 10 cms, radius is charged positively with 100 
units of electricity and it is connected with another CA conductor of 5 cms. 
radius carrying a negative charge of 50 units. hat will now be the charge on 
each sphere ? Find also the potential of each sphere before and after contact. 

(Pat. 1940). 

[Ans, Potential before contact = -+ 10; —10 ; Q,=100/3 

»  aftercontact =f; Q,= 50/3] 

17. Four metallic spheres of 4, 5, 8, 10 cms. diameter are joined together by 
a very fine metallic wire, and a charge of 810 e.s, units imparted to the system. 
Find the charge on each sphere, and their common potential. (Pat. 1948) 

[Ans.: v= 60 e.s. units ; 120, 150, 240, 300 respectively]. 

18. Describe the construction of a Leyden jar. 

In charging a Leyden jar the outer coating is (a) insulated (b) connected to 
the earth. What difference does it make ? 

(C. U. 1912, "14, '19, A, 29 ; cf. All. 1923 ; Pat. 1931) 

19. Why are Leyden jars used to brighten the spark from an electric machine ? 
How would you show that the charge resides on the di-electric glass ? What is 
di-electric constant:? (C. U. 1952 ; G. U. 1957) 

20. Define di-electric constant. The inner coating of a Leyden jar is. 
connected to a. gold-leaf electroscope. 1f the jar rests on a piece of ebonite, 
one charge from an clectrophorus produces à large divergence of the leaves of 
the electroscope. If the ebonite be removed and the jar is held in the hand, several 
charges cf the electrophorus are needed to produce the same divergence. Explain 
this. 
21. Describe the construction of a Leyden jar, stating precisely the function 
of each part, and explain the mode of charging it. (cf. G. U. 1957) 

If the jar is placed on an insulating stand when kaing charged, how will the 
final result be affected ? Ifthe glass be replaced by shellac, what will be the 
effect ? What is meant by ‘residual’ charge and how can you explain its xor 
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22. What is meant by the residual charge of a condenser ? (C. U. 1929) 
23. Describe a condensing electroscope and state its advantages over an 
ordinary gold-leaf electroscope. (Bihar, 1956) 


24. What is meant by the statement that the electric potential at a point is 
10? Find an expression for the capacity of a parallel plate condenser. (Pat. 1927) 
25. What is an electrical condenser ? Define its capacity and obtain an 
expression for the capacity of a parallel plate air-condenser. (M. B. 1952) 


26. Describe the construction and action of a simple parallel plate air-conden- 
ser, and obtain an expression for its capacity. How will the capacity be affected if 
a slab of ebonite is introduced between the paralle! plates ? (Pat. 1944) 


27. Three condensers of capacity 1. 2 and 3 micro-farads are connected 
with the second and third in series and the first in parallel with them. Calculate 
the resultant capacity. (Pat. 1937) 


.o[dns.: 11/5] 


CHAPTER V 
Electric Machines 


86. Electric Machines :—They are mechanical devices for the 
rapid production of electrical charges. Electric machines may be 


divided into two classes: (i) the Frictional machines and (ii) the 
Induction or Influence machines. 


The frictional machines, such as the Glass Cylinder Machine in 
which electricity is produced by friction against a cushion of leather, 
or the Ramsden machine, where a circular glass plate is rubbed against 
two pairs of silk pads, are now practically obsolete. 


87. The Electrophorus :-—This is the simplest form of an induction 
machine which was devised by Volta, an 
Italian, in about 1775. By this machine 
a series of charges may be obtained from 
an initial single charge by induction. 


It consists of a circular slab of shellac 
or ebonite C, called the Cake, a circular 
metal disc P of slightly smaller diameter, 
provided with an insulating handle H, and 
a metal base S, called the sole, on which 
the cake is placed (Fig. 65). 


: Action.—The different parts are first 
Fig. 65—The Flectropnorus. of all warmed to remove any moisture 
present and a negative charge is developed on the cake C by rubbing 
it with a piece of flannel or catskin. It is then placed on the sole § 
[Fig. 66(2). The disc is then placed on the cake holding it by the 
insulating handle [Fig. 66()]. The negative charge on the cake acts 
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inductively on the disc, holds bound the positive charges of the disc 
and repels the negative charges to the upper surface of the disc. The 


NM 
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(a) (4) (c) 
Fig. 66—Charging an Electrophorus. 


arrowed lines show the electric lines of force in three steps. The disc 
is then touched with the finger, i.e., connected to the earth, so that its 
potential becomes zero [Fig. 
66(c)]. Now there will be no 
electric lines of force to the 
top of the disc from the earth. 
Disconnect the earth-connec- 
tion. On now lifting the disc 
a little by the handle, the 
lines of force are stretched 
out when the remote ends 
will attach themselves to the 
table or to the walls [Fig. (d) Fig. 66 (o 

66(d) Next, on removing 

the disc P to a distance, the inductive influence of the cake is 
removed, and so the bound positive charge, now freed, will predomi- 
nate all over the disc, which means that the disc will show positive 
electrification. This charged disc may then be used to charge other 
bodies [Fig. 66(e)]. Replacing the disc on the cake the whole series 
of the above operations may be repeated several times without having 
to excite the cake again. 


+ 

ee | meram mm 
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It should be noted that (a) by increasing the area of the electro- 
phorus the charge obtained in each operation can be proportionately 
increased ; (b) when the charged disc is presented to an insulated 
conductor, the conductor can be charged up-until its potential becomes 
equal to that of the disc after which the conductor will show no 
further electrification. So there is a limit to the electrification of a 
conductor done by an electrophorus. 


The function of the sole may be explained thus. The negative 
charge, produced on the cake by rubbing, induces positive charge on 
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the inner surface of the sole, and the induced negative charge on the 
outer surface of the sole passes to the earth. The positive charge on 
the sole attracts the negative charge on the cake and draws it a little 
inside the cake ; and thus the tendency of the cake to lose its charge 
by leakage from the surface is reduced. 


Since the material of the cake is a non-conductor, its charge does 
not pass into the disc ; the disc when placed on the cake, touches the 
surface of the cake, at a few pa only due to the roughness of the 
surface. Hence there is a thin layer of air between these surfaces and 
this acts as the di-electric. Therefore conduction can be neglected, and 
the phenomena may be treated as governed by induction only. 


88. The Electrophorus and the Energy of the Charge :—On 
charging the ebonite cake only once, charges can be obtained from 
it as many times as necessary without exciting the cake again i.e. we 
receive a series of charges from an initial small charge. This appears 
at first sight to violate the principle of conservation of energy, but in 
fact, it does not. 


The energy of the spark produced by an electrophorus, when the 
charged disc is brought near an earth-connected or insulated conductor, 
is derived from the mechanical work done in raising the plate, ie. in 
overcoming the attraction between the negatively cha ebonite slab 
and the positively charged disc when separating the two ; thus the 
electrical energy is obtained by the transformation of mechanical 
energy in accordance with the principle of conservation of energy. 


Changes in the Potential of the disc.—When the disc is laced on 
the cake, it acquires a negative potential due to the induced free 
negative charge. When connected to the carth, its potential is raised 
to zero, and next when the disc is gradually lifted, after disconnecting 
from the earth, it acquires a greater and greater positive potential 
until finally the positive potential becomes maximum when it is 
completely free from the influence of the negatively charged cake. 


89. The Wimshurst Machine :—It acts on the principle of induc- 
tion. The machine consists of two varnisbed circular glass-plates, 
placed close to each other and these two plates arc rotated in opposite 
directions about a horizontal axis as shown by the arrows (Fig. 67). 
A number of metal sectors are fixed on the outer surface of each 
[aere These sectors serve both as inductors and carriers, The inner 

ken circles (thick lines) represent the sectors on the front plate, 
and the outer broken circles represent those on the back plate. Two 
diagonal conductors AB, CD lie fixed across the two plates ai right 
angles to cach other. The diagonal conductors ending in metallic 
brushes graze the metal sectors as the plates rotate. Facing the plates 
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there are two rows of sharp points called sperat, E and F, 
at opposite ends of a horizontal diameter. These collecting-combs are 
connected to the discharges P, Qof the machine and to the inside coating 
of two Leyden jars, R and » placed on the base-board of the machine. 


_ Action.—Su. one of the back sectors possesses a slight nega- 
tive charge. hen, during the rotation of the INE it comes oppo- 
site to the sector C touching the brush of the iagonal conductor, it 
induces a positive charge on the sector C and a negative charge on the 
sector D at the other end. The sectors C, D, leaves. the brushes with 
their induced charges, rotate and reach the positions opposite to the 
sectors A, B on the back plate, where they induce negative and posi- 
tive charges on A, B 
respectively, Now, the 
back sectors A and B 
will retain these charges 
while leaving the bru- 
shes, So, a one or 
two revolutions all the 
sectors approaching the 
collecting-comb on the 
left-hand side will ac- 
quire negative charges 
and all those aj 

ing the right-hand col- 
lecting-comb will ac- 
quire positive cl . 
The sectors on the left- 
hand side discharge 
their charges to the 
points of the collecting- 
comb causing it to be 
negatively charged, and 


the attached. discharger Pig. 67.—The Wimshurst Machine. 
P also charged 'a- 
tively. The c sectors, therefore, come out uncharged. Simi- 


larly, the other discharger of the machine acquires positive charge. 

The difference of potential between the two knobs of the dischar- 
gers becomes so great in course of a few rotations of the discs of the 
machine that air di-electric can no longer support the strain and ulti- 
mately "breakdown", if the knobs are not too far apart; and a spark 
passes across the air gap (vide Art. 80). The charges on the knobs 
disappear due to this discharge, and a small interval is necessary before 
the charges can again accumulate on the knobs to acquire a sufficient- 
ly high potential to cause anotber spark discharge. For this reason the 
discharge is an intermittent one. M the knobs are brought nearer a 
Smaller potential difference is sufficient to produce a discharge, and so 
the frequency of the discharge increases. 
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The object of the Leyden Jars(R and S), which are nothing but con- | 
densers, is to increase the capacities of the dischargers, ie. to enable 
them to accumulate heavy charges in order to give strong sparks. 


We have assumed a small charge on one of the sectors in explain- 
ing the action of the machine, but in practice no actual charging is 
necessary, as a very minute charge left in the machine is sufficient to 
start action. 

Though a very large amount of electricity cannot be obtained with 
a Wimshurst machine, yet what it produces is at a very high pressure. 
A machine of average size will produce a potential difference of 40,000 
to 50,000 volts. Larger machines give very high voltages* indeed. 


90. The Voss Machine :—It also acts on the principle of induc- ] 
tion. It consists of two co-axial circular plates of glass or ebonite f 
placed vertically parallel to each 
other (Fig. 68). The back plate is 
larger and is fixed in position while 
the front plate can be rotated about 
the common horizontal axis by 
means of a handle. 

A set of six to eight carriers, a, b, 
€, d etc. of metallic strips are distri- 
buted at regular intervals along the 
periphery of the revolving disc. Two 
large metallic strips A, B, called the 
fixed plates or armatures, are attach- 
ed to the opposite sides of the back 
of the fixed plate. A metallic rod 
C, ending in two metallic brushes, 


Fig. 68—The Voss Machine. 


called the neutralising brushes, placed on the revolving plate, touch a 
pair of carriers c. f. at. diametrically opposite positions. There are 
two collecting-combs E, D, each provided with pointed spikes, which 
face the carriers at the opposite ends of the horizontal diameter. The 


plates A, B, have appropriating brushes 73, i; connected to them and 
these brushes may contact with the carriers while the latter pess under 
them in course of rotation. The collecting-combs are connected to 
the adjustable prime-conductors F which end in two knobs. Usually 
the insulated plates of two Leyden jars are connected to the combs, the 
outer plates being earth-connected. 


Action.—Suppose one of the fixed. plates, say A, hasasmall positive Y 
charge and the smaller disc revolves in the clockwise direction. When 
the carrier f, in course of its rotation, passes out from under the plate 
A, it meets the neutralising brush connected to the conductor C. By 
induction of the charge on A, thecarrier J is negatively charged and the 
carrier c at the far end of the rod positively charged. 1n course of its 


*Volt is the practical unit of potential difference or i ide Ch. 
IV, Part VID). ES -electric pressure (vide Ch 
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forward motion, the carrier f occupies the pos;ior a and delivers a 
part of its negative charge to the field plate B through the appropriat- 
ing brush n, and the balance is collected by the comb E. At the same 
time, the positively charged carrier c passes on to the position on d 
and gives a portion of its positive charge to the field plate A through 
the appropriating brush n, and the balance is discharged to the comb 
D. As the disc revolves, the field plates A and B receive greater and 
greater charges and, as a consequence the carriers delivering charges 
to the collecting-combs receive also increasingly greater and greater 
amount of opposite charges. Thus the two combs are charged up 
oppositely. The two Leyden jars connected to them increase tbe 
capacity of the prime-conductors F for accumulation of heavy charges 
in order to give strong sparks. 


91. The Van de Graaff Generator :—It is a device for producing 
very high voltages. The discharging action of. points [vide Art. 94] 
and the collecting action of a hollow 
spherical conductor have been utilised in 
the construction of this machine. 

A belt C of insulating material is 
made to travel continuously in the anti- 
clockwise direction round pulleys, as 
shown in Fig. 69, with the help of a 
motor. At the bottom of its path while 
is passes near the pointed end of a con- 
ductor, A, which is maintained at, say a 
positive potential of (10 to 20) x 10? volts 
by means of a suitable electric machine, 
charge leaks from the pointed end to the 
belt on which it remains localised. The } 
charge travels round and, as it passes near Fig. 69 
a set of pointed spikes, attached to the inside of the hollow spherical 
conductor M the negative charges from the latter leak to the belt to 
neutralise the positive charges there whereby the metal sphere is itself 
positively charged up. In course of time as more and more positive 
charges develop on M, it acquires a high voltage. To stop discharge from 
M, the generator is placed inside an earth-connected tank (provided with 
stop-cocks 7, and Ta) which is filled up with air at high pressure. 

A 5 million volts generator of this type crected at the Carnegie 
Institute of Washington in 1937 i$ housed in a tank, 55 ft. high and 
3T5 ft. in diameter, filled with air under a pressure of 50 Ibs. per sq. 
inch. 

92. Action of Points:—It has already been stated that the 
distribution of electricity over the surface of a conductor is uniform 
only when the surface is uniformly shaped. The density of charge 
at any part of a conductor is inversely proportional to the radius of 
curvature of the surface of that part. It is greatest on those parts of 
the surface which have the greatest curvature (least radius of curvature). 
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So the density of charge at the pointed parts of a conductor is very 
great. Air particles, or dust particles, adjoining Sharp points on a 
charged conductor on which the density of charge is great, acquire by 
contact a portion of the charge and are electrically repelled. This 
action, called the discharging action of points, discharges the conduc- 


tors. This is the reason of the loss of electric charge from sharp points, 
and this is why points and sharp edges are avoided in electrical machines. 


93. Experiments to show the Discharging Action of Points :— 
(i) This can be shown by holding a lighted candle before the 
pointed end of a piece of metal joined to 
one of the poles of a Wimshurst machine 
when the flame of the candle will be seen 
to be blown aside by air current produced 
by the discharging action of the point 
(Fig. 70). Such a continuous stream of the 
particles of a medium moving away from 
the sharply pointed parts of a charged 
conductor constitutes what is called the 
Fig. 70 electric wind. To test the charge carried 
by the stream, the disc of an uncharged 
electroscope may be held against the stream when the leaves would 
be found to diverge. The nature of the charge which causes such 
divergence, on examination, would be found to be similar to that of 
the conductor. 

(ii) The action of the Hamilton's Mill (electric whirl) is an example 
of the discharging action of points. The i 
mill (Fig. 71) consists of a brass disc B 
pivoted at its centre, having a number of 
conductors C, fixed around it, the ends of 
the conductors being all bent at right 
angles the same way round. When the 
mill is joined up to the prime-conductor 
of a Wimshurst machine, the disc with 
the needles rotate in a direction opposite 
to that of the bends of the needle, as 
shown by the arrows in'the figure. Air Fig. 71— 
particles in contact with the pointed The Hamilton’s Mill. 
ends of the needles are charged up similarly and are electrically 
repelled, and the reaction caused thereby makes the wheel rotate in 
opposite direction. 

94. Causes of Atmospheric Electricity :—The lightnings and 
thunders are natural phenomena which show that the atmosphere 
contains a heavy amount of electricity of both kinds. In the polar 
regions heavy discharges of electrified particles, lasting even for hours, 
causing display of celours, often occur—the phenomena being known 
as Aurora Borealis. They also point to the same conclusion. But 


— 
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the causes of electrification of the clouds are even at present not very 
! well known. 


One theory supposes that water vapour arising from the water 
on the earth’s surface carries a Positive charge, while the water and 
the earth remain charged up negatively. 

Elster and Geitel’s idea is that the ultra-violet tays of the sun are the 


from radio-active elements in the earth’s crust. These radiations 
(Ch. IX, Part VII) also break up the air molecules and charge them 


condenser with air as di-electric between them. When the difference 
of potential between them becomes very high the air di-electric breaks 
down followed by a discharge of electricity in the form of a flash of 
lightning. The air in the path of the lightning is heated by the dis- 
charge and so it expands sudden- 
ly. This sudden expansion again 
cools the air due to which there 
is also sudden contraction pro- 
ducing a partial vacuum, and, as 
aresult of this the surrounding 
| air rushes there with a tremen- 
dous force. The report of the 
thunder is due to' these sudden 
expansions and contractions of 
the air. 

Lightning Conductor :—T he 
action of the lightning conductor 
depends upon the discharging 
action of points and its conduc- 
ting property. The lightning con- 

' ductor was first suggested by 
Benjamin Franklin (1749). [t 
consists of a long rod or a strip 
of metal (iron or copper) running 
from the top of the building to 

` be protected from destruction by Fig. 72 
lightning down to the earth. The Modi 
upper end of the rod is furnished with sharp points and the lower end 

4 is fixed to a metal plate well burried in wet earth. 
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During a thunder-storm, when a charged cloud passes above the 
points of the lightning conductor, induced charge of the opposite kind 
accumulates at the points. Air particles around the points are charged 
up by contact, and being electrically repelled, constitute an electric 
wind directed towards the cloud. The cloud thereby becomes gradu- 
ally discharged. If, however, the difference of potential between the 
cloud and the conductor is so great as to produce a discharge, the 
lightniug conductor offers a straight path of least resistance for the 
discharge to pass to the earth without damaging the buildings. 


Precaution.—As a precautionary measure (a) one should not hold 
up an umbrella during a storm, as it may act asa lightning conductor ; 
(b) one skould not stand near or under a tall tree and also near any 
metal fence or barbed wire ; (c) one should not remain standing in an 
open maiden. In a heavy lightning storm one should lie flat on the 
ground, if he is in an open space. £ 


te. 
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Questions 
1. Explain the action of an electrophorus. 


(C. U. 1942, '44 ; Pat.1942 ; All. 1928 ; Dac. 1932 ; G. U. 1949) 
“An electrophorus may be considered an electrical machine. Why? 


(G. U. 1949) 

2. What are the changes occurring in the potential of the upper disc of the 
electrophorus during the process of charging ? (C. U. 1942) 
3. Describe an electrophorus and explain clearly how we get a large amount of 
electricity from it by charging it once. (Del. H. S. 1948) 
4. Describe a simple form of an electrical machine for produing static 
electricity. (C. U. 1914 ; cf. Dac. 1933) 


Lx Describe the construction and explain the action of an electrophorus. How 
would you use it to charge an electroscope (a) positively, (b) negatively ? 

(Utkal, 1948 ; C. U. 1932) 

6. Describe the ordinary electrophorus and the method of charging a conductor 

by means of it, explaining how the energy of the charge on the conductor is 

obtained. Why is there a limit to the amount of charge that can be given to an 

insulated conductor by the electrophorus ? (Pat. 1930 ; cf. C. U. 1944) 


7. Show how any amount of charge can be drawn from the electrophorus, 
if only once exited, without violating the principle of conservation of energy. 
(C. U. 1932 ; All. 1920 ; Pat. 1932) 
8. Describe with neat sketches the parts and working of Wimshurst machine. 
What is the function of the Leyden jars ? 
(Utkal, 1948; cf. '50; Del. U. 1939; C. U. 1943; And. U. 1951 s; Bst. 
1952, '54 ; R. U. 1954) 


9. Describe and explain the action of an induction machine. (C. U. 1935) 
10, Describe with a digram the action of a Voss machine. (Dac. 1930, '40) 
11. Explain why a conductor, which is required to retain an electric charge 

for a long time, should be rounded and without sharp points ? (C. U. 1925) 


12. A positively charged conductor is brought near an insulated uncharged 
brass ball. Is the potential of the ball altered thereby ? Would this’ alteration 
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(if any) be modified by the ball having a needle sticking out of its surface and 
would any such modification depend on the position of the needie ? Give 
Teasons. 

. [Hints.—The tential of the ball which was zero in the beginning becomas 
positive when brought near the positively charged conductor. If the needle sticks 
out of the ball on the side opposite to the charged ‘conductor, the ball will lose 
some positive charge through the needle and so the potential will be reduced ; but 
ifthe needle sticks out on the same side as the charged conductor ; the ball will 
lose some negative charge and potentia! will be increased.] 

13. Explain the action of points. Give two practical applications of these. 

(East Punjab, 1953) 

4. State and explain what happens when a candle flame is placed close to the 
pointed end of a metallic conductor connected to an electric machine in operation. 

(Pat. 1951) 

15. Describe experiments throwing light on the effect of sharp points in 
collecting or dissipating an electric charge. (Del. U. 1940) 

16. Describe an experiment to illustrate the discharging effect of a sharp 
conductor and some practical applications of the phenomenon. (Pat. 1937) 

17:*"^Write a short note on “Atmospheric electricity” (Pat. 1937) 

18. What is meant by ‘striking by lightning’ ? How are high buildings protected 
against it ? (All. 1928, '31 ; Pat. 1929, '31 '33 ; C. U. 1935) 


19. Explain—"'There is a common saying that if you see the flash of lightning, 
you are safe." (C. U. 1924) 


20. Explain how a lightning conductor protects a building from a lightning 
discharge. (Pat. 1932 ; C. U. 1935 ; cf. Del. H. S. 1949) 


— 


PART VII 
CURRENT ELECTRICITY 


CHAPTER I 
Voltaic Cells 


1. Historical :—Discovery of Voltaic Electricity :—It has been 
already seen that when a conductor with a Static charge was connect- 
ed with the earth, or joined to another conductor, a flow of electri- 
city, usually a discharge, could always be obtained; or, in other 
words, when two eonductors at 
different potentials are connec- 
ted, positive charge flows from 
the conductor at the higher to 
that at the. lower potential 
until their potentials are equa- 
lised. This flow of electricity 
is called an electric current 
but the flow just described 
lasts only for à moment. 
[According to the modern elec- 
tronic theory, it is not the posi- 
tive charge which flows (from 
the higher potential to the 
lower) but it is the negative 
charge (electrons) that flows from 
the conductor at lower potential 
to the conductor at the higher 


W 
c3 


j Difference 


potential]. * . A 
If the difference of potential Stop-cock 
between the conductors could be Fig. 1 


kept constant by any arrange- 
meb continuous nent could be obtained. 

The following analogy will make the issue more clear. Suppose 
the two vertical cylinders A and B (Fig. 1) are connected near the 
bottom by means of a pipe fitted with a stop-cock. The water level 
in A is at C, while that in B is at D. If the stop-cock is opened, 
water will flow from A to B, but the flow will stop as soon as the water 
attains a common level in both the cylinders. In a similar manner 
electric current also stops flowing when there is no longer a difference 
of electric pressure. It is possible to put a pump in the circuit, 
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as shown in the figure, and keep pumping water from B to A just 
as fast to maintain the same difference of pressure as in the beginning. 
Thus a steady flow of water can be maintained. at the expense of some 
mechanical energy used at the pump. So also, in the electrical case, 
a steady current can be maintained at the expense of some form of 
energy which will keep the potential difference constant. It. will be 
seen in Art. 5 that chemical energy liberated: internally in a primary 
cell by the action between the chemicals used in it maintains the 
potential difference between the terminals of the cell constant. 


The first step towards a steady current was made in 1786 by 
Galvani an Italian physiologist and Anatomist. There are many 
stories of his observations, and one of which is that incidentally one 

day a few freshly skinned frog’s legs were hanging from a brass hook 
-attached to iron railings. Galvani to his astonishment found that 
every time the legs touched the iron there was a sudden contraction 
of muscles. He concluded that the effect was electrical and the 
source of electricity was the nerves and muscles of the animal body 


contacting each other. 


2. Volta’s Pile :—The next step of development was due to the 
Italian Physicist, Volta, who in 1800 showed that the above effect 
was rather due to the contact of two dissimilar 
conductors. He showed that the same effect could 

be obtained by using copper and zinc plates sepa- 
rated by a piece of cloth moistened with acidula- 

ted water and that there was a ‘contact difference 

of potential" between the two dissimilar metals in 
contact. This effect was increased many imes by 
taking a number of such pairs of copper and zine, , 

and arranged in the same way in a vertical column. 

/ This is known as Volta's Pile (Fig. 2). An appre- 
ciable difference of potential could be obtained by 
connecting the topmost zinc plate with the copper 
plate at the bottom by a wire. Applying his. dis- 
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iu TA covery Volta set up the simple voltaic cell which is 
Fig. 2— given in Art. 5. 
Volta's pile 3. Theory of Contact Difference of Potential :— 


, According to Volta, there is set up a difference of 
potential at the point of contact between two dissimilar conductors. 
How this arises in the case of different interfaces is explained below— 


(i  Solid-Solid Interface —1n conductors, there are tree 
clectrons (vide Art. 10, Part VI) which are assumed to move ubout 
within intra-atomic spaces almost as freely as gas molecules. 
Different materials possess different electronic densities, i,e. different 
internal pressures. When two different conductors contact each 


other, their electronic pressures act through the common interlace 
tending to equalise the pressure. Electrons of the conductor having 
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higher internal pressures pass into the conductor of lower internal 
pressure, the former being thereby positively charged and the latter 
negatively charged. This explains the difference of potential between 
two solid conductors put in contact. 


(ii) Solid-Liquid Interface.—The difference of potential between 
a solid and a solution in contact may .be-explained almost in the same 
way as in the case of a solid-solid interface. The only difference is 
that owing to difference in internal electronic pressures one tends to 
deposit positive ions* on the other instead of causing electrons to flow. 
If the solid actually dissolves in the solution, it deposits positive ions 
on the liquid around it and thereby it itself is negatively charged, 
while the solution gets positively charged, and after a time a stage 
comes when an electric. equilibrium 
is reached. When this stage is 
reached, the solid and the liquid 
interface has two layers of equal but 
opposite charges. Lord Kelvin called 
it the electrical double layer. The 
reverse process of a solution deposit- 
ing positive ions on a metal in con- 
tact also takes place. In this process 
the solid is positively charged while 
the solution gets negatively charged. 
Fig. 3 illustrates how zinc is negatively 3 a 
charged, while copper is positvely Fig. 3.—Electric Double Layer. | 
charged when immersed in dilute H,SO,. 

4. Theory of Electrolytic Dissociation :—According to this theory 
put forwardby Arrhenius, the molecules of a solution dissociate, by 
the very act of the solution into two distinct parts associated with 
equal but opposit electric charges. These parts are called the positive 
and negative ions. On setting up an electric field between two points 
in the solution, the two ions move in opposite directions and the 
motions of these ions in the electric field between the electrodes consti- 
tute an electric current in the solution just as the motions of free 
electrons in a conductor are responsible for the current caused in it, 

This type of dissociation is quite diffcrent from what is called 
thermal dissociation. In the latter type, dissociation takes place at 
high temperature, in which always neutral molecules are formed by 
the splitting up of the more complex molecules. But in electrolytic 
dissociation, only charged ions are produced, which may or may not 
be chemical molecules. As for example, 


Thermal dissociation NH,Cle2NH, + HCI 
f EUR INA {2NaCl = 2Nat + 2CI 
Electrolytic dissociation \NH,Cl= NH,* + Cl- 


— 


sAn ion is an atom or group of atoms associated with a charge, positive or 
negative. 
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5(a). The Simple Voltaic Cell :—Such a cell ( Fig. 4 ) consists of 
a plate of copper and a plate of zinc dipped in dilute sulphuric acid 
contained in a glass vessel. If the plates are externally connected by 
means of a metallic wire, bubbles of hydrogen gas will be given off 
from the surface*of the copper plate. 

The chemical action in the cell may be represented by the follow- 
ing equation, Zn+ H,SO, — ZnSO, + Hp. 

The chemical changes proceeding in the cell will set up a difference 
of potential between the plates, the copper plate being at a higher 
potential than the zinc plate. Due to this difference of potential 
transference of electricity will take place along any wire_ externally 
connecting the two plates, and this constitutes what is called an 
electric current. 

The difference of potential between the plates on open circuit, i.e. 
when the two plates are not externally connected, is known as the 
Electro-motive force (usually written E. M.F. or e:m. f.) of the cell. The 
E.M.F. causes a fairly steady current to flow from zinc to copper 
inside theliquid and copper to zinc through the connecting wire 
outside the liquid ( vide Art. 11 ). The direction so indicated is the 


direction of the conventional current and this will be followed in this. 


book, though the direction of the actual current, if the current is due 
to the flow of electrons, is just in the opposite direction ( vide Art. 12 ). 
As sooñ as the circuit is closed i.e. the copper and the zinc plates are 

' externally connected by a metallic wire, electric current flows from 
the higher potential plate ( here copper plate ) to the lower one ( here 
zinc plate), and the potential difference between the two termina! 
plates falls, and so at this stage (i.e. on closed circuit) the. value of the 
potential difference is not the same as that of the E. M.F. of the cell 
The E.M.F. of a simple voltaic cell is about 1:08 volts.. The copper 
plate from which the current is said to start is called the positive, and 
tbe zinc plate through which current enters the liquid, is called the 
negative pole of the cell. 

E.M.F. and the Materials of the Cell.—It should be noted that be- 
sides zinc and copper, other materials also can be used in a simple cell, 
but the materials of the positive plate should be so chosen that the posi- 
tive plate does not so readily dissolves as the negative plate. It will be 
seen that in different voltaic cells carbon, silver, platinum, etc. are used 
for the positive plate, while zinc, aluminium, lead, etc. are taken for thc 
negative one, and the liquids used in different cells may also be different. 

The E.M.F. of a cell depends only on the materials of the plates 
and the liquid used in the cell and not on the size of the plates. 

(b) Electronic Theory of the Simple Voltaic Cell.—When two 
electrodes, Cu and Zn, are immersed in dilute H,SO,, an electric 
double layer (vide Fig. 3) is formed around each in no time, the 
difference of potential between Cu and the solution being 40:46 
volt, while that between the solution and the zinc being — 0-62 volt 
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so that the difference of potential between the Cu and Zn electrodes, 
= 0'46 = (— 0°62) = 1:08 volts. This explains the E.M.F. of the cell. 
When the Cu and the Zn eleetrodes are joined up by a conductor, 
electrons from the Zn electrode (lower potential) travel through the 
conductor to the Cu electrode (higher potential) to equalise the 
difference in potential between them. Thereby, the equilibrium of 
the electric double layer around both the electrodes is upset. To 
restore equilibrium, more zinc ions, each carrying two units of positive 
charge, go into the solution and combine with the acid. The ionic 
reactions are as follows—H,SO, =2(H)* + SO, 

Zn**« S0, 7 2 ZnSO, ` 

Zn!*X H,SO,-ZnSO XH) 


2(H) after delivering the charge to the Cu-plate will escape by 
bubbling as Ha. The Zn-piate will lose Zn depending on the current 
strength and thereby. its negative pótential will remain constant and 
the Cu-plate gaining the positive charges will also be maintained at 
its steady positive potential. : 


Thus the potentials of the two electrodes will be maintained cons- 
tant by an internal action in the cell and a steady current will flow in 
the electric circuit of the cell. The concentration of the acid in the 
cell will decrease with progressive action in the cell due to depletion 
of H,SO, in the solution. 


6. Defects of the Simple Cell :—With a simple voltaic cell, as 
described above the strength of the current gradually diminishes after 
some time. This defect is mainly due to two causes (i) Local action, 
and (ii) Polarisation. : 

(i) Local action.—Commercial zinc is used in simple cell and 
bubbles of hydrogen are seen to evolve from both the plates with the 
generation of the current, 
and even on open circuit, 
they may be evolved 
at the Zn-plate. By 
the action of sulphuric 
acid zinc sulphate is COPPER 
formed and the acid is 
neutralised as more and 
more zinc is dissolved. 
So the chemical action 
decreases, and hence the 
strength of the current j i T IC, As, 
diminishes. This is one | li | Pb, Fe 
aspect. Again commer- l | | PARTI- 
cia] zinc contains impü- | CLES 
rities like C, As, Pb, and Y 
Fe. They together with Fig. 4 
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zinc form miniature local cells on the body of the zinc plate with 
the aid of the acid. These local cells produce local currents using up 
the zinc plate which do not contribute to the main current (vide Fig. 4). 
Hydrogen bubbles may, therefore, be evolved at the zinc plate even 
on open circuit. This effect with commercial zinc is known as Loca! 
action. ; i 


The defect can be remedied by amalgamating the zinc plate. To 
amalgamate it, it is first washed with dilute 4S0, or HC! and is then 
gently rubbed with clezn mercury with the help of a brush or a piece 
of cloth. Mercury dissolves zinc forming an amalgam, but it has no 
action on the impurities. Hence on the surface of the plate 
there is a shining layer of a mixture of mercury and purezinc. The 
impurities remaining under the layer cannot come in contact with the 
acid and thus local action is stopped. The acid has no action on the 
mercury but acts on the zinc in the surface layer, which generates 
the current. t 


+ (i) Polarisation.—As current flows, bubbles of H, evolve at the 
copper plate on which they gradually form a thin layer. Due to this, 
the current strength falls and finally Stops altogether. The effect is 
called the polarisation of the cell. It is explained as follows. — 


(a) As the two plates are connected by an external wire, positive 
H'*-ions travels to the copper plate, deliver the Charges and bubble 
away. In such a process a film of neutral hydrogen (bad conductor) 
is found to collect on the copper plate after some time. With thickness 
increasing, it offers greater and greater resistance to the current which 
thereby diminishes in strength accordingly. 


(b) As the action of the cell proceeds, the incoming H*-ions are 
partially deposited on the film of neutral hydrogen which is non- 
conducting and so positive charges cannot be imparted to the Cu-plate. 
Due to non-delivery of their charges to the Cu-plate, the strength of 
the current may further diminish. Not only that, these H-ions also act 
in another way. They create a new pole there, and hydrogen being 
electro-positive relative to zinc, an electric field is set up in the cell 
which tends to send current in the opposite direction. This is called 
the back-electromotive force or polarisation e.m.f. due to which the 
current considerably decreases. A stage is soon reached when the back 
E.M.F. altogether stops any further H+-ion from moving toWards the 
Cu-plate. The current falls to zero at this stage and the cell is said to 
be completely polarised, 


The polarisation effect can be easily demonstrated by connecting 
an electric bell to the two electrodes of a simple cell when the sound 
of the bell will be loud at first, but it will become fainter and fainter 
with time and ultimately will stop when the cell will be completely 
polarished. - ; 
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_ The polarisation in simple voltaic cells is prevented by three 
principal methods :—(i) Mechanical—by brushing off the hydrogen 
from time to time from the copper plate ; (ii) Electro-chemical— 


by using two solutions such that the hydrogen meets with a second 


The first method, however, is not at all satisfactory if the cell is to be 
of automatic action and'for this reason many cells (as described below) 
have been devised in which polarisation is removed by the use of 
cither of the latter methods. The chemicals used to remove polarisa- 
sation are called depolarisers. 


T. The Voltaic Cells :—Different types of voltaic cells are des- 
cribed below ; each of them is provided with an exciting liquid and a 
depolariser. 


(A) ONE-FLUID CELLS 


(i) The Bichromate Cells.—This cell consists of two inter-con- 
nected carbon plates with a zinc plate Z placed 
between them (Fig. 5). The plates are immers- 
ed in dilute sulphuric acid in which crystals of 
potassium bichromate are added which act as 
depolarising agent. The two carbon plates form 
the positive, and the zinc plate the negative 
pole of the cell. 7 

Action.—By the action of sulphuric acid on 
the potassium bichromate, potassium sulphate 
and chromic acid are formed according to the 
following equation. K,CroO7 + H2S0,+ H,O 
-2H,Cr0, + K5S0,. 

The sulphuric acid acts on zinc to form zinc 
sulphate liberating H+-ion, and the chromic acid 
(H,Cr0,) acts on hydrogen to form water, and 

. the chromic oxide formed thereby is converted 
into chromic sulphate, Cra(SO,)s, by the action 
of sulphuric acid thus, 

6H,SO, * 3Zn* 2H4Cr0, = Crs(SO,), 


Fig. 5—The Bi- 
chromate Cell. 


4 3ZnSO, * 8H,0. 
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The colour of Cr,(SO,), is green and so, with the action of the 
cell, the colour of the liquid changes from red to green. 


The E.M.F. of the cell varies from I:8 
to 22 volts. The current of this cell soon 
falls off, internal resistance being low ; so 
it is useful where strong current is wanted 
for a short time. 


In a modified type of this cell, chromic 
acid is used directly, instead of potassium 
bi-chromate, in order to avoid formation 
of crystals of chrome-alum which deposit 
on the plates and affect the chemical 
Fig. 6—The Leclanche’ Cat action of the cell. The cell is now-a-days 

Qu seldom used. 

(ii) The Leclanche' cell.—This cell consists of an amalgamated 
zinc rod Z immersed in a strong solution of ammonium chloride 
(NH Cl) contained in an outer 
glass vessel (Fig. 6). In this 
vessel a porous pot is placed 
with a gas-carbon rod C at the 
centre surrounded by a mixture 
of broken carbon and powder- 
ed manganese dioxide (MnO,). 


The Zn-rod acts as the nega- 
live plate, carbon-rod as the 
positive plate. VH ,Cl as excit- 
ing liquid and MnO, as depo- 
lariser. The charcoal powder 
is mixed up to make the depo- 
lariser an electrical conductor. 
By the action of Zn on NH,CI, 
NH, is liberated wbich escapes 
through the mixture while the 
hydrogen ion liberated is oxi- X f 
dised by the MnO, into water according to the following chemical 
equations : 

Reaction :—Zn** + 2NH, Cl= ZnCl, + 2NH, + 2(H)* 

2(H)* + 2MnO, = Mn;O., 4 H;O. 

Here MnO, is the oxidising agent, but as it is solid, its action is 
slow ; so if the cell acts for some time polarisation sets in, and the. 
current falls off. This is an obvious disadvantage with this cell. If, 
however, the cell is given rest for some time, it regains its strength. 
So the cell is suitable only for intermittent work, e.g. for telephone, 
telegraph, electric bell, etc. The F.M.F., is about 1-5 volts. 
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The advantage of this cell is that it lasts for a very long time. The 
electric bell system of a home can be worked for years with a battery 
of Leclanche’ cells with only occasional addition of water to the 
ammonium chloride so as to make up losses by evaporation. 

The ordinary dry cell used in electric torches are usually 
Leclanche’ cells where ammonium chloride is used in the form of a 
paste. Ei high tension wireless batteries also Leclanche' dry cell 
are used. ^ 


(B) TWO-FLUID CELLS 


(i) The Daniell Cell.—The cell con- 
sists of a copper vessel A in which is 
placed a porous earthen pot B containing 
dilute sulphuric acid and an amalgamated , 
zinc rod Z. The outer copper vessel 
contains a concentrated solution of copper 
sulphate which acts as the ‘depolariser’. 
In order to keep up the strength of 
the copper sulphate solution, crystals of | 
copper sulphate are placed in two perfo- 
rated shelves, P and Q, which are partially 
immersed in the solution (Fig. 7). With 
decrease of concentration, the E.M.F. 
falls and the internal resistance increa- 
ses. Fig. 7—The Daniell Cell. 


Zn reacts with Ha S04, liberating posi- 
tive hydrogen ions according to the following equation— 
Réactions :—Zn** + H4S0, € ZnSO, + X(H)*. 
The hydrogen ions diffuse through the porous pot and act on the 
copper sulphate forming sulphuric acid and liberating Cu**-ions. 
XHy + (Cu**SO,)-~ = H,SO, + Cu**. 


These copper ions are deposited on the copper plate and so there 
is no polarisation. 6 

The E.M.F. is 1-08 volts. The internal resistance is rather high. 
So this cell is useful for small but constant current. For laboratory 
purposes, this cell is useful even now-a-day. 


The advantages of a Daniel Cell are— 

(a) The £.M.F. of this cell remains so nearly constant that it may 
be used as a comparison cell. 

(b) It will give a constant small current for some time without 
polarisation and with practically very little expense. 
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The disadvantages are— 


(a) When it is left standing, diffusion takes place through the 
porous pot in both directions and the amalgamation of the zinc tends 
to wear off. 

(b) Immediately after using, the cell should be dismantied and it 
should be reset everytime before use. 

(c) Sometimes it takes as long as half an hour after it is reset in 
order to settle down and give its final steady E.M.F. 


Gi) The Bunsen Cell.—This consists of an earthen vessel P con- 
taining dilute sulphuric acid, in which is placed a cylindrical porous 
pot B containing strong nitric acid. A carbon rod C is placed in the 
porous pot, and an amalgamated cylindrical zinc plate Z is placed in 
the earthen vessel around the porous pot (Fig. 8). 


Reactions :—Zn** + H3SO, = ZnSO, + UH 
XHy + 2HNO, =2H,O + XNO,Y* 


Thus the nitrogen peroxide molecules act as the carriers of posi- 
tive charge to the carbon rod. 


The nitrogen peroxide gas (NO4) is soluble in strong nitric acid. 


The E.M.F. is about 1'9 volts. This cell is useful for strong and 
constant current. The cell has got the disadvantages. of disagreeable 
fumes of nitrogen pero- 
xide. Some polarisation 
* is present. Cautious 
handling is required. This 
cell has seldom any use 
now-a-days. 
(iii) The Grove 
Cell—This cell is simi- 
lar to te Bunsen Cell 
d except that the cárbon 

1 Fig. 8—The Bunsen Cell rod is replaced by a 
DN foil, which is very costly. This cell has practically gone out 
of use. N 


8. The Dry Cell :—These cells are simply modified torms of Lec- 
lanche' cells made portable by dispensing "with liquids. The negative 
plate (Zn) is a hollow cylinder of zinc which forms the walls and the 
bottom of the cell (Fig. 9). The positive plate is a carbon rod C placed 
in the centre of the cylinder. The carbon rod is fitted with a brass cap 
B which forms the terminal of the positive pole. Instead of a solution 
like that of the Leclanche" cell, here a paste is made of sal-ammoniac 
NH,Cl, MnO,. C (coke or graphite) and a little water. The space 


i 
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between the carbon rodand the zinc cylinder is filled with the paste. 
A paper lining (P.L.) separates the paste 
from the wall of the cylinder and the 
NH,Cl acts through this. The carbon rod 
is effectively insulated from the bottom of. 
the cylinder bv means of tar paper washer 
(T.P.W.). The top of the cell is filled: up 
with a layer of sawdust (S.D.), followed 
by a layer of sand (S), then by a layer of 
pitch or wax (P) to prevent loss of water 
by evaporation and short-circuiting of the 
poles. There is a pinhole in the pitch. (or 
wax) through which the gases escape. The 
ZnCl, formed by the action of Zn on 
NHC nape the NH, gas. The coke 
É ; ` or graphite reduces the internal resistance. 
Fig. 9—The Dry Cell. The E.M.F. of the cell is about 1°5 volts. 
On continued use it may polarise, but recovers its E.M.F. if allowed 
to remain on open circuit for a while. 


. ,The dry cells have now-a-days become very important. They are 
indispensable for electric torches, portable testing sets, and for high 
tension supply of radio sets. i 


9, The Stafidard Cell :—The 
E.M.F. of the cells described 
above gradually decreases if con- 
tinuous current is drawn from 
them. For accurate sciehtific pur- 
poses it is necessary to havea 
cell of constant E. M.F. for com- 
parison. Such cells called stan- 
dard ceils, are used as standards 
of E.M.F. for determining the 
E. M.F. of other cells by compari- 
son, for testing p.d.'s between 
two points in an electric circuit, 
for calibrating ammeters, volt- Fig. 10— The Cadmium Cell. 
meters, etc. but they are not used 
for continuous supply of current. Tlie E.M.F. of such a cell changes 
very little with temperature. 

The Weston Cadmium (normal type) Celi-Since. the London 
conference, on electrical Units and Standards, of 1908, this cell is 
recommended as the concrete standard of £.M.F. for international 
purposes. Such cells manufactured by different firms vary slightly 
in specifications and their general descriptions are about the same. 
A cell of this type is made in the form of a H-shaped glass tube 
(Fig. 10) with two platinum wires sealed through the bottom terminat- 
ing at two binding screws. Pure mercury C is placed at the bottom of 
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one of the tubes serving as the positive pole. Upon this, there is a paste 
of mercurous sulphate D. At the bottom of the other tube an amalgam 
of mercury and cadmium 4 is placed which forms the negative pole. 
For completing the electric circuit a saturated solution (and so the 
cell is called a normal cell) of cadmium sulphate S is then placed in 
both the tubes which reaches a little above the horizontal connecting 
tube. Crystals of cadmium sulphate B are placed in the solution to 
keep the strength of the solution constant. The E.M.F. of a typical 
Weston Cell is 1:0183 volts at 20°C. The E.M.F. slightly decreases 
with rise of temperature and the following relation is given for calcula- 
ting the E. M.F. at any other temperature : 


E= 1:0183 x 0:0000406 (1— 20) volts. 


The Latimar-Clarke Cell._In this cell the arrangement is 
He/Hg.SO,: ZnSO,/Zn. A pool of mercury at the bottom of the cell 
forms the positive electrode. This is covered with a paste of mercurous 
sulphate in which the negative electrode, a zinc rod, is supported. To 
ensure saturation, crystals of zinc sulphate cover the paste. The cell thus 
differs in construction from the cadmium cell in the use of pure zinc 
throughout in place of cadmium. It is often shaped like a dry cell. 
At 15:C, its E. M.F. is 1433 volts and at any other temperature /?C., 
it is 1:433—0:0012 (t—15) volts. Thus the temperature coefficient of 
the e.m. f. of this cell is much greater than that of the cadmium cell. 

Precautions of use of Standard Cells.—(i) No currents should be 
taken from a standard cell, otherwise it will be damaged, and that is 
why a very high resistance is always kept connected in series with 
such cell. 

(ii) Care should be taken in moving a standard cell, for the shak- 
ing up of the chemical tends to alter the e.m. f. 


(iii) A dry place should be selected for the storing of these cells 
at a fairly uniform temperature of about 15° to 20°C. Temperature 
variations affect the performance of the cells and moisture depositing 
on Jh puting materia! produce leakage current between the 
terminals. 


10. Distinction between Primary Cells and Secondary Cells 
{or Accumulators) :—All the voltaic cells considered above are called 
primary cells as they supply the current direct from the energy 
liberated inside them by the chemicals used in the Cell. The cells 
have now been largely replaced, except for special purposes, by another 
type of cells, called secondary cells, which do not actually generate 
current, but strong current can be obtained from these cells after a 
current is previously passed through them for some time from another 
source. The charging current is converted into chemical energy within 
the cells and this energy is utilised for supplying current afterwards. 
In primary cells, the constituents of the cell require replacement 
because they are gradually used up, but in secondary cells, they need 
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not be replaced when run down ; they require recharging only. The: 
theory of the secondary cells is described in detail in Chapter VI. 


11. An Electric Cjrcuit :—When the two poles of a cell are 
joined by a metallic wire, an electric current is produced by the cell ; 
the current passes through the wire and the liquid of the cell in a 
continuous closed path which is called the complete circuit ; the 
portion of the path formed by the wire is called the external ciruit,. 
and the portion through the liquid of the ccll, the internal circuit. 
The current passes from the positive to the negative pole through the 
external circuit and from the negative to the positive pole through the 
internal circuit (vide Fig. 11). 


When the two poles are connected by a metallic wire, i. e. by a 
conductor, the circuit is . 
said to be ‘closed’ and 
then only a current can 
flow. If the two poles are 


not connected by a wire, ^ NEGATIVER\S 2 POSITIVE. 
i.e. the circuit of me cur- PLATE PLATE. 

rent is not complete, no 

current can flow, and the N lA N 

circuit is then said to be + Rie Al 
‘open’. j| Ni ` IN 

{t is to be remembered i i 
that the value of the H+ | i—i I 
current strength, which i iam H | 
depends on the £.M.F. of ll 1 | | 
the cell and the resistance 
of the circuit (Art. 43) is Fig. 11 
the same every where in the c'rcuit, both external and internal. 

12. Direction of Electric Current (Modern View) :—]t has been 
stated in Art. 8 of Part VI, that the electrons in an atom are 
all in the shell of the atom. The same electrons may not always 
remain confined in the same atoms but they—specialy those 
near to. the outermost boundary of an atom—may become easily 
detached, and wander about in all directions for a while before 
they get attached to other atoms. The substances in which the number 
of wandering electrons is great, conduct electricity well; and because 
the number is great in metals, metals are generally good. conductors 
of electricity. Just as tiny particles, suspended in air, can be driven 
breeze, so if an electric potential, or electric pressure, 

it i d is set up between any wo points, ot g USER a 

ioining the two ends of it to the two erminals of a 
ker d peius Clecions will be driven onwards along the wire 


negative to the positive pole of the cell. This onward 
from the, the electrons along a wire from the negative to the positive 
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pole is, according to the modern electron theory, called an electric 

current, 

It is to be noted, however. that it is only an accepted mode of 
speech to say that electricity fiows from the positive to the negative 
pole. or from the higher to the lower potential, and it has become so 
firmly established that still this mode of describing the above _Pheno- 
‘mena is universally followed. But if an electric current is to be 
regarded as a-flow of electrons (i.e. of units of negative electricity), 
then it must travel in the direction, opposite to the conventional current. 

12(a). General Effects of Electric Current :—The effects produced 
by an electric current can be chiefly divided into three classes : 

(a) Magnetic, (b) Heating, and (c) Chemical. 

(a) A magnetic field is created in the region surrounding a wire 
carrying a current (yide Ch. ID. 

(b) A conductor is heated when a current flows through it (vide 
Ch. V & Ch. VIII). 

(c) A current passing 
through a solution of salt or 
an acid decomposes it, the 
process being known as elec- 
trolysis (vide Ch. VI). 

: 13.  Allessandro ^ Volta 
(1745—1827) :—He was born 
in a noble family of Como, 
Italy. In 1779 he was called 
to the University of Pavia as 
Professor of Physics. He 
ranks almost with Coulomb 
for his work on the quantita- 
tive measurements of electrical 
quantities. For a long time he 
was famous for his *electro- 
meter’? made of two straws 
until the same was superseded 
by the gold-leaf cleetroscope 
and latter by an aluminium 
electroscope. To make an electroscope more sensitive he added a con- 
denser to the knob of it, the resulting electroscope being now-a-days 
known as a condensing electroscope oi Voita’s electroscope. The elec- 
trophorus is also his invention. But these instruments, though unique 
hy themselves showing à mastery in the art of measurements, were not 

fundamentally new. His chief claim to immortality lies in his 

discovery of the Contact Theory of Potential. Before him 
people knew that electricity could be generated only by frictio- 
nal methods. That it could be generated by chemical means 
originated from him. The work is of fundamental nature 
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and has opened up huge possibilities by which posterity has 

been benefited. His contemporary. Galvani, à Professor of Anatomy 

in the University of Bologna, was carrying on extensive researches at 

that time on the ‘Force of Electricity on the Motion of Muscles. One 

day he had a freshly skinned frog which he hung up by a nerve attached” 
by means of a brass hook to an iron garden fence. He noticed that 

each time the muscle swang and touched the iron-fence, the muscle 
contracted. The seat of the driving force he thought was in the animal 

muscles, and the electricity he called animal electricity. It required the 

genius of Volta to point out thai the sear of the electro-motive force 

was the place of contact. He next listed the metallic conductors into à 

series, known as the ‘Valtaic series’ in such a way that the electro- 

motive force produced by any pair of conductors together is propor- 

tional to their distance in the series. His next step of development 

was that when two dissimilar metals were separated by a cloth 

moistened with acidulated water, 4 continuous flow of electricity 

resulted. In Volta's pile, for which he is famous to-day the same 

effect has been multiplied by using similar pairs in series, one after 

another. . This pile was the predecessor of the simple Voltaic cell 
which be developed later. Ina letter addressed to the President of 
the Royal Society, Volta communicated the discovery of his pile in 

1800. In the later years of his life he only devoted himself to his family 

and at one time in 1804 he wanted to retire from his professorship in 

Pavia. Napoleon Bonaparte was then the master of his land as victor. 

He refused to accept Volta’s retirement with the. words,—'I cannot 
agree to Volta’s resignation. If bis activities as professor are (00 

great a burden, they must be limited. He may be given even only one 
lecture a year, but the university of Pavia would be wounded to the 
heart if I-were to allow so famous a name to be struck off the rolls of 
its members ; furthermore à good general must die upon the field of 
honour." The practical unit for potential difference,—the volt, has 

been named after him to commemorate his name. 


Questions 

1. A strip of copper and a strip of zinc are dipped into a vessel containing 
dilute sulphuric acid. The strips are attached to the two terminals of a galvano- 
metre, the needle of which is observed to be deflected. This deflection, decreases ; 
considerably after the strips have remained for some time in the acid. Why is’ 
this? What methods have been adopted in practice to avoid this effect in soltaic 
cells? Give example. C 

2, Explain clearly t 


how these are moved in various celis, 
pinto aon ME (t 1930, 32, 38 ; cf. C. U. 1923 ; All. 1918) 


in "local action" and ‘polarisation’ and show how they arc avoided in 
à arene (C. Ù. 1946, “48, '53 ; Dac. 1942 : cf. Pat, 1942. 48)- 


/hy is i worki i he copper sulphate 
Why is it necessary, for the good. working of the cell, that the coppe phate 
solution be Kept concentrated ? (C. U. 1946) 


the phenomenon of polarisation and its causes in. simple 
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4, What are the defects of a Simple Volatic Cell? Explain how these defects 
are remedied in a Daniell cell. *Rajputana, 1951 ; Utkal, 1952 ; Dac. 1934) 
5. Describe any two arrangements fo; maintaining a stéady current of electri- 
city in a given wire. Explain the mode of supply of energy for maintaining it in 
two cases. What becomes of the energy as it continues to flow ? (C. U. 1911) 


{ Hints.—Steady current can be maintained in a circuit containing any of the 
voltaic cells, say a Daniell, or a Bunsen cell. The energy is derived from the 
chemical action going on inside the cell, which is dissipated by heating the wire. ] 

6. Explain the meaning of the term, and the cause of, polarisation of a Voltaic - 
cell. Give two instances, of the use in cell, of depolariser, one being instance of a 
cell of single electrolyte and other of a ceil of two electrolytes. (C. U. 1932) 


7. Describe a Daniell cell and explain its action. 
(And. U. 1952; Del. H. S. 1947 ; M. U. 1953 ; C. U. 1926, 28, 38 ; cf. Pat. 
1927,38) . 
8. Describe a Leclanche’ cell and explain its action. Explain ‘local action’ 
and ‘polarisation’ and show how they are avoided in the above cell ? ( 3 
j C. U. 1949) 


9. What do you understand by polarisation in a Voltaic cell? Describe a 
Leclanche’ cell, Whar are the means taken to obviate polarisation in this cell? . 
How far is this object attained ? What properties make this cell a suitable one 
for electric bells ? qiti. (C. U. 1924, cf. '31 ; Pat. 1939) 

10. Describe a Bunsen cell and explain its action. 

(Del. U. 1934 ; C. U. 1934; G. U. 1949). 

State, in general terms, on what the electro-motive force of the cell depends. 

(G. U. 1949) 

11. Describe a Daniel cell. Explain the uses of its various components. 
What chemical change take place in a cell when current is taken from it ? ` 

(Dac. 1927, '42) 

12. Explain ‘polarisation’ in Voltaic cells. How are they avoided in a 
Daniel cell (C. U. 1951) 

13. Describe the construction of any simple non-polarisable Voltaic cell. 

(Dac. 1931) 

14. Explain the relative advantages and disadvantages of (/) a Leclanche' 
cell, (jj) a Daniell cell and (ii) a storage cell or accumulator. (Pat. 1937) 

15. Account for the chemical and other changes, if any, which occur before 
and after joining the terminals of a double-fluid cell by a wire. What advantage 
bas a double-fluid cell over a simple céll ? (Pat. 1936). 


16. Describe how a dry cell is constructed and explain its action, 
: (Aud. U. 1951, '52 ; cf. G. U. 1951) 
17. What is a standared cell, and why is it so called ? (C. U. 1936) 


CHAPTER H 
Magnetic Effects of Currents 


14. Oersted's Experiment :—In 1812 Oersted' of Copenhagen, 
made the following experiment which established a relationship 
between magnetic and electric phenomena. 


Expt.—If a stretched wire AB carrying an electric current is held 
over a pivoted magnetic needle NS 
with the length of the wire parallel 
to the axis of the needle (Fig. 12), . 
the needle is deflected and tends 
to set itself at right angles to the 21 $ ? 


length of the wire; but being N P 
influenced by two forces,—one due 
to the magnetic effect of the electric’ 


current, and the other due to the 
earth's magnetic field—it takes up Fig. 12 
an intermediate position. It is observed that (i) the direction of 
deflection of the needle depends upon the direction of the 
current ; (ii) the deflection increases with the strength of the 


current. 


15.. Direction of the Magnetic Field:—To determine the 

: direction in which a magnetic 
needle will be deflected due to an 
electric current, the following are 
the two governing rules— 

(1) Ampere's Swimming 
Rule.—/f a man be imagined to 
be swimming in the current-carry- 
ing wire in the direction of the 
current with his face (in normal 
position with respect to his body) 

Fig. 13 turned towards the needle, then 
the north pole will be deflected towards his left hand (Fig. 13). Evidently 
in that case the south pole of the needle will be deflected towadrs the 
right hand of the swimming man. 


Thus the direction of the current flowing through a wire can be 
detected by observing the direction of deflection of any pole of a 
magnetic needle pivoted underneath the wire. 


Vo. If (EC)—2 
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(2) Maxwell’s Cork-screw Rule.—Jf a right handed cork-screw 
be screwed along the wire so that 
the point of the screw travels in 
the same direction as the current, 
then the direction along which the 
thumb rotates indicates the direc- 
tion of the magnetic lines of force, 
—i.e., the direction in which the 
north pole of a magnetic needle 

Fig. 14 will be deflected (Fig. 14). This 
law enables one to draw the lines of force around a current indicat- 
ing their directions. 


Thus, if a magnetic needlz is pivoted between two parallel wires, 
one above and the other below the needle (vide Fig. 30), carrying 
currents in opposite directions, the current in the wires will tend to 
deflect the needle in the same direction, i.e. additive magnetic effects 
will be produced on the needle, and more turns of the wire will 
obviously increase the effect, just as it is done by inereasing the 
current strength. Thus the deflection of the needle depends upon the 
number of turns of wire and the current strength. By using sufficient 
turns of wire, a very weak current can be made to produce an appreci- 
able deflection of the needle. This principle is applied in many galvano- 
meters which are instruments for detecting and measuring small 
electric currents (vide Chapter IIT). 


16. Magnetic Field due to a Linear Cutrent.—Since, a wire 
carrying a current deflects a magnetic needle, as done by a magnet, 
it indicates that a current also 
has got a megnetic field near 
itjustas a magnet has. This 
magnetic field due to a current 
can be plotted (as done in the 
case of a bar-magnet) by means 
of a compass needle or iron 
filings. 


If a strong current be passed 
through a vertical wire passing 
centrally through a horizontally 
placed cardboard over which Fig. 15 
iron filings are sprinkled, then on gently tapping the board, it will be 
observed that (a) the iron filings (and so the lines of force) surrounding the 
straight wire set themselves in concentric circles (not spirals) round the 
wire as their common centre (Fig. 15) ; (b) the planes of the circles are at 
right angles to the direction of the wire. Hencea magnetic needle placed 
just below a horizontal wire carrying a currenttends to set itselfalong the 
lines of ferce surrounding the wire and so experiences a force at right 


— 


MAGNETIC EFFECTS OF CURRENTS 19 


angles to the wire ; but, under the action of this iorc` and also the force 
due to the earth, the nzedle takes up an intermediate position. Now 
placing a small compass needle on the board near the wire in différent 
positions and marking its ends, the direction of the lines.of force can 
be determined. Observe that (c) the direction is reversed by reversing the 
direction of the current. On looking along the wire carrying current away 
from the observer (d) the positive direction of the lines of force will appear 
to be clockwise (cf. Cork-screw rule). It will also be noted that (e) the 
strength of magnetic field due to the current increases with the strength" 
of the current, and (f) decreases as the distance from the wire increases. 


17. Rotation of Magnet round a Current :—A line of force indi- 
cates the direction in which a free north pole should move when 
placed in a magnetic field. But as a single pole cannot be practically 
obtained, the above fact cannot be demonstrated in practice. Faraday, 
however, devised an apparatus by which the motion of a magnet pole 
round a current can be exhibited. 


In the arrangement of his apparatus (Fig. 16), the current produced 
by a battery passes up a verti- 
cal hollow brass stand A which 
is fitted at the top with a brass 
cap containing mercury. Two 
cylindrical bar-magnets n, s with 
their n-poles downwards are 
fixed to a brass frame-work F 
and are suspended from a beam 
B by an unspun silk fibre. The 
frame F carries a pointer P 
which dips into mercury con- 
tained in an annular cup C 
which surrounds the magnets. 
As the magnets rotate, the 
pointer also moves providing a 
rotating contact in a circle 
touching the surface of mercury 
in the annular cup. The current 
passing up the pillar 4 goes to 
the pointer P through the frame 
Fandthus to the mercury in l 
the cup. The annular cup C is Fig. 16 
connected by means of a brass connector to the negative pole of the 
hattery while the positive is connected to the pillar A. 


The magnets rotate on completing the circuit. The direction in 
which the magnets rotate, can be easily traced by the application of 
Maxwell's Cork-screw rule. On reversing the current, the direction of 
cotation is also reversed. 
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18. Laplace's Theorem :—When a current is passed through a 
conductor, a magnetic field is established. 
This discovery is due to Oersted, as already 
described. Laplace's theorem gives us a 
quantitative relation between the strength 
of the current, and the intensity of the 
field, and the law applies to all cases of 
conductors irrespective of their, shapes. 
The theorem states that the magnetic field 
Fata point distant r from a short seg- 
ment (ab) of a conductor of length / carry- 
ing a current C is 


Fig. 17 


(i) directly proportional to the current, i.e. F«C; 
(ii) directly proportional to the lehgth, /, ie. Fol; 


(iii) directly proportional to the sine of the angle (0) between the 
direction of the current and the line joining the point to the middle of 
the element J, i.e. Fo sin 6 (vide Fig. 17) : 


(iv) inversely proportional to the square of the distance r between 
the element and the point, i.e. Fœ I/r*. 


Isi 
In symbols, Fee x 
KClsing 

or, PACA d a es = 8 (1) 


where K is a constant whose value depends only on the units in 
which the other factors are measured. 


19. The C.G.S. Electro-magnetic Unit of Current :—The definition 
of the c.g.s. absolute electro-magnetic unit (e.m.u.) of current is 
derived from Laplace’s theorem. This unit is so defined that K 
assumes a value equal to unity. The definition is as follows : 


The c.g.s. absolute electro-magnetic unit of current is such a current 
which flowing through a conductor 1 cm. long, bent into an arc of 
a circle 1 cm. in radius produces at the centre of the circle a magnetic 
field of unit intensity (one dyne). 


[The practical unit for current is the Ampere which is one-tenth 
of one c.g.s. electro-magnetic unit of current ie. 1 ampere =}; e.m.u. 


of current.) 
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If we apply this definition to Laplace's theorem as expressed b 
equation (Hof Art. 18 we have to put C=!,/=1,r=1, 0=90°, E 
F also as unity when we find that K reduces to unity. 
So, Laplace’s the Ci sing 
o, Laplace's theorem can be expressed by, F VITE ee Q) 


where Cis in e.m.u. The electro-magnetic unit is so called as it is 
based on the magnetic effect of an electric current. 


It should be noted, however, that the law, as stated above, does 
not give the direction of the field. The field is always perpendicular 
to the plane containing the conductor and the line joining the point 
(where the field is to be found) to the conductor. To get the sense 
of the actual direction, either Ampere's Swimming rule or Maxwell's 
Cork-screw rule may be applied. In. Fig. 17, 
field F at P is perpendicular to the plane of rin 
the paper [for the conductor AB and the 


Jine OP joining P to the middle O of the | 
element AB, are contained by the plane of Y 
the paper] and will be directed upwards ; {Me ar 
this may be verified by applying either of the 1 3 
two rules cited above. $ boy 

\ Y 


In Fig. 17(2), a conductor carrying cur- Adyne ', i 
rent has been shown bent into the form of a į 
circular arc having a radius of curvature of 

] cm, when a current of 1 c... electro- Y 

magnetic unit flowing along 1 cm. length of Fig. 17(a) 

the arc will produce at the centre of the arc a magnetic field of 1 eue 
in the direction of the arrow. The difference of Fig. 17(a) from Fig. 
17 is that in it the value of a is 90°. This figure may be remembered 
for ready reference wherever any confusion regarding the direction of 
the field due to a current arises. 


20. Field at the Centre of a Circular Coil carrying a Car- 
rent (C) :—This may be derived at once from Laplace's theorem, as 
expressed by equation (2) of the foregoing article. If the circular coil 
js of radius r, and has n turns, / (for the whole length) = 2xnr ; more- 
over here, 04 90^, for the line joining the centre to any point on the 
circumference of the circular coil is normal to an element of the wire 
at that point. 

pecie Cikdeur xiu." nC dynes. (3) 
t Ld r 


if r is in centimetres and C in c.g.5. electro-magnetic units. 


1f C is in amperes, patent dynes E oe ME 
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.21. Intensity of Magnetic Field due to a Linear Current :— 
Before passing a current through the wire (Fig. 15), let a small mag- 
netic needle, suspended horizontally. swing under the earth’s horizon- 
tal field H and let the number of oscillations be m per minute ; then 
He«n?. Now pass a current up the wire and find the number of 
oscillations n, per minute at a distance d, to the magnetic east of 
the wire. On the east of the wire, the direction of lines of force due 
to the current and that due to the earth’s field are the same ; hence 
[vide Art. 49(1), Part V] the resultant field (F; + H)o $^, where F, 
is the magnetic field due to the current at a distance dı. Repeat the 
experiment at a distance d, and let na be the number of oscillations 
per minute. Then the resultant field, (Fa  H) « ng. 

Fy n?n? 


Hence, —*— 
EP hig? —n- 


It will be found that (n4? xn?) i (ns? —n*)e ds : di. 


F, d. 

Fd, 
i.e. the intensity of the magnetic field due to a current varies inversely 
as the distance. 

Note.—(i) On the west of the wire, the direction of the lines of 
force due to the current and that due to the earth are opposite, and 
so the resultant field would be (F;—H), assuming F, to be greater, 
and in that case (F,—H)«n’*, n’ being evidently less than n. 
Hence counting the number of oscillations of the needle per minute 
on the east and also on the west of the wire keeping it at the same 
distance from the wire in both the cases, the direction of the lines of 
force due to the current can be known by knowing the direction of 
the Hines of force due to the earth’s field, which is from geographical 
south to north. 

(i) It should be remembered that the rule due to Laplace is that 
the intensity of the magnetic field at a point due to the current ina 
very short element of current is inversely proportional to the square of 
the distance from that point ; but when this rule is extended to the 
whole circuit, the results are as stated above in eq. (1). This was veri- 
fied by Biot and Savart. 

(iii) Again by passing a current of double strength in the wire, 
it will be seen that the intensity at the same point near the wire will 
be twice as great, Le. F,/F, 2:1, or the intensity of the magnetic 
field at any point varies directly as the current strength. 

If the intensity of the field F is caiculated theoretically, it is found 


Sca 


to be given by F (dynes) - 25, where C is the current in c.g.s. e.m. 


unit. 
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22. Magnetic Field due to a Circular Current :—If a strong 
current be passed through a circular wire, then by observing (Fig. 


18) the effects as before, it " 
POS aita NER 


may be noted that, (a) near 
6 — B 


the wire, the lines of force 
are approximately circular, and, 
within the space enclosed by 
the wire, the lines of force 
all travel in the same direc- 
tion ; (b) near the centre, the 
lines of force are approxi- 
mately parallel so that the 
magnetic field may be taken to 
be uniform for a small space 
round the centre; (c) at the Fig. 18 

centre, the direction of the lines of force is at right angle to the plane 
of the coil. The direction of the lines of force can be assigned by 
applying the cork-screw rule. à A 


From Fig. 18 it is clear that when a face of the coil held before 
an observer, the lines of force inside the circular wire will point 
(i) away from the observer, when the direction of the current is 
clockwise, and (ii) towards the observer when anti-clockwise. 
The magnetic field due to a currrent 


round the circular loop closely resem- 

* bles the field due to a magnetised disc 

: of steel having the same area as the 

area of the loop and the thickness 

Fig. 19 equal to the diameter of the wire. 


Also, like the magnetised disc, the 
wire-loop will present opposite polarities in the two faces. Thus, the 
wire-loop with its current will behave like a magnetic shell ; the force in 
which the current seems to pass in a clockwise direction, when held 
perpendicularly to the line of sight, acquires south-polarity and the face 
(t which the direction. is anti-clockwise acquires  north-polarity 
Fig. 19). ; . 


23. Ampere’s Theorem :—Thus we have got the following 
important Law stated by Ampere—A current flowing in a closed circuit 
of any shape behaves exactly like a magnetic shell, the edges of which 
coincide with the wire carrying the current, the moment of the shell 
per unit area (strength of the shell) being equal to the current 
strength. 


Examples.—/. A compass needle suspended at the centre of a circular coil of 
wire with its axis in hs magnetic meridian makes 10 vibrations per mine i the 
^5 field | 16 vibrati eae v roma 
or te eld pg the current in the. coil when the horizontal 


magnetic 
component of the earth's field is 02 Gauss. 
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Let Hehorizontal component of the earth’s field ; Fe field due to the current 
in the coil ; m=no. of vibrations due to the earth's field alonc=10 per minute ; 
m,"no. of vibrations due to the combined field of the earth and that due to tbe 
ourrent==16 per minute. 

Two cases may arise due to the direction of the current in the coil— i 

(a) When the ficld due to the current and that due to the earth are in the 
«ame direction, we have the combined field —(F-- H). 


a 
Hemiand(FBHyem* asa Hence p= 


5 Mete rse. Ao F-VS6He 1:56 02-0312 Gauss. 
(b) When the field due to the current and that due to the earth are in oppósite 
directions, the combined field will be (F— H), and then we have, 


F-H m^ (16.64. 5F-89/1-89«02. X F-07 
a = (I) 2S: or, 25r 091-99 «02. ^ Feo 12 Gauss. 

2. A current of 1 ampere flows at righ augles to the magnetic meridian in a 
circular coil of wire of 10 turns and radius 10 cms. Find the magnitude of the 
magnetic field at the centre of the coil, 

A short magnetic needle suspended at the centre of the coil makes 10 vibrations 
per minute with no current passing. On passing the current it swings through 180° 
and then makes 13 vibrations per minute. Explain this. What is the strength of the 


earth's field ? 
2enC i 2x44x10x1 
wi Fa SEEN. N .20; «^X T 
e have, "ior from eq. (4) in Art. 20; 10x 10 


= 0:628 Gauss. 


The magnet QUE through 380° when the current passes through the coil so 
that the direction of the magnetic field due to the current in the coil must be 
opposite to that of the earth’s field which has turned the magnet through 180°. 


(As in the last example), combined ficid= F— H. 


So, EDH .15 9 whence 13H—4F-4x 0:628: 2512 ; 


SH. 0 4 
Ao H=0'193 Gauss. 


24. The Solenoid :— A long insulated wire wound in the form of 
a spiral of several turns (Fig. 20) will form what is called a solenoid. 


It has been said in Art. 22 that a single turn of wire carrying a 
current behaves like a magnetised disc : so, when a current is passed 
through the solenoid, each turn of the spiral will behave like a mag- 
netic disc, but its polarities are destroyed by the opposite polarities 
of the two neighbouring turns. except at the two extreme faces where 
the polarities are exhibited. According to the rule already stated (Art. 
23), the polarities of the face can be determined. The face in which 
the current is seen to flow in the clockwise direction will have south 
polarity and the other face in which the direction is’ anti-clockwise 
will have north-polarity. A straight solenoid behaves exactly like a 
bar-magnet. Fig. 21 represents the distribution of lines of force when 
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a current flows through a straight solenoid. It will be seen that the 
external magnetic field due to the solenoid is very similar to that of a 
bar-magnet. The polarity of the solenoid can be reversed by revers- 
ing the direction of the current. 


Fig. 20—Floating Battery, Fig. 21—Field due to a straight 
Soknoid. 


The action of a solenoid can be experimentally verified by De la 
Rives Floating Battery (Fig. 20). The two ends of the wire of'a 
solenoid are soldered to a zinc and a copper plate immersed in dilute 
sulphuric acid contained in a test tube which is made to float in water, 
being fixed to a pad of cork or rubber. A simple voltaic cell, thus 
formed, sends a current through the solenoid which, like a floating 
magnet, turns and finally points along the north and south direction 
of the earth. The clock-face rule stated above can be verified by « 
testing the polarities with another permanent bar-magnet. 

(a) Field inside a solenoid.—The strength of the magnetic field 
inside a solenoid of given shape and size depends upon two factors— 
(i) the number of turns of wire per unit length of the coil, and (ij) the 
strength of the current. 2 

Moreover, if for the same length of the solenoid the number of 
turns is doubled, the resistance of the wire is double and so the 
current strength is halved, and the intensity of the field inside the 
solenoid, therefore, remains unchanged. Hence the field depends 
upon the product of the above two factors, the current C (in amperes) 
and the number of turns n per unit length, or, in other words, the 
number of ampere-turns per unit length. Thus, if F be the intensity of 
the field inside the solenoid, FxnC; or, FeanC, where a is a 
constant, the value of which for a long straight. cylindrical solenoid is 
(4r, when C is in amperes. .". F-04znC. The quantity nC is 
called ampere-turns per unit length. 

When C is expressed in C.G.S. electro-magnetic unit, the intensity 
F inside the solenoid is given by F= 4anC. 
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25. The Electro-Ma; :—-If a rod of soft-iron be placed 
N 5 e inside a spiral of wire through which a 
current is passed, the rod becomes 
magnetised with opposite poles at the 
ends. When the current is turned off, 
the soft-iron rod losses its magnetism. 
When the current is reversed, the, 
polarity is reversed. Such an arrange- 
ment is called an electro-maguet. If 
the iron bar is in the form of a horse- 
shoe, then the arrangement is called a 
horse-shoe electro-magnet (Fig. 22). A 
very intense field is produced between 
s the pole-pieces of a horse-shoe magnet, 
An Electro-magnet. the poles being near each other. 

The coil of wire must be wound around tbe two limbs of such a 
magnet in such a way that, when the magnet is held im front, the 
current would appear to flow in a clockwise direction at one end and 
in an anti-clockwise direction at the other end. Todo this, the two 
limbs of the electro-magnet are wound with the wire in opposite 
directions as shown in the figure, and finally the two terminals are 
connected to two binding screws. In this way the action of the 
two straight solenoids, corresponding to the two limbs, as they are 
found, assist one another by setting up lines of force in the same 
direction through the iron. The strength of an electro-magnet depends 
on the ampere-turns per cm. [vide Art. 24(a)] arid the quality of the 
core. Moreover, to make the field intense and localised in a small 
space, the two poles are brought close, and sometimes detachable pole- 

. pieces of. soft-iron, varying in shape according to the purpose of use, 
are mounted on the poles. 

An interesting application of an electro-magnet is in the Electric, 
Bell (vide Chapter VIII). Besides this, in induction coils, telephonic 
and telegraphic receivers, loud speakers, cranes, etc.. the principle of 
the electro-maget has important applications. 

(a) Different Uses of the Electro-magnets.—The electro-magnets 
can be made much more powerful than permanent magnets, and they 
are used for various industrial purposes, such as (a) for lifting heavy 
pieces of iron ; an electro-magnet can lift even 100 to 200 pounds of 
iron per square inch of its pole-face ; (b) for separating irori from 
mixtures containing non-magnetic substances, e.g. from clay used in 
porcelain manufacture ; (c) for any apparatus that behaves as a magnet 
only temporarily and loses magnetism as desired, e.g. in workingelectric 
bells, relays, etc. ; (d) for producing an intense magnetic field such as 
is required in electric motors and generators. They are also. used in 
surgery for removing small pieces of iron from the eye. The electro- 
magnets used for different purpose may differ widely in their construc- 
tions and designs. but the principle used in all of them is the same. _ 
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Another Use.—Electro-magnets can be used to prepare good 
permanent magnets. The methods are as follows :— 7 


(i) Draw each face of a bar of steel several times across one pole of. the 
magnet, the stroking being always in the same direction. Finally touch 
each end of the steel bar with an unlike pole of the electro-magnet, and 
then slide off at right angles to the surface where the contact is made. 


(i) Place the bar across the top touching the two poles of the 
electro-magnet and start and stop the current several times. Switch- 
ing the current on and off during the process of magnetisation helps 
to jerk the molecular magnets of the bar, but a few gentle taps, while 
the current is on, will also help the process and increase the strength 
of the new magnet. y 


The Difference in action between an Electro-magnet and a Natural 
or Artificial Permanent Magnet lies in the following respects :—(/)) An 
electro-magnet is more powerful than a natural or ati artificial 
magnet. The action of an clectro-magnet increases at first with the 
strength of the current im the coil surrounding it, but for strong 
currents the magnetisation reaches a saturation stage. (i) The 
magnetism in an electro-magnet disappears as soon as the current in 
the magnetising coil ceases to flow, but in a natural or an artificial 
magnet the magnetism is more or less permanent. (üi) The polarity 
can easily be reserved in an electro-magnet by reversing the direction 
cf the current, but this cannot be easily done in the case of a natural 
or an artificial magnet. 


26. Action of Magnets on Currents :—We have already 
considered the action of currents on magnets and observed that à 
freely suspended magnetic needle brought near 
a current-bearing conductor is deflected. Here 
we shall consider the action of the magnets on 
currents, and the case of the rotation of a 
current round a magnet. The method is due to 
Faraday. 

Expt.—A_ glass tube is taken which is closed 
at both ends with corks and clamped vertically 
(Fig. 23).. Through the lower cork the north 
pole of a bar-magnet projects a short distance 
into the tube and through the upper one a wire 
is suspended from a hook with the lower end 
dipping in mercury poured into the tube, so 
that the pole projects slightly above the surface 
of mercury. On passing a strong current down 
the wire, the wire will be found to rotate round 
the pole of the magnet. If the current is 
reversed, the direction of rotation of the wire 1s 


also reversed. 
(a) Fleming's Left-hand Rule.—To deter- 
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mine the direction of the deflection of a linear current placed at right 
angles to the magnetic field, the following tule due to Prof. Fleming 
3s useful.—Hold the thumb and the first finger of the left hand as fully 
extended as possible, and bend the second finger at right angles to the 
palm so that the three fingers are mutually at right angles to each other. 
If the first finger points in the direction of the lines of force, and the 
second finger to that of the current, then the thumb will indicate the 
direction of motion of the conductor (Fig. 24). 


P \ 
Magnetic Field 


ke urrent 


Fig. 24— Representation of Fleming's 
Left-hand Rule. Fig. 25 


(b) Illustration of Fleming's Rule.—Fig. 25 illustrates -how 
Fleming’s rule can be verified directly. From a horizontal metallic 
support a conductor AB is suspended at its upper end which terminates 
ina ring at A. The lower end B dips in mercury kept in a trough 
which is placed, as shown in the figure, between the opposite poles of 
two bar-magnets DS and CN. Asa current is passed between the 
trough and the horizontal wire, through the vertical wire BA, BA moves 
out of the magnetic field in a normal direction. The direction oí 
deflection is reversed either on changing 
the.direction of the current or of the 
field, the direction being always in 
accordance with Fleming's rule. 


27. The  Barlow's  wheel:—The 
Barlow's wheel js an instance of rotatory 
motion of a conductor carrying a current 
placed in a magnetic field. 


It consists of a star-shaped metal 
wheel, capable of rotating about a 
horizontal axle (Fig. 26). It is so arranged 
that when the wheel rotates, only one 
tooth of it just dipsinto a groove (at the 
base) containing mercury placed between 
Fig. 26—The Barlow's wheel. the poles of a strong horse-shoe magnet, 
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the plane of the wheel-disc being at right angles to the field. As one 
tooth just leaves the mercury, the next is about to contact. As soon as 
current is made to pass from the axle to the mercury through a tooth 
of the wheel, the wheel begins to rotate. On. reversing the current, 
the direction of rotation is also reversed. The speed of rotation 
depends on the strength of the field and the strength of the current. 
The direction of rotation can be determined by Fleming's Left-hand 
Rule. The experiment embodies the principle of the electric motor 
(Art. 79]. : 

Explanation of the Direction of Motion in terms of Lines of 
Force :—Fig. 27 explains the behaviour of a current-bearing conductor 
placed in a magnetic 
field (as in the case 
of Barlow’s wheel) 
in terms of the pro- 5 
perties of lines of 
force. Fig. 27(a) re- 


presents tbe lines of ^ ay n e D 
force passing from ; 
the north to the Fig. 27 


south pole of a magnet, and the circular lines of force in Fig. 27(b) 
are due to an electric current in a linear conductor flowing down- 
wards perpendicular to the plane of the paper. Fig. 27(c) represents 
the resultant effect of placing the conductor in the magnetic field, 
where it may be noticed that on one side of the conductor the two 
sets of lines of force, one set due to the current [Fig. 27(b)] and the 
other due to the magnet [Fig. 27(a)] when superposed,.are in the same 
direction (upper half) and repel each other ; while on the other side 
(lower half) they dre in opposite directions and cancel each other. 
The resultant effect of mutual repulsion is the movement of the con- 
ductor in the direction indicated. 


— | 


> _ Mo at 
(a) (51 T85*— 
Attraction Attraction Attraction 


(d) 57. noie : URS 


Repulsion Repulsion Repulsian 
Fig. 28 


Acti f Currents on Currents :—It bas been found that 
a Es field 5 always present round a current-bearing conductor. 
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‘If a second current-bearing conductor be brought within the field due 
to the former, there will be attraction or repulsion between them 
according to the following laws—- airs 
(1) Laws of Parallel Currents— Two parallel currenis flowing in 
the same direction attract each other |Fig. 28(a)] and flowing in oppo- 
site direction repel each other (Fig. 28(d)}. : 
Suppose in two parallel wires, 4 and B, suspended vertically, 
currents are flowing downward ; then, the direction of the lines of 
magnetic force in each wire will be as that shown in Fig. 29(a). It will 
be noticed that the direction of the lines of force due to one of them, 
anywhere between the wires (as at C) will be opposite to that due to 
the other. So if one of the wires is placed within the field of the other, 
then they will attract each other. If the current flows in opposite 
directions as shown in Fig. 29(5), the directions of the lines of force 
meeting at a point C between the wires will be the same, and so they 


2 Fig. 29 
will be repelling each other. This also follows from Fleming's Left- 


hand Rule. Considering one of the wires 4 
(Fig. 29) to be fixed, and the other B free 
to move, the direction of the magnetic 
lines of force at any point B due to the 
current in 4 is perpendicular both to A 
and to the line joining the point to the 
wire A at right angles. Now applying 
Fleming's rule it will be found that B will 
tend to move towards A. If the current is 
reversed, A and B will repel each other. 


(2) Laws of Oblique Current :— Two 
oblique currents attract each other. when 
they proceed from |Fig. 28(b)], or to [Fig. 
28(c)), their apparent point of intersection, 
and repel each other if one flows from, and 
the other towards, the point [Fig. 28(e) Fig. $0 —RogeU's Vibrating 
& (f). Spiral. 
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28 (a). Roget's Vibrating Spiral :—By this experiment the 
attraction of parallel currents flowing in the same direction can be 
verified. It is a close spiral wire which hangs vertically carrying a 
small metal weight L at the lower end just dipping in a mercury cup 
placed below [Fig. 30] The upper end of the spring is attached at 
the top of a stand. When a current is sent through the coil, adjacent 
turns carrying currents in the same direction attract each other (like 
parallel currents) and so the small weight is lifted out of mercury. 
This breaks the current. As soon as the current stops, the attractive 
force is removed and the spiral drops back in mercurv by its own 
weight. This re-starts the current and the former process is repeated 
every time. 

29. Andre’ Marie Ampere (1775-1836):— He was born in 
Lyons in France. We owe to him the science of electro-dynamics, 
i.e. the science of moving electricity, and the equivalence of current 
electricity and magnetism. Though Galvani and Volta opened up 
a new road to the production 
of electric currents, and Oersted's 
experiment showed the magnetic 
effect of moving electricity, it 
was Ampere who clearly estab- 
lished what we call electric 
currents to-day by precisely 
stating the nature of their mag- 
netic effects. It is he who defined 
the direction of the current as 
ihe direction in which we 
imagine the positive eletricity 
to move. This conventional 
direction has been still retained, 
though according to the modern 
electronic theory the direction 
of the current should be just 
the opposite. The Swimming 
Rule, formulated by him and 
named after him states clearly 5 
the nature of the magnetic field A ECL E 
setup by the conventional current. He for the first time used the 
word ‘galvanometer’ and ‘current measurer'. He further discovered 
that parallel currents in the same direction attract one another, and 
those in the opposite directions repel one another. He also experi- 
mented with currents flowing through wires bent into circular iorms, 
and named them solenoids. The discovery of the action of currents 
on currents led him to a peculiar conception of magnetism. He re- i 
sarded a magnetised rod as equivalent to a coil carrying a current. 
This opened up the way to constructing stiong electro-magnets with- 
out which modern electro-technics would be unthinkable. The 
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Ampere-current-balance, an instrument for measuring current 
depending on the action of currents on currents, bears his name. He 
invented aiso the astatic needles. 

In honour of him, the practical unit for current has been named 


an Ampere. 


Questions 


1. You have access to the terminal wires of a hidden battery. How can you 
find out which wire is connected to the positive pole of the battery ? 
(Pat. 1937) 


2. How would you demonstrate the magnetic action of electric current-? 
(Dac. 1940) 


3. What is an electric circuit? Describe two methods by which you could 
detect the existence, and determine the direction, of an electric current flowing 
in a circuit. (C. U. 1914 ; cf. 1946) 

4. A current passing through a long wire is so weak that, when the wire is 
stretched over and parallel to a suspended magnetic needle, the needle is not 
perceptibly affected. Describe and explain an arrangement which would enable 
you to obtain a movement of the needle by the action of the current. 

(C. U. 1928) 


[Hints.—The wire should be coiled several times round the needle and the 
plane of the coil should be set in the magnetic meridian. If there are n turns of 
the coil, the magnetic effect produced on the needle would be n times as that duc 
to a single turn.] 

5. A strong electric current is passing through a long wire stretched vertically. 
State clearly how you would detect the direction of the current from its effects by 
(1) a magnetic needle, (2) the rate of vibration of the magnetic needle, and re 
a flexible wire carrying a current. (Pat. 1928 ; Utkal, 1951) 

6. Describe the magnetic field in the neighbourhood of a long straight con- 
ductor carrying a current and show how you would varify your description. 

What experiment would you arrange to find out how the conductor carrying 
an electric current tends to move in a magnetic field ? (Pat. 1932) 

7. A small magnetic needle is suspended on a vertical pivot. How would it 
place itself and why ? 

A wire carrying a current is held horizontally (a) along, (5) perpendi 
io the magnetic ncedle above its centre. Explain the effects eds ears 

The current is (a) increased in intensity; (b) reversed in directi i: 
will be the effects ?. Why ? : (C U. 1919) 


[Hints.— Vide Arts. 14, 16 and 21. (b) If the current flows from west to east. 
the direction of the magnetic lines of force due to the current is the same as that 
due to the earth's field. Hence the needle is unaffected ; but if the direction of 

ihe current is opposite, the needle will turn round, when the field due to tbe 
current is stronger. 

The intensity of the magnetic field increases by increasing the current 
and so the needle is deflected more. Reversing the direction of e anen ud 
needle is deflected on the other side of the meridian.] 1 
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8. Give an idea of the magnetic field due to a straight current. From the 
observation that two parallel currents attract each other, deduce a general rule 
for the action of the magnetic field on a conductor carrying 2 current. (Pat. 1927) 

f 


[Vide Arts. 16, 26 and 28 ; Flaming's Left-hand Rule.] 


9. Find an expression for the ic field at the centre of the circular coil 
carrying a current and hence derive the formula for a tangent Malveteyoett. 952) 
(A. B. 1 


10. A current is flowing in a straight wire four meters long. You are given 
a magnetised steel needie about 1 cm. long suspended by means ofa silk fibre. 
How would you prove experimentally that the strength of the magnetic field due 
to the current falls off as the distance from the wire increases. S 
11, Describe experiments to show that a circuit carrying a current behaves 
like a magnet. Under what circumstances will two neighbouring circuits repel 
each other? Why ? 
12. Describe the construction of an electro-magnet. 
(C. U. 1912, *15, *18, '21, 26, '32, '45 ; Utkal, 1947 ; Pat. 1949) 
How does it differ in construction and action from (a) a natural magnet ; (b) an 
„artificial magnet ? (C. U. 1918) 
13. Describe an arrangement for producing continuous rotation of a wire 
carrying a current when placed in a magnetic field. How is the direction of the 
current related to the field ? (C. U. 1917, 19) 
14. Describe an experiment to show that a mechanical force acts on a current- 
carrying conductor situated in a magnetic field. Show how this force is made 
use of in a direct current motor. (C. U. 1949) 
(vide also Chapter VII). 
15. Explain the action of Barlow's Wheel or any arrangement for producing 
continuous rotation by electrical means. 
(C. U. 1912, "18, '22, '26, '30 ; Pat. 1947 ; cf. R: U. 1950) 
16. Describe Barlow's Wheel and explain how it can be used to demonstrate 
the principle of working of an electric motor and a dynamo. On what factors 
does the speed of rotation of the wheel depend ? (Pat. 1944) 
(vide also the article on Dynamo, Chapter VIII]. 
17. Describe experiments which illustrate the action between two currents, 


and that of a magnet on a current. (C. U. 1912, 16, 17, 29). 
18. Describe and explain the principle of the action of the Roget's Vibrating 
Spiral. (Pat. 1947) 
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CHAPTER Iil 
Galvanometers 


30. Galvanoscope and Galvanometer:— These instruments have- 
been named after Luigi Galvani of Italy (Art. 41). Both of them art ~ 
current-indicating instruments operating with only a small current. 
They are not calibrated instruments, i.e. their indications do not give 
the value of a test current directly. The only difference between these 
two varieties of instruments is that while the former is at best a rough 
tool for detection of a current the latter can, however, be used for 
measuring the current. 1 

The action between the field of a permanent magnet and that of the 
test current passing through a coiliscommonly utilised in these instru- 
ments to produce a rotational deflection in one of the two interacting 
systems and the observed deflection is used to determine the test current. 

(a) Galvanoscope.—A simple form of galvanescope consists of 
a freely-suspended or pivoted magnetic needle surrounded by a coil 
of a few turns of wire, the plane of which should be in the magnetic ` 
meridian (Fig. 31). As soon as current passes through tlie coil, the 
needle is deflected, (vide Art. 14) and 
tends to set itself at right angles to the 
plane of the meridian, as the lines of force 
of the magnetic field due to the coil are 
perpendiculer to the plane of the coil; 
but at the same time tbe needle is also 
influenced by the earth's magnetic ficld, 
which tries to pull the needle back into 
the magnetic meridian, i.e. the action of 
the earth on the needle is opposite to 
that of the current. By applying 
Ampere's rule it will be evident that currents in the wires of the coil 
both above and below the needle, which are in opposite directions will 
produce a deflection of the needle in the same direction, i.e. additive 
magnetic effects will be produced on the needle. The deflection of the 
needle is due to the resultant of these two forces—the force due to the 
earth's magnetic field, known as the controlling force, and that 
due to the magnetic field of the coil, known as the deflecting force. 


The magnetic field due to the coil depends upon the current strength, 
and the number of turns of the coil, as each turn is effective in producing 
a magnetic field (vide Art. 14). So in this way even weak currents 
can be detected by increasing the number of turns of wire surrounding 
the needle. 

(b) Galvanometer—A common galvanometer may be either of the 
following two type—{i) suspended-needle type (or moving magnet 
type)—in which the coil is fixed and the magnetic needle is movable, 
viz. astatic galvanometer, tangent galvanometer, sine galvanometer, 
etc. (ii) suspended-coil type (or Moving-coil type) in which the coil 
moves and the magnet is fixed. ! 
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31. Astatic Pair of Needles : Astatic Galva.om-ter :— 

(a) Astatic Pair of Needles.—If two magneis are so chosen 
that their resultant moment is zero, the pair will remain at rest, when 
suspended in any manner in 
a uniform field. Such a pair 
of magnets is said to be an 
“astatic” pair. It is practi- 
cally obtained by taking two 
magnets NS and N’S’ of 
equal length, and of almost 
equal pole strength, and 
placed parallel to each other 
with the opposite poles vx 
towards the same end, and Fig. 32—Astatic Pair of Needles. 
two being rigidly fixed together in a frame (Fig. 32). 

An astatic pair, free tc rotate horizontally, would come to rest in 
any direction (not necessarily in the magnetic meridian). In practice 
however, it is not possible to secure two needles of exactly the same 
strength, and so the combination behaves as a weak magnet on which 
the earth's turning effect is very small. 

If m and m', which are nearly equal, are the pole strengths of tbe 
magnets of an astatic pair, the force due to the earth's field acting on 
one of the magnets is mH, and that on the other m'H. So the resultant 
controlling force acting on the pair is (mH —m' H). 

(b) Astatic Galvanometer.-—This 
consists of an astatic pair of needles, i.e. 
a combination of two needles of equal 
length and strength, rigidly fixed paral- 
lel, with their opposite poles adjacent 
and suspended by means of a single silk 
fibre (Fig. 33). The lower needle of 
the pair moves freely within a coil 
ABCD of many turns of wire wound 
on a wooden frame, and the u one 
lies above the upper layer of the coil. 
An aluminium pointer, attached at right 
angles to the pair, moves freely 
over a graduated circle to indicate the 
deflection. The deflection may be 
measured, with greater accuracy, by a 
spot of light which is thrown from a 
lamp on the mirror M attached on the 
suspension fibre and received on a 
distant translucent scale after reflection 
(vide Art. a i awo unlike poles of the 

ig. 33— Astati magnetic es being adjacent to each 
A aer. other, the turning effect of the earth’s 


` 
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magnetism on one is almost cancelled by an almost equal effect in the 

opposite direction on the other. Thus the controlling (i.e. opposing) . 
force due to the earth’s magnetic field is very small, and so the deflec- 

tion of the pair is larger for a very weak current. The only controlling 

force in thís case is the torsion of the silk fibre. 


To use the instrument (depicted in Fig. 33), it is first levelled 
by means of the levelling screws with which the instrument is 
provided and is so placed that the 
coil is parallel to the length of the 
magnet pair. t ' 

The strength of the current is 
proportional to the angle of deflec- 
tion as long as itis small (not greater 
than 10° to 15°). 


32. The Tangent Galvanome- 
ter :—The Tangent Galvanometer is 
a moving magnet, fixed-coil type, of 
galvanometer. This consists of a 
circular coil F of several turns of 
insulated copper wire mounted ver- 
tically on a wooden board G provided 
with levelling screws (Fig. 34). The 
frame containing the circular coil 
can revolve about the vertical axis 
over a circular scale S, on the wooden 
board at the base, and any rotation 

ig. 34—A Combined Form of given to the coil can be measured in 

engent and Sine Galvano- this scale by means of a light pointer 

meter. P attached to the frame and rota- 

table with it. At the centre of the 

coil a horizontal circular scale S, (graduated in four quadrants read- 

ing 0° to 90°, 90° to 0°, etc. successively) is fixed, and a small magnetic 

needle M is suspended or pivoted at the centre. The needle is provided 

with a long pointer 4 made of aluminium wire attached at right angles 

to its length, which moves over the graduated scale with the movement 
of the needle. 


. The needle and the scale are enclosed in a flat casing B provided 
with a glass top. There isa strip of circular mirror at the base of 
the casing and in it the reflection of the pointer is observed to avoid 
parallax error in reading the deflection of the needle on the graduated 
scale. In some instruments, instead of one coil, two or more coils of ' 
wire having different diameters and turns, and each having separate 
binding screws R, are set up in the fiame and any, or all of them at a 
time, may be used according to necessity. 
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` Theory and Use.—(i) All permanent magnets or magnetic subs- 
tances in the neighbourhood are removed as they will affect the 
position of the needle. (ji) The ins- 
trument is levelled so that the 
needle moves freely and rests exactly 
over the centre of the scale. (iii) 
The coil is then rotated until it 
is in the magnetic meridian i.e. 
parallel to the needle, so that the 
coil and the needle are in the same 
vertical plane. The pointer carried 
by the needle should now point to 
the zero on the scale; if not, the 
circular scale which is rotatable 
is turned till the zero of the scale 
comes against the pointer. Now, y 
when the current passes through Fig. 35 

the coil, the needle NS is deflected through an angle 8 (Fig. 35). 
Jf F be the intensity of the magnetic field at the centre of the coil 
due to the current and m the pole strength of the magnet, the forces 
acting on each of the poles will be mF dynes, which will form a couple. 
Another pair of forces each equal to mH dynes due to earth’s field, 
will act on the poles-of the needle and tend to bring the needle back 
to the meridian. Due to the opposing action of these two couples, 
the needle will finally come to rest making an angle 8 with the 
magnetic meridian. At this position the moments of the couples balance 
each other (read Art. 44 with 'note' Part V), whence, 


F=H tano "n Ys ir 
or the tangent of the angle of deflection is proportional to the deflec- 


ting force F, since H is constant for the given place. This is known 
as the Tangent law. 


If the number of turns used=n ; the mean radius of the coil r 
cms. ; and current strength =C in e.m. units ; we have from eq. (3), 


Art. 20, the magnetic field at the centre, F= aan, 


Hence from eq. (1), EE tan 5; 


H H 
Or, CE tan Ome tan 6 HE iis ga 


where G«2xz[r, which isvonstant for the same galvanometer and is’ 
called the Galvanometer Constant. 
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Again, for the same place, H is constant. So, fora particular placc, 
the quantity H/G is a constant for the same galvanometer. 


Putting H/G =K, we get C (in E.M.U.) — K tan 6, where K is called 
the Reduction factor of the galvanometer. It is the factor by which 
the tangent of the angle of deflection must be multiplied to give the 
value of the current strength in e.m. units. 


It should be noted that the galvanometer constant is the same for 
any particular instrument, whereas its reduction factor varies from 
place to place as the value of H varies. 


In the above equations, the value of C is expressed in C.G.S. 
electro-magnetic units ; but if i be the number expressing the strength 
of the current in amperes, then since 1 ampere is equal to 4, C.G.S. 


unit of current, i- 10C ; or, C= " d 
n - 


or, i(amperes) - 10 (H/G) tan 0 =10 K tan 9. 


This instrument is called the Tangent Galvanometer as it obeys 
the tangent law, that is, the tangent of the angle of deflection produced 
by the current is proportional to the current. passing round the coil. 
Thus, if a cusrent produces a deflection of 20°, then the deflection 
when the current is doubled, will not be 40°, but an angle the value of 
whose tangent is twice the value tan 20°. In order that the tangent 
law may be followed, the field due to the current in the coil should be 
uniform in the region in which the needle moves. As the magnetic 
field due to the current is fairly uniform only over a small region 
round the centre in the horizontal plane (vide Fig. 18 and read Art. 22) 
the needle of the galvanometer should be very short, so that the whole 
of it may moye in a uniform field and the relation given in eq. (1) or 
(2) may hold good. 


The following important points should be borne in mind regard- 
ing the uses and adjustments of a tangent galvanometer— 


(1) It should be noted that the galvanometer needle will not at all 
be deflected, if the plane of the coil is at right angles to the plane of 
the magnetic meridian. 


(2) Any current from zero to infinity can be measured with a 
tangent galvanometer, but when using a tangent galvanometer, it 
should be so arranged that the deflection is as near 45° as possible— 
at least it should be between 35° and 60° so. that any error made in 
reading the angle may introduce only the minimum error in the value 
of the current. 


à (3) The reason for placing the plane of the coil in the magnetic 
meridian is that the suspended magnet may experience the greatest 
couple turning it out of the meridian, while the horizontal component 
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of the 's field H tends to keep it in the meridian, and this is 
exactly the condition of the tangent law (vide eq. 1, Art. 32). 


. (4) Though, just when the current is allowed to flow in the coil 
the deflection may go beyond 90° due to inertia, there cannot be a 
permanent deflection of 90" in a tangent galvanometer owing to the 
opposing effect of the controlling field due to the earth's magnetism. 


(5), Note that the tangent galvanometer is essentially a magneto- 
meter (vide Art. 55, part V) in which the magnetic field F is due to a 
current flowing in a circular coil, the plane of which is in the magnetic 
meridian. A magnetometer is used for the measurement of a magnetic 
field; and a tangent galvanometer is used for the measurement of a 
current. 


(6) From eq. 3 (vide Art. 20) it is cléar that the intensity of the 
magnetic field, due to the current, produced at the centre of a tangent 
galvanometer (a) varies directly as the number of turns (m), and 
(b) inversely as the radius (r) of the coil. To make the arrangement 
sensitive, the coil should be of small radius and comprise many turns. 


(7) Readings should always be taken vertically from above the 
pointer, i.e. when the pointer is just above its own image in the mirror 
in order that any error due to parallax may be removed. 


(8) If the needle is suspended, then it should be examined whether 
the needle truly lies in the magnetic meridian or not. If not, there is 
torsion in the suspension fibre, which must also be avoided. 


(9) In working out the theory of the instrument, the magnetic 
needle has been assumed to move in a uniform field. In order that 
this condition may be at least roughly fulfilled, the needle should be 
a8 short as possible, because for only a small region near the centre of 
the coil, the field is uniform. 

(10) For a small deflection near zero, the tangent galvanometer 
is most sensitive, but it is accurate near about 45° 

33. Sensitiveness of the Tangent Galvanometer :—The sensitiveness 
may be defined as the amount of deflection for a given current, With 
a weak current if the deflection produced is large the galvanometer 
is sensitive. So it is clear that the sensitiveness of the tangent 
galvanometer will increase if (i) n is increased, and (ii) r-and H 
are decreased (vide eq, 2, Art. 32). Butit should be noted that by 
increasing m the resistance is also increased and so the strength of Ahe 
current is diminished. Hence m cannot be increased indefinitely. 
Again r cannot be decreased below a certain value as the needle has 
got some definite length. So the only other suitable alternative is to 
decrease the controlling field H by any artificial means. This can 
be done by fixing a bar-magmet horizontally above the galvanometer 
needle and adjusting its distance (and so the magnetic field due to it) 


| 
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such that it opposes the horizontal field due to the earth. It thus 
produces a resultant field which is weaker than the earthisofield and 
the value of the controlling field being thus reduced, the galvanometer 
gives a greater deflection for a given current. 


Examples.—7. A current of 10 amperes produces a deflection of 45° ina 
tangent ra punts What is the value of the current which will produce a deflec- 
tion of 30° in the same galvanometer ? (C. U. 1933) 

Ans. A current of 10 amperes produces a deflection of 45°. So from the 
relation, current C=10K tan 6, we have 10=10K tan 45^ 10K;or, K=1, 


“^. The current (in amperes) required to Produce a deflection of 30° will be 


> C= 10K tan 30°= 10x 1x 1/ 3 5:77 amperes. 

2. A current is sent through two tangent galvanometers in series. The radius 
of the coil of one of these is three times that of the other and they have the same 
number of turns. If the deflection in the latter case be 60° what is the deflection in 
the former ? f (C. U. 1940) 

Ans. Letr, and r, be the radii of the coils of the Ist and 2nd galvanometers 
veapectively, and so r, —37,. 

Because the galvanometers are joined in series, the current is the same in each 
of them, and the number of turns n being the same. 


Cu Ht, tan 0, _ Hr, tan by , 
2xn 


"a 7, tàn 6,77, tan 0, ; but r,=3r, and 0,4 60* ; $ 3r, tan ?,—r, tan 60°; 


or, 3 tan 0,— /3: or, tan 0,— 3 A ^ 9,=30°, 
~ 

34. The Sine Galvanometer :—This galvanometer is similar to the 
tangent galvanometer with this special feature that the coil F of the 
galvanometer can be rotated round the 
central vertical axis, and that a horizontal 
circular scale S, [Fig. 35(a)] is provided 
on the base-board G to read accurately 
the amount of rotation. A pointer P 
rigidly attached to the frame of the coil 
enables the amount of rotation to be 
determined from the base-scale. 

Theory and Use.—As in the case of the 
tangent galvanometer, the plane of the 
coil of a sine galvanometer is first placed 
in the magnetic meridian, but when, 

passing the current, the needle 
NS is deflected, the coil is rotated until 
the needle lies again in the plane of the 
coil making an angle, Say, @ with the 
T meridian [shown by the dotted line ns 

Fig. 35 (a) Fig. 35(2)) The deflecting force mF 
is at right angles to the coil where F is the field at the needle due 
fo the current, and because in this position the needle is in tbe plane 


( 
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of the coil, mF is perpendicular to the axis of the needle. We have, the 
amount of the deflecting force =the moment of the controlling force 
at this Position of the needle. -The controlling field is due to the 
earth's horizontal component and is equal to mH acting parallel to 
the meridian. 

That is, mF x NS mH x SP, where SP is the perpendicular dis- 
tance between the two controlling forces, mH, acüng at the two ends 


of the needle ; or, r= Hee, Le. F= H sin 9. But F= pans ~ H sino. 


lec H a 3 
Therefore, we get, CIS sin 6s & sin d= K sin 9. 
If C is in amps. C —- 10K sin 6. 
Advantages over a Tangent Galvanometer. 


(i) A current C, which gives a deflection of 45° in a tangent 
galvanometer, gives a deflection of 90° in the same insirument when 
used as a sine galvanometer. For, let K be the reduction factor of the 
galvanometer, and 9, and @, be the deflections for the tangent and the 
sine galvanometers respectively then C=K tan 9, = K sin 05 ; 

Now, if 0, =45°, we have, K tan 45° = K sin 85 ; 

or,  lesinóg;  .. 605-90". 

Therefore the sine galvanometers are more sensitive, and so for 
feeble currents, sine galvanometers are more suitable than the tangent 
galvanometers, but for heavy currents, tangent galvanometers should be 
used, 

(ii) Since the needle is m the plane of the coil at the start, as also 
finally, the suspending fibre is always untwisted, so there is no error 
due to torsion in the sine galvanometer. 

(iii) In a sine galvanometer, the coil and the needle are always 
brought to the same relative positions and so the field of the coil in + 
which. the needle lies is álways the same. So, for comparative measure- 
ments, that is when two currents are to be compared, the coil may be 
of any shape and the needle may be long. 

The Disadvantages of a Sine Galvanometer.— 


(i) A preliminary adjustment should be made before every 
reading, and (ii) heavy currents cannot be measured by it, i.e. currents 
greater than H/G (for which ¢=90°) cannot be measured by a sine 
Egalvanometer. 


35. Stewart and Gee Tangent Galvanometer :—This consists of a 
circular coil of wire on the axis of which a deflection magnetometer is 
placed, which can be slided along the axis. The coil is adjusted in the 
magnetic meridian and the magnetometer is placed in the tangent-A 
Position. When a current passes through the coil, a magnetic field is 
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produced in a direction, perpedicular to the plane of the coil. The 


Fig. 36 
magnetometer is slided to the east or west, at a distance, say x cm. 
and the deflection @ of the magnetometer needle is noted. 


Theory :—Consider the field at P due to an element di of 
the circle carrying current ; as shown in Fig. 37, the plane of 
the circle being perpendicular to the plane of the paper. 
So the line r is perp. to d. 
The field at P due to di 

; . idl sin 90° 
carrying current f= PUE uS 
and is given by PB which is 
at right angles to the plane 
containing d/ and r. So PB 
is in the plane of the paper. 
Now resolve PB into two 
components PD and PC per- 
pendicular and parallel respec- 
tively to the axis PO of the 
vircle. If we consider now 

Fig. 37 an equal element dl’ of current 
at the other end of the same 
diameter on which d/ lies, it will produce, similarly as above, a field 
PB’ which will be equal in magnitude to PB and equally inclined to the 
axis PO but on the opposite side of PB. Its perpendicular component 
PD’ will be equal and opposite to PD and the othec component PC* 
will be equal to but in the same direction as PC. So for the two 
equal elements dl and dl’ at the opposite ends of a diameter of the 
circle, the two perp. components PD and. PD’ will cancel each other's 
effect and the resultant field produced by the two elements d/ and di* 
will bee 2 x PC —2PB sin 6, 


idl ER os ds 
mee sin 9, since pp. 45907 i 
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To obtain the field at P for the complete circle we have to add 
up such expressions for the values of d! extending over a semi-circle. 
Now dl for a semi-circle = xa, where a «radius of the circle. So the 
net field at P (directed along PC) H 


Jisine xd! 2xaising 2za?i 
Tua TAM RI ines 7 gi 


' since a sin 8 a*/r 


dati - 

(a*4'x* y 

If the current is due to s turns of a circular coil, each carrying 

a current i in the same direction, i in equation (1) is to be replaced. 


by ni, so 


ees (1D 


Ae 
pea 
(a? +x)? 
Now, if the compass-needle is placed at P and the plane of the coif 
is in the magnetic meridian, then 
F=H tan 0; where H=the horizontal component of the earth's 
magnetic field. 
pun 
24 NE H tan 6, 
(a + x*)* 


s 
ja (05 * X*)*, Htan o. 
2za*n 


For a constant current i flowing through the coil, 


or, 


(a* + x) 34 tan 6. Y 

{t is evident from the graph 
(Fig. 38), plotted with x and 
tan 8 along the x- and y-axis 
respectively, that the field at 
the centre of the coil and up 
to a certain ciance along ie 
x-axis is uniform. the = 
intensity of the magnetic field — X *—-23-—-—*O d-n. [Te K 
at P is same asthat experienced 3 
by the magnetic needle at P. Fig. 38 
But the needle has some dimension however, small it may be. So the 
magnetic field is not uniform over the whole length of the needle. 
This is the main disadvantage of this galvanometer, which is removed: 
in a double coil galvanometer. 
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36. Helmholtz double coil Tangent Galvanometer :— This galvano- 
meter consists of two identical circular coils (N;M3 and N$,M;) 
placed vertically on a common axis separated by a distance equal to the 
radius of either coil (Fig. 39). The deflecting needle M is placed 
horizontally (suspended or pivoted) on the common axis just midway 
between the two coils. The current flows in the same sense in both the 


the mid-plane the coil. 


coils. In other respects the 
description is the same as in the 
case of the ordinary tangent 
galvanometer and the procedure 
to be adopted for using it is also 
exactly the same. 

The above arrangement of 
the two coils and the deflecting 
needle ensures a sensibly uni- 
form field in which the needle 
mcves when the test current 
traverses the two coil. This can 
be shown as follows. 

The field F at a point on 
the axis of a circular coil of n 
turns is given by, 


Lo 2mma*i 
(a? + x? y 


where a-radius of coil, and 
x= distance of the point from 


(1) 


The rate of change of the field strength with distance is given 


2 
by a. If this rate is constant in a region, then ped there, must be 


zero. To ascertain such a region, if there be any, we have to 


d*F 
evaluate 5-;^ equate the same to zero, and solve for x. 
~ dx 


That is, for that region, wel 


*[ 2ana?i ] 


2 
a? + x*)* 


d $ j 
or, ES + xt} ¥ <0, 22na*i being a constant. 


N LE P Hs 3x( 24x2) and d —3axfa? aS: 
Now, 7, (a? *: —3x(a?+> > an dil x(a? + x°) *] 


= —3[(a? + x*) 3— 5xs(a2 + x2) 3]. 


\ 
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Putting then, 3— [(a* + x*) 33 — 5x*(a* + x1) 3] <0, 


YA - we have, (a* 4 x*) $2 Sx? (a? 4 x? yi Por a? +x? = 5x? ; 
a 
or, xez S a at Rad (2) 
Thus at the point where x25 , the field changes at a uniform or 
constant rate. 
t In Fig. 40; AB and CD show respectively how the magnetic 


field within the space between the two coils due to urrent i 
the two coils N,M, and N,M, falls nffietcer ub 
of as distance from either coil 
increases. Either curve shows a 
| straight portion about the position O 
(which is preceded by a concavity 
downwards and followed by a con- 
cavity upwards) which is midway 
between the two coils, the distance of 
O from either coil being equal to half 
the radius of either coll. As a result, 
since the current is arranged to flow 
in the same sense in both the coils, : 
the diminution of field due to gne Fig. 40 
coil about O is made up by an 
equal increase of the field there due to other coil So over 
a wide region surrounding the point O, the resultant field assu- 
mes a sensibly uniform distribution, 


as has been shown by the curve 

6) EF (obtained by adding the ordinates 

- of the two component curve). Fig. 41 

SZ shows the nature of the resulting 
field in terms of lines of force. 

The combined field strength F 


at the point O where the defiecting 
pu e needle is placed may, therefore, 
z be obtained by putting x=a/2 in | 

equation (1) above remembering 

(y $ at the same time that the resultant 

field is contributed by two identical 

coils carrying the same current i 

Fig. 41 "whose fields are added up. 

2xna*i 4na*i 32 mni 3 
So Fe? x pee rns = JUS a (3) 
OF fe 


/ 
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then H is the horizontal component of the earth's field at the 
Mix of Observation, and ọ= deflection of the needle at the equili- 


brium condition, we have j- tan 6, as in the tangent galvanometer. 


Bo aoa sang or ia Neale veo 
That is, OU x an6;or,i Sean (4) 


Comparing eqn. (4) with that for a single coil galvanometer, 

ne. 129H tan 06, we find that the reduction factor 

2zn SA 

Jo of the Helmholtz galvanometer is smaller by a factor B 
An 


than that of the ordinary tangent galvanometer. So the Helmholtz gal- 
vanometer is more sensitive than the ordinary tangent galvanometer. 


37. Lamp and Scale Arrangement:—This is an arrangement 
for measuring accurately the angle of deflection of a galvanometer 
needle or coil in place of the pointer ordinarily used for the same 
purpose. In this method a beam of light is obtained from a lamp L 
enclosed in a metal case provided with a fine slit and an adjustable 
tube in which a convex un is A (Fig. Ba The psm 

i ssing through the lens is directed upon the mirror M, 
2E Sa eine usually concave, attached 
with the suspending fibre 
le. of the galvanometer, and 

is reflected back upon a 

translucent scale placed 

at some distance from 

L the mirror. Deflections 

are observed by focuss- 

ing the image of the slit 

on the graduated scale 

BS by adjusting the 
lens. 


X Mirror, 
y 


Fig. 42--Lamp and Scale arrangement. 


It should be observed that, if the suspending fibre rotates through 
an angle 0, the mirror is rotated through the same angle, but the 
reflected spot of light rotates through an angle 29 (vide Art. 32, Part IV). 

If D be the perpendicular distance of the scale from the mirror 
and d the distance through which the image is shifted, we have, 

tan 20 — d/D. 
Since 20 is usually very small, tan 20 = 26 ; 
20—d|D ; 0- d/2D. 
Thus 0 « d : or, the defleqion is proportional to the shift of the image 
on the scale, 
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38. The Suspended (or Moviag) Coil  Galvanometer :— 
The suspended coil type galvanometer is a delicate instrument 
far superior in sensitiveness to a suspended or pivoted magnet 
galvanometer as a current indicating 
device. Though often it is used in 
deflectional methods, its principal appli- 
eation is as an indicator of zero current 
in potentiometric and bridge measure- 
ments. For the fulfilment of such 
purposes a galvanometer besides being 
sensitive, must have a stable zero, a ' 
short periodic time and nearly critical 
damping, which means that the move- 
ments should come to rest quickly at the 
same definite position always. Robustness 
and portability though desirable, may 
not be obtainable in the more sensitive 
instruments. 


Description,—It essentially consists 
of a rectangular (or circular) coil B of Fig. 
insulated fine copper wire of many turns Coil Galvanometer. 


suspended between the poles of a perma- 

nent horse-shoe type magnet whose pole faces (N and S) are shaped 
concave (or circular) so as to leave a cylindrical (or spherical) air-gap 
in between (Fig. 43). There is often a fixed cylindrical (or 
spherical) iron core E inside the coil, the sides S of the coil wires 
being situated in the two air-gaps (which are narrow) between this 
core and the permanent magnet. This core concentrates the lines 
of force of the magnet on to the coil and due to the shape of 
the pole-faces a radial field (Fig. 44) is produced in the gaps. 
The advantage of such a field 
is that the plane (a d) of the 
coil, suspended vertically in 
it, is always parallel to the 
same field in all its positions 
of rotational deflection and the 
magnetic field always cuts the 
vertical sides of the coil at right 
angles. The coil is suspended by means of a single thin and narrow 
strip of phospher bronze*, A which is soldered to one end of the coil - 
and it serves as one lead to the coil and finally connectsto one terminal 


* Phospher bronze is the best material for use as a control spring, because it 
does not easily break, or oxidise, but can be twisted easily. It is non-magnetic, 
has low resistance, and is above all comparatively free from fatigue. Due to this 
lasr!property a stable zero for the movement is obtained with controls made of 


this material. 
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of the instrument. The other end of the coil is soldered to one end 
of a loosely coiled spiral (CD), also of phosphor bronze, ultimately 
leading to the other terminal of the instrument. The suspension string 
and the spring provide the controlling torque when the coil rotates. 
under the action of the deflecting torque. The suspension carries a 
small mirror M upon which a beam of light is cast through a glass 


window in an outer brass case in which the instrument is enclosed. ` 


The beam of light is reflected on to a translucent scale— graduated in 
milimeters—placed usually at a distance of one metre from the mirror 
upon which the deflection is measured. A torsion head is provided 
for the adjustment of the coil position and the zero-setting of the 
reflected beam on the scale. To prevent any damage to the suspension, 
usually there is an arrester (or clamp) for holding the suspension when 
the galvanometer is not in use. ín some galvanometers ‘the whole 
optical system is self-contained. 


For saving time while using the galvanometer, it is necessary to 
provide for the damping of the movement. In practice, it is simply 
done by winding the coil on a light metal former. A torque 
produccd due to the permanent magnet field and currents which are 
induced in the metal former when it cuts the magnctic field while 
rotating opposes the deflectional motion proportionally to the motion 
and provides the damping. The damping obviously is zero 
when the deflection is steady. Damping may also be alternatively 
provided by winding the coil on a non-conducting former and connect- 
ing a resistance across che galvanometer terminals. The damping is 
then dependent on the value of this resistance by adjusting which the 
damping may be made near critical. 


Adjustments.—It is first levelled so that the coil hangs freely 
without touching either the pole pieces or the soft iron core. Before 
sending current through the coil, the torsion head supporting the 
suspension fibre, placed at the top of the galvanometer casing, is 

efully turned in the proper direction until the spot of light 
reflected from the mirror M (Fig. 43) is received on the zero mark 
of the scale. 


Action.—When the current is passed through the coil, the coil 
experiences a couple due to the interaction of the field set up by it 

: and the permanent field due to the magnet. This is the deflecting 
couple ; under its action the coil is urged so as to set itself at right 
angles to the magnetic field. Actually, however, it takes up an inter- 
mediate equilibrium position owing to the controlling couple, set 
up by the torsion of the phosphor-bronze strip, which opposes the 
first couple. The controlling couple is Proportional to the angle of 
deflection of the coil, which is indicated by the movement of the 
, spot of light received on the scale. When equilibrium is established, 
the deflection is proportional to the current in the coil. That is, 
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If C be the strength of the current and d the deflection on the scale, 
Cad. 


Theory.—Let C =strength of the current, H = field strength in the 
Space occupied by the coil, I= length of the vertical side of the coil, 
b= breadth of the coil (a d;in Fig. 44). Then the forces experienced 
by each vertical side of the coil at right angles to the plane of the coil 
=nCHI, where n= number of turns in the coil. : 


/. The total moment of the deflecting coil about the suspension 
fibre» nCHI xb. If +=moment per unit twist of the suspension 
fibre, which is constant for phosphor-bronze for small angles of twist, 
the controlling couple for a twist 6—7.6. Inthe position of steady 


deflection 6, nCHI x b — v.9. 
5 T T 
That is, C= Hb x0 = ga? ve (Do 


where A=area of the coil ; then, C« 0, since r, n,H, A are all cons- 
tants. But @«d (vide Art. 38... Ced TUND) 


Remarks.—This form of galvanometer was invented by D’ Arsonval, 
and so a moving coil galvanometer is often referred to as D’ Arsonval 
galvanometer. 


In the recent types of galvanometers, the permanent magnet is 
made almost completely cylindrical, two poles of Which are brought 


D' Arsonval galvanometers are ‘very sensitive, and the current 
measured by these galvanometers should be very small, being of the 
order of 107° amp. or less; such galvanometers are damaged, if 
heavier currents are passed through them, 


Sensitiveness of D’ Arsonval Galvanometers.—From equation 
(1) above, it is evident that @ will be large for a small current Gf 
7/nHA is small.” Thus the condition for Such a galvanometer to be 
sensitive is that r/nHA must be as small as possible, i.e., + small, while 
n, H and A large. A and n cannot be increased indefinitely without 
increasing the mass (and so the inertia) of the coil, the size of the 
galvanometer and its resistance, So, in practice, H is sought to be 
increased as much as possible. For phosphor-bronze, 7 is small but 
the tensile strength is large, and that is one of the reasons why it is 
used for suspension work almost universally. 


Vol. II (C. E)—4 


' 


50 INTERMEDIATE PHYSICS 


Different types of Suspended coil Galvanometer.— 


The requirements to be fulfilled by a galvanometer are different 
1n different types of measurements. For example, when a steady 
deflection, or a steady null is required, the desirable characteristics of 
the galvanometer will be different from when the galvanometer will 
be used to indicate a sudden transient charge passing through it. In 
the former type of measurements what is required is a dead beat type 
of galvanometer whereas for the latter type of measurement a galvano- 
meter called the ballistic type galvanometer is to be used. 


‘Dead Beat’ Galvanometer.—In a ‘dead ‘beat’ (otherwise called 
aperiodic) galvanometer thé moving system comes back from its 
deflected position to its zero position. very quickly with very few 
oscillations on withdrawal of the current. It takes up its steady 
deflected position also very quickly without much oscillation about 
dt when subjected to a steady current. Such a moving system is 


"'known as a near critically damped system. This is realised in 


ractice, as described already, by winding the coil on a light metal 
rs or enclosing it in a silver tube, When the coil moves, eddy 
currents induced in the ‘Gonducting frame react with the per- 
manent magnetic field opposing the motion of the coil and damps 
the movement. 


Ballistic Galvanometer (Moving Coil type).—This galvano- 
meter, as stated already, is used to measure a quantity of small charge 
which passes when a current passes through the coil for a short time, 
such as the discharge of a condenser, or an induced current. The 
requirement here, in the first place, will therefore be that the time 
period of the moving system must be large compared to the duration 
of the discharge: so that the impulse due to the whole transient 
charge may be received by it when it is practically at rest. Secondly, 

n all sorts of damping of the 
movement must be reduced 
to a minimum ; for, in this 
case we require not the steady 

T deflection of the coil, but the 
Y maximum throw of the coil 
which will be reduced if 

R damping is present. The 

i ! electro-magnetic damping is 

Fig. 45 reduced by winding the coil 
on a non-magnetic frame such as wood, ebonite or bamboo frame, 
and the damping due to air resistance is calculated out by 
observing several successive amplitudes of the oscillation of 


the coil. 


[If the same galvanometer.is used both as a dead-beat and a ballisti 
meter, as is usual, the winding of the coil is done on a pine apte 
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the arrangement shown in Fig. 45 is used. Here T,, T, and T, are binding 
terminals, R an auxiliary resistance used for, damping, G the galv. coil and L 
a metallic link for connecting T, and T,. When the link L is connected to T,, 
the galv. becomes a periodic or dead-beat because ofthe current induced in the 
closed circuit of G and R while the coil moves and produces a torque in opposition 
to the deflection. If the damping is not sufficient, the galvanometer coil should be 
short-circuited externally by connecting its terminals to the binding posts of a 
tapping key and pressing the key when the deflection passes through the zero 
of the scale. The current induced will damp the galvanometer quickly. The 
tapping key is to be kept open when the current is passed and the steady 
deflection is then observed. ] y 


High and Low Resistance Galvanometers.—In comparing galvano- 
meters, often the criterion looked after is its figure of merit. By the 
Figure of Merit of a galvanometer is meant the current in amperes 
through the galvanometer which will produce a deflection of one mili- 
metre on a scale placed parallel to the plane of the galvanometer coil 
at a distance of one metre. For a suspended coil galvanometer, 
the figure of merit depends [vide equation (1), Art. 39] upon the num- 
ber of turns, area of the coil, strength of the magnetic field and the 
couple per unit twist of the suspension. Here two types of sensitivi- 
ties, current sensitivity and voltage sensitivity are distinguished. Other 
factors remaining the same, they depend upon the resistance of the 
galvanometer. Ina high resistance galv. the galvanometer coil has 
large number of turns of wire, and as such a large deflection 9 will be 
obtained even with a minute current C [vide eqn. 1, Art. 39. Thus a 
high resistance galv. (several hundred. ohms) will be current sensitive. 
Such galvanometers are used for measuring weak currents and at 
comparatively large potential differences. On the other hand, in a 
low resistance galv. (which means that the coil has only few turns of 
wire), a small p.d. will cause a relatively larger current to flow through 
it and the deflection will be larger. So a low resistance (a few ohms 
only) galv. is voltage sensitive. Such galvanometers are required for 
measuring thermo-electric e. m. f’s. or for use in low resistance poten- 
tiometer circuits in null point methods. 


40. Comparison of the Two types of Galvanometers :— 


Moving-Magnet Type 


(1) Here the controlling field 
is the earth's field, which is not 
very strong ; so it is affected by 
the presence of any exernal mag- 
netic field. , 

(2) Every time, when using 
the instrument, the coil must be 
placed in the magnetic meridian. 


Moving-Coil Type 


(1) Due to the strong field of 
the permanent magnet the instru- 
ment is not affected by external 
magnetic fields (including the ear- 
th’s field) which are usually small. 

(2) The galvanometer may 
face in any direction, as the con- 
trolling force is the torsion of 
the phosphor-bronze strip and 
not.the earth’s field. 
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Moving-Magnet Type 
(3) The suspended needle 
takes a long time to come to rest. 


(4) A current smaller than 
1075 amp. cannot be measured 
with it. 

(5) The constant H/G ef the 
galvanometer changes from place 
to place of the earth's surface. 
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Moving-Coil Type 

(3) There is some arrange- 
ment within the galvanometer for 
stopping the oscillations of the 
coil or the same can be done by 
an external damping key. 

(4) A current even as small 
as 10-® amp. can be measured 
with it. 

(5) The constant of the gal- 
vanometer is independent of any 
change of place. 


The only disadvantage of a moving-coil galvanometer is that the 
current cannot be calculated from the dimensions of the instrument 
as in the case of the tangent galvanometer. But this disadvantage is 
only a minor consideration ; so many instruments which are used to 
measure currents are of the moving-coil type." This type of galvano- 
meter cannot be used to measure strong currents directly as (i) the 
instrument being sensitive will give ,a deflection too large to give 
accurate results, and (ii) it may be spoiled. In that case it is used 
along with a shunt (vide Art. 55). ; 


41. Luigi Galvani (1737—1798) :—He was born in Bologna, a 
place in North Italy. He wasa Professor of Anatomy at the Uni- 
versity of Bologna, and later a Professor of Obstetrics. He became 
attracted to study the contraction 
of living muscles produced by 
electric shocks—a phenomenon 
known since the time of 
Guericke and Leibniz. In 1791 
he published an Essay on the 
Force of Electricity in the 
Motion of Muscles. It contains 
a very famous . observation 
which is the starting point of a 
very important later discovery 
—the discovery of the Voltaic 
Cell, made by Volta, a contem- 
porary. One day he had hung 
up a freshly skinned frog. The 
nerve of the animal was at- 
tached by means of a brass 
hook to an iron garden-fence. 
He noticed that each time the 
ie E and touched the 
iron-fence, the mus - 
ted. The seat of the driving force, he thought, Es ay ike 


Luigi Galvani 
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animal matter, and so he called the driving cause animal electricity. 
His idea was as if the nerve and the muscle together acted like a 
Leyden Jar able to charge itself and which was discharged when the 
two were electrically connected as the muscle touched the iron-fence. 
His main discovery lay in the fact that the amount of the contractions 
depended on the choice of the two metals, which must touch one 
another at one end, the other ends connecting the nerve and the 
muscle respectively. It remained for the genius of Volta to point 
out that the seat of the electromotive force was not the animal 
muscies, but the place of contact between the two dissimilar metals. 
Pursuing this theory Volta eventually discovered his famous Pile 
and finally, the simple cell—a source of electromotive force obtained 
by chemical means. 


The closing years of his life were greatly disturbed by political 
events. Napoleon Bonaparte captured North Italy and founded the 
Cisalpine Republic to which Bologna belonged. Galvani refused to 
take the oath of allegiance to the new Order and was therefore re- 
moved from office. His friends succeeded in bringing about his re- 
appointment, but he died before taking it up. Ampere first used the 
word. galvanometer as current measurer as a mark of respect to the 
memory‘of Galvani. The word has stayed. 


Questions 


l. Describe the construction and action of a simple galvanometer. 
(C. U. 1929) 
2. What is meant by an astatic system of two needles? What is its useful- 
ness? Explain the principle of the astatic galvanometer. n 

(C. U. 1921 ; Bom. 1931; Pat. 1928; All. 1929) 

3. Describe and explain the action of a simple form of tangent galvanometer. 
(C. U. 1913, '22, '24, '31, 39, 52 ; Dac. 1932, 34; Pat. 1918, '29, '46) 
Why must the needle be very small ? (Pat. 1941 ; All. 1929 ; C. U. 1940) 


4. What is meant by ‘Reduction Factor’ of a tangent galvanometer ? 
(C. U. 1941 ; All. 1944) 


Explain what ie meant by (a) the galvanometer constant, (b) the reduction 
factor. (Pat. 1946 ; G. U. 1949) 

4. (a) Assuming Laplace's Law for the magnetic field due to an electric cur- 
rent, give the full theory of the tangent galvanometer and obtain an expression 
for its reduction factor in practical units. (M. B. 1952) 

5. Calculate the strength of the magnetic field at the centre of a coil of single 
turn and of 34 cms. radius, if this gives a deflection of 45° with a current of 8 
amperes. (Pat. 1918) 

{Ans.: 0'15 C.G.S. unit nearly | 

6. The coil of a tangent galvanometer is 10 cms. in radius. How many turns 
of wire must be wound on it, if a current of 0°01 ampere is to produce a deflection 
of 45°? H-—0'18 C. G. S. unit. 

[Ans.: 287 approx. } 
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7. Define unit current and establish the working formula of a tangent galvano- 
meter. What modifications would you require to be introduced in a tangent 
galvanometer in order to convert itinto a sine galvanometer ? Which of the two 
will be more suitable for measuring (a) heavy currents, and (b) feeble currents ? 

(Pat. 1925, '30 ; cf. C. U. 1931, 44) 

Comparte the merits and demerits of these two types of galvanometers. 

(Pat. 1930) 


8. Describe a tangent.galvanometer and deduce its equation. What happens 
(a) xf the plane of the coil is not in the magnetic meridian, (6) if the plane of 
the coil is not vertical, and (c) if the magnetic needle is not small ? (C. U, 1952) 


9, What is a tangent galvanometer and why is it so called? Show how the 
tus is used to obtain the absolute value of an electric current 
[vide Chapter VI]. (Pat. 1932 ; cf. All. 1929; R. U. 1950) 


10. A tangent galvanometer gives a deflection of 20° for a current of 0°01 amp. 
in England, but only a deflection of 12° for the same current in Ceylon. How 
do you account for it ? 

11. A tangent galvanometer is found to give a deflection of 15? when a current 
of 0*5 amp. is flowing through it. What is the current flowing when the galvano- 
meter reading is 20° ? 

[Ans. : 0°679 amp.] 

12. Describe the tangent galvanometer. When a battery of 10 ohms resistance 
is connected in series with a galvanometer of 100 turns and of 40 ohms resistance, 
the deflection is 45°. What would be the deflection, if only 50 turns of the 
galvanometer were connected in series with the battery ? (C. U. 1939) 

[Ans.: 39° 48’] 

13. A tangent galvanometer shows a deflection of 45° when connected to a 
battery through a resistance of 341 ohms. When the resistance is altered to 985 
ohms, the deflection is only 20°. Find the resistance of the battery and the 
galvanometer taken together (tan 20°=0°'364). Pat. 1949) 

[Ans.: 27°58 ohms.] 

14, Describe a tangent galvanometer and explain how you would use it to 
measure an electric current. Deduce the necessary formula, i 
(All. 1946 ; cf. Pat. 1949) 

How will the deflection be affected, if (a) the pole-streagth of the magnet i: 
increased, (b) the galvanometer is carried from Patna to London, the iON 

through the galvanometer in each case being the same ? (Pat. 1944) 

[vide also Art. 51 (note) Part V] 


15. Describe a simple form of tangent galvanometer. Why must the coil be 
placed with its plane in the magnetic meridian ? 

A current is sent through two tangent galvanometers in series. The deflection 
is seen to be the same in both the galvanometers. Compare the radii of the coils, 
if the number of turns is 110 in the first coil and 25 in the second. (C. U. 1947; 

[Ans.: 22:5] : 

16. Describe a suspended-coil type of galvanometer and explain its action. 

^ . (C. U. 1932; All. 1912, '22; Dac. 1931) 


What are the special merits of this type ? (All. 1932; R. U. 1952) 
17. Describe with a sectional diagram, and index of parts. a galvani 

the moving-coil type, and give the theory of the TOSAMA om sica 
How would you determine the constant of the instrument Ej (G. U. 195 
On what factors will its sensitiveness depend ? (R. U. 194! 


CHAPTER IV 
Ohm's Law : Resistance 


42. Connection between Static and Current Electricity :—Electric 
charges tend to flow from one point to another when a potential 
differencé exists between the two points. When such charges flow, 
we say,that a current of electricity, or simply an electric-current, is 
produced. For steady current to be produced, the flow of charges must 
take place continuously at a uniform rate. In the light of the above 
ideas we should now examine if there are any differences between the 
two cases, (i) when two charged bodies, or a charged body and an 
uncharged body, are connected to each other by a conductor produc- 
ing an electric current through it, and (ii) when a current is produced 
through a conductor by connecting it between the terminals of a 
Voltaic cell. 


When the two coatings of a charged Leyden Jar are connected by 
a discharging pair of tongs, electricity flows from one coating to the 
other through the tongs. Similarly, if at the time of working a 
Wimshurst Machine, the two knobs of the spark gap are joined by a 
metallic wire, electricity instead of passing in sparks, passes from one 
knob to the other along the wire. Exactly the same thing happens 
when the two terminals of a cell are joined by a metallic wire. The 
difference between the two cases lies only in the magnitude of the 
effect, the character being the same. Another difference is that the 
flow of electricity produced by discharging a Leyden Jar or by connec- 
ting the Iwo knobs of a Wimshurst Machine, lasts only for a short 
time, while, in the case of a cell, the current lasts for long. The flow 
of electricity produced by the electric machine can be compared to a 
mountain torrent falling from a great height and making a good deal 
of noise and disturbance with but a small quantity of water, while the 
electric flow produced by a battery of cells is like a broad river flow- 
ing slowly and steadily with a difference of level of a few feet only 
per mile. . 

To sum up,in the case of the discharge of a Leyden Jar or any 
such electric discharge, the electric flow is momentary and the quantity 
of electricity small, but the potential difference ( P.D.) is high ; while in 
the case of the Voltaic battery, the electric flow is continuous and the 
quantity of electricity is large, but the P.D. is small. 


[The poles of a Voltaic cell or even of a battery of a few accumula- 
tors, may be touched by the two hands without taking any precautions 
aganist having any shocks or the connecting wires may be touched. 
without affecting the current passing in the circuit, as the leakage of 
current through the body in this case is very small. This is because the 
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P.D. is very small. But in the case of a charged electrophorus or other 
statically charged bodies such as the Wimshurst Machine, etc, enough 
Precautions have to be taken to avoid touching them by which there 
will be immediate leakage of all charges through the human body, the 
P.D. being very great even though the human body has a moderately 
high resistance. There will be rea! danger when both the P.D. and 
the quantity of eiectricity are great. It is not safe to have the discharge 
from a Wimshurst Machine through the human body. The following 
facts may well be remembered in this connection. The maximum 
potential difference between the terminals of a Leclanché cell is about 
1'5 volts, while a glass rod by rubbing with silk may be raised to some 
thousands of volts. The smallest potential difference necessary to affect 
à gold-leaf electroscope is about 100 volts. To make a spark pass in 
air between two metal balls each of 1 cm. diameter, the surfaces of the 
balls being 1 cm. apart, a P.D. of nearly 27,000 volts is necessary. ] 


Thus, except in the numerical values ot the quantities involved, there 
1$. no. differnce in any other respect between the current produced by 
statical sources or sources of Voltaic electricity. A few experiments 
described below also establish this unique nature of electric currents, 
whatever may be the sources from which they are produced. 

Magnetic Effect.—We know that a steel knitting needle placed 
inside a coil of insulated copper wire is magnetised when a current is 
passed through the coil. 

The needle is also found to be magnetised if, instead of passing a 
current from battery, a discharge from a Leyden Jar is passed through 
the coil. 

Heating Effect.—By connecting two insulated metal spheres by 
afine copper wire, the wire may be turned red hot when a discharge 
from a Leyden Jar is passed through the wire, and, by passing a heavy 
discharge, the wire may be even volatilised. 


The same effect is observed when a current is passed from a 


Lighting Effect.—Everyone is familiar with the lighting effect of 
current electricity in glow lamps. 

In statical electricity, the same effect may observed everytime 
When a spark passes during the discharge of a Leyden Jar or a Wim- 
shurst Machine. 

Chemical Effect.—If a P of paper soaked in a solution of 
potassium iodide and starch is placed in contact with’ the two poles 
of a battery, iodine is liberated at the positive terminal due to which 
the spot round the positive terminal is turned blue. 

Similar effect can be obtained by placing a piece of thin paper in 
the path of the discharge from a Leyden Jar. 


Pole-finding Paper.—A piece of white blotting paper is soaked 
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in iodide-starch solution and allowed to dry. This is a pole-finding 
paper and is used (after wetting it) to find the pole of a battery, as 
explained above. For pole-finding, the following meihod may also 
be adopted. i 

Take two lengths of an insulated wire and connect one to each 
terminal of the battery. Now hold the free ends of these wires about 
half an inch apart and in contact with a strip of red litmus paper, 
which has been wetted and laid on a sheet of glass. The paper in 
contact with the negative end is turned blue. 

43. Ohm's Law :—Dr. G. S. Ohm, a German Professor of Phy- 
sics at Munich, established in 1826 the exact relationship between 
the current flowing in a conductor and the potential difference to which 
it is due. In the whole range of Physics it is perhaps the simplest, but 

. the most fundamental of all laws. The law is known as Ohm's law 
and may be stated as follows : 


“For a conductor at a constant temperature, the current is 
directly proportional to the potential difference at its ends.” 


If E~ potential difference, and C= current, we have then, E~ C, 
or, PE constant, R. This constant for a conductor is called its 


resistance, When for a conductor this constant is large, the current 
that can be produced in the conductor for a given potential difference 
between its ends in small. That is, its nature is to oppose the flow 
of electricity through the conductor. This is why it is termed the, 
resistance of the conductor. For a conductor, its resistance depends 
on the nature of its material, its geometrical dimensions, and 
temperature. 


In practice, Ohm's law is expressed in a mathematical form as C = : 


where the letters have notations already stated. 


] de bs potential difference. 
n words, current- ri e 


or, potential difference — current x resistance, 

The reciprocal of resistance, i.e. 1/R, is called the conductance of 
a conductor. The conductance of a rod 1 cm. long and 1 sq. cm. in 
. cross-section is termed the conductivity of the material of the rod. 

44. Resistance :—As discussed in Article 42, it is clear that 
the potential differences obtained by voltaie batteries are much smaller 
than those obtained by electro-statical methods, the latter being 
generally very high. The rate of flow of electricity through any 
substance depends directly on the difference of potential, (or electric- 
pressure) as pointed out in Ohm's law. For this reason, a go 
conductor in electro-statical experiments may not appear to be so in 
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current electricity. In electro-statics, it has been found that metals, 
"wood, human body, all appear to be equally good conductors ; there 
an iron and a copper ball of the same size and similarly charged will 


behave exactly in the same way ; but in current electricity an iron 


wire and a copper wire of equallength and cross-section will not 
conduct electric current equally through them, the resistance offered 
by each of them being different. This shows that the resistance of 
a wire depends upon the nature of the material. The resistances of 
two wires of the same metal and the same cross-section, but of 
different length: will be different, the longer one having a greater 
resistance. Again, two wires of the same metal, having the same length, 
but of different cross-sections, will have different resistances, the 
resistance of the finer one being greater. The resistance of a coductor 
depends also on its temperature. For further discussion on the effect 
of temperature see Article 49(1). 


Specific Resistance.—If R be 
the resistance of a wire of length / 
and cross-section S at a given tem- 


perature, then, R«/ a (d 
again, Rel E s. (8) 
R= J; or, Rapa (iii) 


where ? is a constant depending 
on the nature of the material of 


Sa. emi the wire and its temperature. This 
«i cm P is called the Specific-resistance 
F (or Resistivity) of the substance ; 
ig. 46 when J=1 and S=1, R=?. So, 


the specific resistance of a substance at a given temperature is defined 
as the electrical resistance between the opposite faces of an one-centi- 
metre cube of the substance (vide Fig. 46). 


Note that conductivity is the reciprocal of resistivity. 


{For specific resistance of different substances, Physical 
Tables (6)]. x SER 


Law of Resistance— 


Thus in the case of a conductor, the resistance depends on (a) the 
material ; a copper wire has less resistance than an iron wire ; (b) the 
length of the wire; if the length is double, the resistance is also 
doubled, i.e. the resistance of a conductor is directly proportional to 
its length ; (c) the cross-section ; if the area of cross-section be twice 
the resistance becomes one-half, i.e. the resistance > aries inversely as the 
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cross-section i (d) the temperature ; the hotter a metal wire, the greater 
will be its resistance. 2 


Note.—Here we find that the resistance of a wire of given length. 
depends upon its cross-section, and not upon its circumference ; so a. 
hollow wire will not conduct electricity so well as a solid wire of the 
same external diameter. Thus the rule, observed in statical electricity, 
that electric charge resides an the external surface of a conductor does 
not hold good for current electricity. 3 


_ 45. The Electromotive Force of a Cell :—The purpose of a cell 
is to supply electrical energy necessary for the work when a ‘charge’ 
passes through a conductor connecting its terminals. 


The Electromotive Force (E. M. F.) of a cell in volts is defined 
as the number of joules of energy supplied for one coulomb of 
electricity to pass round a complete circuit including the cell. 
In the next article it will be shown that it may be measured as the 
potential difference between the terminals of the cell when it is on open 
circuit, i.e. when giying no current. When a cell gives current, the P.D. 
between its terminals is less than the £.M.F. of the cell, owing to its 
internal resistance. 


. (a) Ohm's Law applies to a complete closed circuit containing $ 
Cell.—It follows from the law of conservation of energy. Let . 


: Fig. 47 represent a cell of E.M.F. E volts 


sending a current of C amps. through an ot 
external resistance R ohms, the internal c ir 
resistance of the cell being r ohms. For each r 
coulomb of electricity flowing round the 

circuit; the cell provides E joules of energy, 

of which V joules, suppose, is expended in 

sending it through R, and y joules through 

r, whence E= V+ y from ey ot oe R 
vation of energy. Applying Ohm’s law to ig. 47 
and the cell sepaiitely. V -CR, and v=Cr; Bies 


E 
or. E=CR+Cr=C(R+r), ie. C (current)= Ry, 


E.M.F. in the circuit Ae ; 
= Total resistance of the circuit This is Obm's law. 


(b) Again E- V4 Cr; or V - E- Cr. 

That is, (i) the P.D. V between the terminals of the cell, whem 
it is giving current C, is less than the E. M.F. E of the cell by an 
amount Cr, where r is the internal resistance of the cell. 

ii the cell is on open circuit, i.e. it is not giving current, 
ie. D je V-E;in biter words, the P.D. between the poles 
gives the measure of the E.M.F. of the cell when on open circuit. 
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46. Units for Electrical quantities :— 


Quantity of charge.—The C.G.S. electro-magnetic unit (E.M.U.). 
quantity of electricity is that which is conveyed by one c.g.s. unit of 
current in unit time. 

The practical unit for quantity of electricity isthe Coulomb,* which 
isthe quantity conveyed by 1 ampere in 1 second. 

[Ampere is the practical unit of current. 1 Ampere= à C.G.S. 
electro-magnetic unit (vide Art. 19). 

or, Quantity (in coulombs)= Current (in amperes)xtime (in 
seconds) 

1 coulomb = 3, C.G.S. electro-magnetic unit of quantity. 

“Quantity of Electricity” in the Two Systems of Units— 

1 electro-magnetic unit =3 x 101? electro-static units (E.S.U.). 

1 coulomb = 4, E.M.U. Hence 1 coulomb —3 x 10° (E.S.U.). 


Mlustration— 


The charge of an electron = 4°77 x 10-1° E.S.U. 

= (4:77 x 10719) + (3 x 10719) = 1.59 x 10729 E. M.U. 

= (1°59 x 10729) + 3 = 1:59 x 1071? coulomb. 

Current Strength.—/t is the quantity of electricity flowing through 
a conductor in one second, i.e. it is the rate of flow of electricity 
in a conductor. If C denotes the current strength, and Q the quantity 
of electricity passing in ? seconds, C= Q/t, and Q— Ct. In an electric 
Circuit, viz. the entire closed path through which a current flows, 
the strength of the current is everywhere the same, but there is a 
fall of potential along the direction in which the current flows. There 
cannot be any accumulation of electricity in any part of an electric 
circuit. i 

[Note.—Considering an electric current as the passage of electrons 
along a conductor, the strength of a current is measured by the 
number of electrons moving past any section of it per second. 


x For the C.G.S., E.M.U. and the practical unit of current vide 
rt. 19, 


Current in the two systems— 


1 electro-magnetic unit of current 3 x 102° electro-static units. 
„1 ampere- y E.M.U. Hence 1 ampere=3x 10° electro-static 
units. 


Potential difference and E.M.F.—The units for both of them are 
the same. 

Potential Difference——The Potential Difference (P.D.) between 
any two points in an electric circuit is one C.G.S. electro-magnetic unit, 


* The unit for quantity of electricity is called the Coulomb after Charles 
Augustin de Coulomb, a French scientist (1738—1806). 
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if unit work (one erg) is done in conveying an electro-magnetic unit 
quantity of charge from one point to the other. 


The practical unit is one volt, 1 volt 10^ E.M.U. of P.D. 

This means that when one £.M.U. quantity of electricity passes 
under a P.D. of one volt, 10* ergs of work are done. But a coulomb 
being 1/10th of an E.M.U., the work done will be 10" ergs (or 1 


Jonin when one coulomb of electricity passes under a P. D. of 
one volt. 


P.D. in the Two Systems— 


3 x 10*° electro-magnetic units } 23 { 1 electro-static 
of potential difference (P.D.) unit of P.D. 

1 volt « 109. E. M.U. Hence 1 volt = $3; electro-static unit. 

[The unit of P.D. is called the volt after the name of Allesandro 
Volta (1745—1827), the discoverer of voltaic cells.] 

One Electro-static Unit of Potential difference = 300 volts. 

Resistance—A conductor has a resistance of one C.G.S. electro- 
magnetic unit when a P.D. of one electro-magnetic unit between its ends 
sends a current of unit strength through it. 

The practical unit of resistance is the Ohm. 

A conductor has a resistance of 1 Ohm, if a current of one 
ampere passes through it, when a P.D. of one volt is applied between 
its ends. 


1 volt 10° E.M.U. t p 
1 Ohm 7 Tampere ^ 1/10 EM.U. ^ 10" E. M. units. 


Remember the practical units— 

The unit of Current Strength is the Ampere. 
The unit of P.D. is the Volt. 

The unit Resistance is the Ohm. 


International Standard Units — 


For the convenience of measurement, reproducibility and good 
maintenance, the following standards have been accepted by inter- 
national agreement, and they are called the International Standard 
Units and the legal definitions of the ampere, ohm, and volt ate as 
folows. Their differences from the corresponding practical units 
based on the absolute values are very small and.*can be neglected 
at this stage, and discussions on them here will be beyond the scope 
of this treatise.* atte Dc 

* i recision attained in absolute electrical measurements, 
MED RM were abandoned in favour of the absolute ohm 
and the absolute ampere with effect from 1948. 
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The International Ohm is the resistance offered to the passage 
of an unvarying electric current by a column of mercury at the 
temperature of melting ice, of mass 14°4521 gms. of uniform cross- 
sectional area and of length 106:300 cms. (thé cross-section, though 
unnecessary for the definition, of such a column is very nearly 
1 sq. mm). 

The International Ampere is the unvarying electric current which, 
when passed through a solution of silver-nitrate in water (according to 
specifications stated) deposits silver at the rate of 000111800 gm./sec. 

The International Volt is the steady electric pressure which, applied 
to a resistance of 1 International Ohm, produces a current of 1 Inter- 
national Ampere, Approximately it is equal to 1/1°0183 of the E.M.F. 
of a Weston Cadmium (saturated) cell at 20°C. 


Remember also — 

(a) Current is the rate of flow of electricity. 

(b) Resistance opposes the current and regulates its flow. 

(co) E.M.F. is the motive force which causes the flow of current. 
47. Applications of Ohm's Law :— 


(A) Leta circuit contain a source of E.M.F. E., external resis- 
lance ph and internal resistance r. Then applying the law to the whole 
circuii 


OE E EMI 
T7 R«r7 Total resistance 
Therefore, CR * Cr - ees. (0) 
(P.D. used in (P.D. used in (Total 
external circuit) internal circuit) E.M.F.) 


(i)  E.M.F. and P.D.— The above relation means that of the 
total E.M.F. E., a portion Cr is used in driving the current throu; 
the internal resistance of the cell, and the remainder CR through the 
external resistance R. The portion CR available from the action of 
the cell for external work, is known as the terminal P.D. or the avail- 
able volts of the cell. 


or,” Gules Terminal P.D. 
, External resistance R 
So, if E, volts be the value of P.D. between the terminals of a 
cell when no current is taken from it, and E; volts be the correspond- 
ing value when the cell delivers a current through a closed circuit, it 
will be found in allcases that E, is greater than E,. The P.D. 
between the termínals of a cell on open circuit is, therefore the 
maximum, and this maximum value of the P. D. developed 
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between the terminals of a cell by chemical action taking place within 
the cell is called the E.M.F. of the cell. 

(ii) Lost Volts.—The difference (E, —E,), which is the part of 
the E.M.F. of the cell used up in driving current through itself, is 
sometimes called the ‘/ost volts’ of the cell. ` Thus 


Internal resistance rd ; 
Lost volts 
or, Current C= j, renal resistance r 


The greater the current, the greater will be the lost volts. Therefore 
in a cell which is generating current, 
Total E. M.F. «available volts + lost volts 
- CR + r 
(also called (also called 
terminal voltage) internal voltage) 


(b) Comparison of E.M.F and Potential Difference.— 

E.M.F.—1t is a motive force developed within a cell due to chemi- 
cal action. The direction of this force for a cellis fixed. Due to 
this force electric charge tends to flow from one pole to other when 
the poles are externally connected. Thus it is comparable to a 
mechanical force whose effect is also similar, By Ohm's law, 

c E; or, E= CR+ Cr, the letters having their usual notauons. 

"R+r 

In the closed circuit therefore, the E.M.F. is used up partly in sending 
the current through the external resistance R and partly through the 
internal resistance r. This division of the E.M.F. evidently takes place 
according to the resistances of the difference parts of the circuit, and 
each division of E:M.F. is known as. the potential difference P.D. be- 
tween the two points considered in the circuit. Since the potential falls 
in the direction of the current, the P.D. depends on the direction of the 
current. Remembering CR=E— Cr, it is clear that the P.D. between 
the terminals of a cell on closed circuit is less than the E.M.F. 
of the cell by the amount which falls through the internal resistance 
of the cell. That is to say, the E.M.F. of a cell is equal to the poten- 
tial difference between the poles on open circuit only and not on 
closed circuit. 

In a battery of cells, the E.M.F. 
of each particular cell always acts in 
its own way whatever might be the 
direction of the current in the circuit. 
Thus in Fig. 48, where a circuit has 
been shown in which two cells act in 
one direction in series and a third cell 
in opposition, the potential falls in the 
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clockwise direction depending on the direction of the current, but the 
E.M.F.'s are acting in their own ways, as shown by the arrows in the 
cells. Thus £.M.F. is like a cause and P.D. like an effect. 


To apply Ohm's law in Fig. 48, the net E. M.F. in the circuit is to 
be considered, Because two cells act in the same direction, while 
the third one in opposition, the net E.M.F. is 2E—E. 


2E-E E t 
QAE-E EF o. = , E= E.M.F. 
So, C Ride” R43r where C=the current 
of each cell, r«internal resistance of each cell, and Reexternal 
resistance, 


Kanai Tie difference of potential between the terminals of a cell on ‘open’ 
circuit is 22 volts, When the terminals are connected by a resistance of 4 ohms, this 


difference of potential is reduced to 2 volts. What is the internal resistance of 
eet t (Pat. 1943) 
Dy 
Ans. We have [from Art. 45(2),] B= CR+ Cr ; or, 22924 Cr; or, Ce02/r 
But CR-Cx4-2; ^M Cm 2/405, ET oO 
^ From (1), the internal resistance r= 0'2/0:5««0*4 ohm. 


(C) Voltage Drop in a Line,—We have seen that the available 
voltage (also called terminal P.D.) of a cell is less than the E M F of 
the cell because some voltage is required to send the current through 
the internal resistance of the cell. So, when in a street supply of. 
direct current the electric. current. is used at a considerable distance 
from the power house where the current is generated, the voltage at 
the receiving end is bound to be always less than the voltage of the 
generator ; this drop of voltage in the connecting wire, called the /ine, 
js equal to the product of current and the resistance of the line (CR). 
Ordinarily the voltage drop for house wiring should not exceed 2 per 
cent. In every dynamo or motor the current flowing through the 
resistance of the armature causes a potential drop which does no useful — 
work and which is subtracted from the generated £.M.F, in a dynamo, 
or from the driving P.D. in a motor, [t is a dead loss and known as 
the “lost volts”. 


Example.—/n an electrification scheme, the dynamo is of negligible resistance, 
but the resistance of the leading wires is 1 ohm. per mile, If the voltage of the power 
house is 220 volts D.C., what voltage will be available at a section 20 miles off, when 
a current of 2 amperes is drawn from the leads ? What can be the maximum strength 
of current available there ? (Pat, 1939) 
Ans, Total resistance of the two leading wires (20+ 20) x 1940 ohms. 
4 Potential drop or lost P.D.« current x resistance» 2 x 40 = 80 volts. 


Hence available voltage» 220 —80« 140 volts. 


Maximum current available there» ess amps. 
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48. Verification of Ohm's Law +- — 

(1) By Tangent Galvanometer.—A circuit is leted, th 
a key by a source of constant T. so "p 
E.M.F., say, an accumulator, a r 
tangent galvanometer (T.G. and 
a resistance box (Fig. 49). Let B 
6, be the deflection of the galvano- G 
meter needle for the resistance R, in 
me ae ree - pue is ores 

rou e circuit, n, ne ng 
the resistance of the connecting “> 

e tee 


wires, current Ci- RGB 
where G is tbe resistance of the 


galvanometer and B the internal resistance of the cell. Again, we 
know from the principle of the tangent galvanometer that. current 
C—10 K tan 9, (amp.) [Art. 33]. 


Fig. 49 


E 
10 K tan 9T R + GB) u) 
Again, on changing the resistance from R, to Rs, the value of the 
current will be changed, and the deflection will be changed to s. So, 
in this case, 
current C, ~ 10K tan 6, (amp.) 


E 
Hence, 10 K tan 0» 7 OR y G+ B) iy (2) 
From (1) we have, 10 K tan 0x (Rit G+ B)- E... (3) 
(2) » 10K tan ĝa X (Ra + G+ Bm E 4 


" » et (4) 
It "will be experimentally found that the product of the left hand 
D le of each or the equations (3) and (4) is equal to E, the E, M.F. of 
cell, Thus Ohm's law is verified. 
(Ry + G + B) x ton 0, (Rs + G+ B) x tan 0, = constant. 
= R xian 0, where R is the total resistance, 


(2) By Graphical Method.—This method may also be used for 
determination of internal resistance of cells or the resistance of a 


tangent galvanometer, 
For a circuit similar to Fig. 49, (R+G+ B) x I0 K tan à £ (vide 
equation 3, Art. 48). 


QOROGEB E 
That is, core 710 k^ constantem (say). 


s. Rem cot o+h, where he —(G B), which is of the type 
ye mx h, the equation fora straight line. 

So, if a graph AB is drawn with R and cot 0, the praph will be a 
straight line (Fig. 50). The above equation has deduced on 


Vol. II (C.E.)—5 
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the assumption that Ohm’s law is true. Hence if the graph is a straight 
line, then the truth of Ohm's law is verified. 

It is to be noted that the graph does not pass through the origin, 

B but cuts the axis of the resistance 

at some point C on the left of the 

origin (where R=0), the intercept 

CO being :he value of the Internal 

resistance of the cell plus the 

resistance of the galvanometer 
(Fig. 50) ; for, when cot 8— 0. 

R=h=~(G+ B). 

So, if from the graph, the intercept 


C——o Ri. CO (—G- B) be measured off, B 
Fig. 50 can be found when G is known, or 
vice versa. 


(3) By Voltmeter and Ammeter Method.—A series circuit compris- 
ing the battery B, the key K, the ammeter A, the fixed resistance r 
of known value and the variable 
resistance R (rheostat) is formed 
(Fig. 51) The voltmeter V, 
connected across C and D, gives 
the P.D. between these points. 
.For a certain value of R, the P.D. 
between C and D, (V, — Va), and 
the current C through the fixed 
resistance r are recorded from the 
indications of the voltmeter V and 
the ammeter A respectively. The 


Fig. 51 


ratio Ve xs is calculated. The ratio between these quantities is 


determined a number of times on changing the value of the current. 


through r by altering the value of R. It will be found that this ratio 
remains constant for the various values of the current in the circuit, as 
long as the temperature of the circuit does not change, and the value 
of the ratio is found to be equal to that of r. 


So, Wes -r;or,V,—Va-rC. This verifies Ohm's law. 


Note.—It should be noted that Ohm’s law is applicable to a 
complets circuit including ə source of E.M.F. (as in Fig. 49) and also 
to any part of a circuit not including a source of E.M.F. (as in 
Figs. 51 and 52). 

49. Factors affecting Resistance :— 


(1) Variation of Resistance with Temperature.—It should be 
noted that in dealing with Ohm's law stress has been laid on keeping 
the temperature constant. The reason of this is that the resistance 


—————————— 
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‘of all metals increase, whilst those of non-metals generally decrease, 
as the temperature rises. The resistances of most of the electrolytes 
and of carbon, decrease with the rise of temperature. For example, 
the resistance of a metal filament lamp is much greater when the 
filament is hot than when cold: whereas the resistance of a carbon 
filament lamp is much less when hot than when cold. Besides carbon, 
the resistances of insulators also decrease when heated. 


There are certain metallic alloys which have got high specific 
resistances but very low temperature coefficient of resistance, that 
is, they are almost unchanged in resistance by a change in tempera- 
ture. These are the copper-manganese alloy, called manganin, and the 
copper-nickel alloy, called Eureka (or Constantan), Nichrome, German 
silver, etc. These alloys are, therefore, suitable for construction of 
resistance coils. 


(i) Temperature Coefficient— The change of resistance of a unit 
resistance when heated through 1° is called the temperature coefficient 
of that resistance. It varies from substance to substance. 


If Ro ohms be the resistance of a metallic conductor at 0°C., the 
resistance at t°C. is given by, 


R,-RQ(I- 4t), where « is the temperature coefficient for a 
moderate range of temperatures. 

When the change in temperature is large, the variation of resistance 
takes place according to the following approximate formula— 


R,=Ro(1+<t+ pt?) where « and 3 are constants for the 
material. 

(ii) “The effect of temperature on the resistance of a pure platinum 
wire has been made use of in an electrical thermometer known 
as the Platinum Resistance Thermometer. A fine platinum wire 
wound on a mica frame enclosed in a porcelain tube makes such a 
thermometer. To use it for the determination of temperature of a 
bath, the resistances of the wire at 0°C., and at the unknown tempera- 
ture are determined by means of a sensiüve form of wheatstone 
bridge. From the knowledge of the temperature coefficients, « and 
B, the unknown temperature ¢ is computed. These thermometers 
may be used to cover a range of temperatures from— 200°C. to 
1200*C. 

(2) Effect of light on Resistance : (Selenium Cell), — It has 
been found that the resistance of the element | selenium (which closely 
resembles sulphur) decreases when exposed to light and so it becomes 
a better conductor of electricity when exposed to- light than when 
it is kept in darkness. So light falling on selenium included in a 
circuit can be used to vary the current of the circuit. This remarkable 
property of selenium has been utilised in the selenium cell, which 
is used in several automatic instruments. viz.. certain types of burglar 
alarm, etc. 
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Photo-electric Effect.— When light of a certain minimum frequency 
is incident on the surface of a metal, electrons are emitted. The alkali 
metals like sodium, potassium, caesium, rubidium, etc. emit electrons 
when visible light falls on them, but for other metals ultra-violet rays 
are necessary for the emission of electrons. The electrons are called 
photo-electrons, and they are of course identical with other electrons. 
This phenomenon is known as the photo-electric effect: 


The photo-electric effect is utilised in the construction of photo- 
electric cells without which a Talkie Machine cannot work, These cells 
are also used in television, photometry, burglar’s alarm, etc. 


The photo-electric cell is an evacuated bulb fitted with two 
electrodes, the positive being. a metallic ring while the negative is a 
metallic plate on which there is a thin layer of a salt of any of the 
photo-sensitive metals referred to above. When a beam of light is 
directed aganist this plate, electrons are profusely ejected from the 
plate and fill the evacuated bulb, and as a result, the resistance 
between the eleetrodes falls. The cell is used as a part of an electric 
circuit including a battery and a loud-speaker. If the intensity of the 
beam is modulated, the resistance between the electrodes changes 
modulating the current through the loud-speaker. So the loud- 
speaker speaks. 


(3) Effect of Magnetic Field on resistance.—It is found that 
the resistance of some substances especially of bismuth, increases 
when placed in a magnetic field, and this effect has been utilised in 
measuring the strength of magnetic fields. 


50. Resistance of the Human Body.-The resistance of the 
human body is about 50,000 ohms when the skin is dry. The resis- 
tance of the body is mainly due to that of the skin through which 
the current enters and leaves it, and the resistance of the body is 
much lower—say, about 10,000 ohms—ift he skin is wet. So itis 
dangerous to handle any electrical apparatus when the skin is wet, 
and for the same reason, the switch of an electric light should not 
be handled while standing in a bath or.barefoot on a wet floor. To 
produce an electric shock in the human body, a current of about one 
thousandth of an ampere must pass through the body ; as a P.D. of 
less than 50 volts would not produce any shock in the body when 
touched with dry hands. It is wise to avoid "live" wires if the voltage 
is over fifty. 

A bird can sit on the high voltage cabie in a street or a man can 
hang on it without experiencing any shock, as there is no closed 
electric circuit formed thereby, but if the man touches the other 
cable, or any conductor connected to the earth, the circuit will be 
completed and a current will flow through him and probably kill him. 


Example.—/.. A Daniel cell is connected up in series with a tangent galvano- 


meter of 1 ohm resistance and a box of resistance coils. When a resistance 
; ) E of 2 ohms 
is taken out of the box, the deflection of the. galvanometer is 60^ , and when d resis- 
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tance in the box increased to 20 ohms, the deflection falls ta 30°. Find the resistance 
of the cell. (C. U. 1932) 
. Ans. Since all the resistances are put in series, thé total resistance of the 
guum in the first case=(2+1+7) ohms, when r is the internal resistance of 
cell. 


Therefore, the current C T , (E— E. M.F. of the cell.) 
r 


In the second case, the total resistance = (20--1--r) ohms. Hence the current 


C,= E., a Ci ltr 
EARE E TAFA? 


But C,=10K tan 60° (amp.) and C,=10K tan 30° (amp.), where K= reduction 
factor of the galvanometer, 

Ie sta 607) yai v6, 214r 
^ "tan 30°71 3 3. ^4 From(l), 317 

or. 21+r=9+3r ; or, 2r- 12, or, r=6 ohms. 

2. The.same current passes through a metre of copper wire 1 mm. diameter and. 
two metres of a thinner copper wire. The difference of potential between the ends of 
the first wire is 1 volt and that between the ends of the second wire 20 volts. Find 
the diameter of the thinner wire. à (All. 1929) 

, Ans. Let R, be the resistance of the first wire, R, the resistance of the second 
wire and C the current flowing in each wire ; then by Ohm's law, 

CR, =P.D. between the ends of the first wire=1 volt, 
and CR, = P.D. between the ends of the second wire— 20 volts. 


ROT 1 
^ RU o TH 1 
An 100 " 
Again, if p be the specific resistance of copper, R,= x Fx (052 and 


Rex, where 0°05 cm. is the radius, and 100 cms. the length of the first 
TI 


wire ; and r the radius, and 200 cms. the length of the second wire, 
Ry exlOxemo— nr TUE a] 
> R, px 200x (05)! ^ 0:005 A Ms 
Hence, from (1) and (2), we get, 0005729! or, r?—0:00025. 
or, r=00158 cm. 
< The diameter of the wire=2 x 0:0158—0:0316 cm. 


3. Two cells, a resistonce of 2'5 ohms, and an ammeter of negligible resistance 
are all connected in series, and the ammeter reads 0:8: amp. If the cells are joined 
in opposition, the ammeter reads 0:1 amp. If the stronger cell has an E.M. F. of 
18 volts and an internal resistance of 0'5 ohms, find the E.M.F. and the internal 


"resistance of the other cell. (Pat. 1942) 
Ans. Lete be the E. M.F, and r the internal resistance of the weaker cell. 
Case J. Effective E.M.F.—1:8--e and the total resistance in the circuit 
=2'5405+r=3+r. 14 
^ By Ohm’s law, 0'8— A or, e—0'8r—0'6 AME (D 


Case lI, Effective E. M.F. l:8—e, and total resistance— 3 +r. 


AS o1= ez; or, e 0 1r- 1:5 | Juve) 


70 INTERMEDIATE PHYSICS 


From (1) and (2), we get, r1 ohm. 

A e¢O1x1=1'5, or, e 1:5—01-—14 volts. 

4. The E.M.F. of a cell is 2 volts, and the P.D. between its plates becomes 
I:6 volts when it is connected in series with a resistance of 10 ohms. Find the 
internal resistance of the cell. 

Ans. Method 1. If r be fhe internal resistance of the cell, then by Ohm's law, 

total E.M.F. 2, 
total resistance 10-++r 
terminal P.D. t6. . 20-2. 08 


Again, C=xternal resistance” 10° "" 10+r 1 
or, 1°6r=10(2—1°6), where r=2°5 ohms. 


Method 2. The fall of potential inside the cell—-2— 1:6—0.4 volt, 
This is equal to current x internal resistance of the cell, 


C=. 


or, 04= tex, when r=2°'5 ohms. 

51. E.M.F. and Internal Resistance of Cells :—It should be noted 
that the E.M.F. of a cell does not at all depend on the size of the 
cell, i.e. on the area of the plates and the distance between them: It 
depends on (i) the material of the plates and the liquids used in the 
cell, and (ii) the temperature of the liquid. 


Thus, the £.M.F. of a large cell will be exactly equal to that of a 
cell not larger than ą test-tube, but constructed of the same materials 
and liquids. But the advantage of a large sized cell is that it offers 
much less resistance to the passage of the current through it. This 
resistance, which is known as the internal resistance of the cell, 
depends on (a) the size or the area of the plates immersed in the liquid, 
(b) the distance between them, and (c). the strength of the electrolyte, 
(or electrolytes) used in the cell. Thus in a cell, the E. M.F. is the 
same when the plates are separated further apart, or when the plates 
are much nearer, but the current in the first case will be much less as 
the internal resistance is much greater. The great advantage of the. 
accumulator is its very low internal resistance, and so it can give a 
steady E.M.F. with varying currents. The internal resistance, of an 
accumulator is of the order of 0:01 ohm, whereas that for an ordinary 
Daniell cell is of the order of 1 ohm. Thus for an accumulator 
(internal resistance 0'01 ohm) giving a current of 10 amperes, the. fall 
in voltage through its liquid is only (10 x 0°01), i.e. 0'1 whereas that 
for a Daniel cell it will be 1 x 1, i.e. 1 volt for a current of 1 ampere only. 


The reason of the low internal resistance of an accumulator is that 
the plates are very close together and that they have a large area. In 
accumulators the effective area is further increased by taking 
several plates usually connected together to form an electrode 


(vide Ch. VI). 
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52. The Grouping of Cells: There are three common ways of 
arranging a number cells to get a strong current— 


(1) Cells in Series. —Cells are said to be joined in series when the 
positive terminal of the first " 
cellis joined to the negative E. 4 D + 
terminal of the second, and a = K| | 
the positive of the second to 
the negative of the third, r 
and so on. If there are 
cells, each of E.M.F, E 
volts and internal resistance R 
r ohms, then the total à 
E.M.F. will be nE, and the Fig. 52— Cells in Series 
total internal resistance nr. If R ohms be the external resistance of 
the circuit (Fig. 52) then by Ohm's law, the current, 
nE | 
“+R 


c 


(i) If the external resistance R be large, compared with nr, then 
C=nE/R, i.e. the current is increased n times that of a single cell. 


(ii) If R be small compared with nr, then C = Ejr. 
i.e. the current is the same as that of a single cell and the arrangement 
has no particular advantage. 


Hence, for a strong current, series connection should always be used 
when the external resistance R is large in comparison with the internal 
resistance r of a cell. 

(a) Special case: Wrongly connected series Circuit.—If one of 
the z cells is wrongly connected so that it sends a current in the 
opposite direction there will be (n — 1) cells tending to send a current 
in one direction having a total E.M.F.=(n—1). E, and the remaining 
one cell tending to send a reverse current with an E.M.F. equal to E. 


So the resultant E.M.F.=(n—1) E— E (n—2) E. 
The total internal resistance remains the same even when the cells 


are wrongly connected. 


-2)E 
Hence by Ohm’s lew, the current, C „22E, 


(b) Pocket Torches.—The baticries of small torches usually have 
two or three dry cells in series. These cells are placed end to end, the 
bottom of the zinc case of one touching the copper can on the top of 
the carbon rod of the cell below it. 
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(2) Cells in Paralle).—Celis are said to be joined in parallel 

hk when all the positive terminals are joined 
together to form a common terminal and 
all the negative terminals are joined 
together to form the second common 
terminal (Fig. 53). The arrangement 
amounts to forming a big cell of plates m 
times as large as those of a single cell, if 
m cells are connected in parallel. The 
E.M.F. will be the same as that of a 
single cell but the internal resistance will 
be r/m, the effective area of the plates 
being m times increased. 


m 
$ 
£ 
5 
E 
[d 
e 
& 


E mE 
r[m* R^ rc mR 


(i) If R be small, C - mEjr, i.e. the 
current is m times that of a single cell. 
^ mE E.. 5 $ 
(ii) If R be large, C-nR7 R he the current is the same as that 
of a single cell. i 


Hence for a strong current, parallel connection should always be 
used when the external resistance is small in comparison with internal 
resistance of a single cell. 


Series and Parallel Groupings.— 


(1) When the cells are joined in series, the same current as in the 
external circuit flows through each of the cells ; but when they are in 
parallel, the current flowing in the external circuit is divided equally 
between the cells when they are indentical, and the value of the total. 
current is the sum of the currents through all the cells. 

(2) The E.M.F. of the battery in a series circuit is the sum of the 
E.M.F.’s of all the cells; but in a parallel circuit, it is the same as 
that of a single cell, if all the cells are identical. 

(3) The total internal resistance in a series circuit is the sum of 
the resistance of the individual cells; but ina parallel circuit, the 
reciprocal of the effective internal resistance of the combined battery 
is equal to the sum of the reciprocals of the internal resistances of the 
individual cells. 

Also Note—that (i) a battery consisting of.cells in series is 
more powerful than when the cells are joined in parallel in which 
case the battery, though not so powerful, can supply current for a 
longer time. (ii) In the case of a series grouping of cells it is not so 
much necessary to have identical cells, but for a parallel grouping 
the problem becomes complicated if the cells are not identical ; as, in 


Hence, by Ohm'slaw, C= 


Fig. 53— Cells in Parallel. 
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this case, the current from a cell having a higher E.M.F. may flow 
through a weaker and in the opposite direction and the calculation of 
the net current, becomes complicated. 


(3) Mixed Circuit.—Cells are arranged in a mixed circuit when 


they are divided into several rows in + 
parallel, each row containing several HEH 
cells in series (Fig. 54). Let the’ 2 
external resistance be R, and the 1 
E. M.F. of each cell E, the number of HHHH 
rows m, and the number of cells in n celis in series 
each row n. Then the total E.M.F. 

is nE, and the combined internal HHHH 


resistance is nr/m. Hence, by Ohm’s 
law, the total current C passing Fig. 54—Cellsin a Mixed Circuit. 
through the external resistance R is given by, 
.  nE  mnE (1) 
nrlm+ R^ ncs mR ij s 
(4) Best Grouping for Maximum Currents.—To get the maxi- 
mum current out of a number of cells N, let them be divided 
into m rows having n cells joined in series in each row. Then 
Nemxn. an an me (2) 


We have, from (1), — * mE NE n 
nr-mR^ nr mR 
The numerator being a constant, current will be maximum when 
the denominator (nr + mR) will have a minimum value. 
Now, (nr mR) e (Inr — JMR)? +2 Jmnr-- R. The last term is 
constant. 
C will be a maximum, when ( Jyr— mR)? has a minimum 


value. 
But, as a square quantity cannot be negative, the minimum value 
of ( Jnr— JmR)? is zero. “. C wil be a maximum, when 


( nr- JmR)* - 0. 
or, Jür- mR; or nr=mR ; or, mek et (3) 


That is, the current will be a maximum when the total internal 
resistance of the battery as a whole is equal to the total external 
resistance. 

Examples.—7. Determine the number of cells required to send a current of 
half an ampere through a body whose resistance is 30 ohms, if each cell has an 
E. M.F. of 1:25 volts and a resistance of 2 ohms. (C. U. 1925) 

Ans. Sihce the external resistance is large compared to the internal resistance 


4 $ E 
. of a cell, the cells are to be arranged in series. We have, C= TER 


[ vide Art. 52(1) ] 
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Here C=} amp, ; r-20hms ; R=30 ohms. ; E= 125 volts. 


= 125M sor = 25n ; or, n=60 cells. 
e < aro mares 25n 5 or, : 

2. Two cells A and B each having an E.M.F. of 1:5 volts and internal resistance 
of 0'8 ohms, are arranged in series. The positive and negative poles of this battery 
are connected with the positive and negative poles respectively of a third cell, C, 
exactly like A, the connecting wires having negligible’ resistances. What is the 
current in the circuit and what is the potential difference between the poles of C and 
also between those of A? (Pat. 1945) 


Ans. Here the cell C is arranged to work against the other two similar cells. 
EE eun p ES E E .75. 

So the current flowing in the circuit, 7 3x0$:0 ^8 amp. 

We have, E= IR(i e. P.D. read.)--Ir. ( Art. 47(A) 1. 


^ P. D. between the poles of 4-15- (1x08)-1 volt and P.D. between 


the poles of C=1:5+ (3 
is from positive to negative pole, vide Art. 47(A), eqn. I J. 

3. A battery of 24 cells, each of internal resistance 2 ohms, and E. M.F. 1'4 volts 
is to be connected so as to send a maximum current through a wire of 12 ohms. Show 
how you will connect them ; and find the strength of the current in each of the cell ; 
also the potential difference at the ends of the external resistance. (Pat. 1928) 

Ans. [ Vide Art. 52(3)]. Let the cells be arranged in a mixed circuit. Then 
to get the maximum current the internal resistance mr/m of the battery must be 
equal to the external resistance A, where n is the number of cells in each row, 
m the number of rows and r the internal resistance of each cell. 

Then, we have mn=24, 4 n=24]m fos (ly 


and, mr|m-R; or, 2n/m=21; or, n=6m=6x24, from (D) 
IN ! 


x08 )=2 volts. [In this case the current inside the celt 


or, n? =144 4 or, 1-12, and so, m-2. 
Thus the cells should be arranged in 2 rows in parallel, 12 cells in series in 


each row. 
Current im the external circuit - ag i-o amp. This current is divided 
+12 
2 


equally in the two rows. .. The current in each row=0'35 amp., which is also 


the current in each cell. 
P.D. at the ends of the external resistance=0°7 x 12=8'4 volts. 


* 4, You are given 48 cells each of E.M.F. I'8 volts and resistance of 0°3 ohm. 
How would you arrange them to produce the greatest current in a circuit of 5 ohms 
resistance ? (C. U. 1956) 

Ans. Let n=number of cell in a row and m=number of rows in parallel, in 
a mixed circuit. E 


Let nm-48; nx03/m=5, whence m=2, and n=24 as the only possible 
solution. Note that the current through the 5 ohms resistance will be less if 
instead all the cells arc joined in a series circuit. 


5. Five cells, each having an E.M.F. of 1:5 volts and internal resistance of 3 
ohms. are connected in series with an external resistanee of 10 ohms. Find the 
current passing through -the circuit. What will be the change in the curfent through 
the circuit, if the cells are formed in parallel ? (Pat. 1941) 

d r i! 5x15 
Ans. When the cells are connected in series, current, C, 73x$41107 03 amp. 


OHM'S LAW : RESISTANCE 15 


When the cells are connected in parallel, the current, 
T$ 
C,— TROTO amp. (approx.) 


~. The change in the current = C, =C, =03-014=0 16'amp. (approx.). 

6. A battery of 12 equal cells in series, screwed up ina box:-being suspected of 
having some of the cells wrongly connected, is put into circuit with a galvanometer 
and two cells similar to the others. Current in the ratio of 3 to 2 are obtained accord- 
ing as the introduced cells are arranged so as to work with, or against, the battery. 
What is the state of the battery ? (Pat. 1931) 

Ans. The resistance of the circuit is not affected even if some of the cells are 
wrongly connected. So the currents will be proportional to the electromotive 
forces. If E be the E.M.F. of the battery, and e that of a single cell, C, the 
current when the two cells are arranged to work with, and C, when arranged to 
work against the battery, 


CTET A E bree 3 
C," E—2e Again, CE ^ E77 h E=10e. 


Hence, out of the 12 cells of the battery, one cell is wrongly connected and 
acting in opposition to the others, and thus neutralising the effect of another, and 
leaving only 10 cells effective. p 

) 53. The Grouping. of Resistance :—Resistances can be arranged 
in an electric circuit in two ways : In (1) series, and (2) in parallel. 


(i) In Series.—A number of conductors having resistances r1, ar 


ra, etc. are said to be joined in "i ta v3 
series when joined end to end in BRIO VV AWN seen) here 
succession, i.e. when the same cur- A B c D 


rent passes through each of them 
in succession (Fig. 55). The resis- 
tances rı, fe, ls series have 
a total P.D. of Crı+Cra + Cr... Or, Cirsitratls +...) between 
the points 4 and D, C being the current passing through each of 
them. If R be the total resistance of the conductors, then 
total P.D. C(rs+rat+tst us) 
current ^ [ey 
ie. Rer retfsteec 


Thus, the total resistance of a number of conductors in series is 
equal to the sum of the resistances of the individual conductors. 
(2) In Parallel (or divided Circuits)—A number of conductors 
having resistances rs, ls» l'a» etc. 
are arranged in parallel when 
one end of each of them is join- 
ed at a common point 4 and the 
other end at another common 
point B in such a way that a 
current C entering at A is divid- 
ed into parts, a part flowing in 
each of the branches, and again 
meeting at B to reconstitute the total current (Fig. 56). 


Fig. 55.—Resistances in 
Series. 


Fig. 56.—Resistances in Parallel. 
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Let C be the total current, Ci, Cs, Cs, etc, be the currents in. 
Fas Tg, Fa etc. respectively, and Va, Va, the potentials at A and B. - 


Then, we have, C=C, +C 4 C, 4 ...... 
m Va- V a bas Va- b. 
By Ohm's law, C, = RES C; rna 


Adding, C. * Ca +C, S a VaLa La Tas) 
a 1 2 s 


1 
or, C-e- V) [ien 2 D 


If R be the equivalent resistance of the combination, i.e. total 
resistance between the common points 4 and B, we have, 


Va— V, 
dao amr fA art he ae Los 12) 
. Va- V» knob Y: 
.. From (1), R 7 (Va— We tutt A ) 
v deci Ug de Me | 
or, we Sa ore 1L 


ND gual A 


Thus, the reciprocal of the equivalent resistance of a number of 
conductors connected. in parallel is equal to the sum of the reciprocals of 
the resistances of the separate conductors. 


i 1 1 
N.B. (i) Note that GL is always greater than ra 'or a 
. 1 2 


19 rh | 1 F 
So, p i5 greater than 7i or tlt and hence R is less than ry, or ry. 


So, the effective resistance of two or more conductors in parallel 
is smaller than that of any one of them when used alone. ` 


(ii) Note that in the case of several conductors joined in series 
the P.D., is divided among the conductors in the proportion of their 
resistances, but the same current passes through each of them ; where- 
as all the conductors, when connected in parallel, have the same P.D. 
but the total current is divided amongst them in proportion to their 
conductances, i.e. reciprocals of resistances (1/r). 

The current in a circuit can be regulated by introducing a resis- 
tance or a combination of resistances in series or parallel with it. 

(Hi) Laws for Parallel Circuits are: (a) The voltage across 
several resistances in parallel is the same for the circuits. (b) The 
total current is the sum of the currents through the different branches. 
(c) The total resistance is the voltage divided by the total current. 


54. Connection of Electric Lamps :— 


Electric Lamps àre invariably connected in Parallel; if they 
were connected in series, then switching out one of them would 
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cause the other lamps also to go out. Fig. 57 shows a lamp-board 

on which lamps are connected in parallel, and it is evident that 

any one of the lamps can be disconnected without 

affecting others. By disconnecting one lamp the 

current passing in other is not changed, because 

the current passing in each lamp is V/r, where V 

is the P.D. between the mains (which is also the 

P.D. for each lamp) and r the resistance of the 

lamp. The effect of disconnecting the lamp would 

be to change the current of the main circuit. 

If the lamps were connected in series, then the 

removal of one of the lamps would result in | 

diminishing the total resistance and so increasing 

the current passing in the circuit, and thus the 

lamps would get more than their correct voltage 

with disastrous results. This is not the case when they 

are connected in parallel. Thus a /amp-board (Fig. 57) 

consisting of several lamps, which are alike connected 

in parallel, provides a very convenient form of adjustable 4 = 

resistance, which is often used in accumulator 4 

charging etc. Ei? 
Example.—An electric current from a battery of 6 volts passes through a 

circuit having three lamps of resistances 2, 3 and 4 ohms joined in parallel. Calcluate 

the currents passing in the lamps when (a) all the lamps are in their sockets, 

(b) first lamp of resistance 2 ohms is removed. 


Ans. («) If R be the total resistance, ! == 


T Maier) due 
R2 tyta’ n Re 


4^ By Ohm’s law, current in the main circuit, C= 6/ i-es amp. 


If C., C, and C, be currents passing in the lamps having resistances 2, 3 and 
4 ohms respectively, we have by Ohm's law, 


C,-$-3 amps.. C.=$=2 amps., C,=£=1'5 amps. where 6 volts form 


the P.D. for each lamp. 
(6) Total resistance, Rai 5 ohms. 


. Currentin the main circuit- 3-3 amps. 


And, c,-$-2 amps. and C,=$=1'5 amps. 


That is, by taking out the first lamp C, and C, are not changed. 


55. Shunts:—When using a sensitive galvanometer precautions 
must be taken against sending a strong current through it as 
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the current may be large enough to burn the suspension or the spiral 
spring of the instrument. In such 
a case, the two terminals of the 
galvanometer are joined with resis- 
tance of small value, called the 
shunt, which acts as a conductor 
parallel to the galvanometer (Fig. 58). 
Fig. 58 By this most of the main current 
passes through the shunt. For the 
main current is divided into the two branches according to the 
resistance of each branch. 
Let G be the galvanometer resistance, S the resistance of the shunt, 
y the current in the galvanometer, and C, the current in the shunt ; 
then if Va und V, be the potentials of A and B, we have by Ohm's law, 


(Va- Ve) = Cyx G=C,x S ; or oe $ Le. the current in the branched 
circuits are inversely proportional to the resistances of the two 


a Cta S, C CtSum (+. the main current 


LJ 
C- C,* C). 
{The factor +5 by which the galvanometer current C, is to be 


multiplied to give the total current C is called the multiplying power 
(m) of the shunt. That is, it gives the number of times the main 
current is stronger than the galvanometer current. 

So, by a shunted galvanometer, we can measure a current much 
stronger than that what is possible by the galvanometer used alone. 


Now, G. ea or, the fraction of the total current through the 


resistance of shunt 
galv. resistance + shunt resistance 
Hence, C -C s eS UT Ar (1) 
Thus, if l/nth of sagan current is to be sent through the galva- 
v SE p. » 
nometer, we have, €7a7G4$ or, $(n—1)-G ; 
E. * G, i.e. if the Value of S be 1 ith of G. the current 
* Pis 
in the galvanometer Will be 1/nth of the total current. 
By making S small in eq. (1) C, can be made as small as possible. 
If itis necessary to send (say), 44 of the main current in the galvano- 
meter, we have, from (1), 
6 1 s 
CT 1076. s Hs e (2) 


galvanometer = 


or, S= 
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<. From (2), S=} G, that is the resistance of the shunt should 
be 1/9 of the resistance of the galvanometer in order that A, of the 
main current may pass tone) the shunt. Similarly, if «3; or 49s 
ofthe main current is required to be passed in the galvanometer, 
the resistance of the shunt should be jy or 4] of the resistance of 
the galvanometer. It is clear that the sensi ility of the galvano- 
meter is thus reduced by 10, 100 or 1000 times, as the deflection in 
each of the above cases is obtained by à very small fraction of the 
original current. 

Note—(i) A galvanometer, when shunted, becomes /ess, sensitive. 
Therefore, in many experiments, based on the null method though 
the galvanometer is shunted in the beginning in order to prevent 
any damage to the galvanometer, resulting from any large current 
traversing it, the shunt is removed at the time of taking the final 
reading so that the galvanometer may be in the most sensitive 
condition. 

(ii) When the shunt is used, the equivalent resistance between 
the two terminals of the galv. is equal to GS/(G+ S). The total resis- 
tance of the galvanometer circuit will, therefore, be reduced by an 


G EA CI 
amount, 6—GSK(G * S)- G- sys G (3. Consequently the 


main current will increase. The current Cy through the galvano- 
meter will be S/(G- S) fraction of this increased current. For this 
reason, when the galvanometer resistance is the main part of the total 
resistance of the circuit, the current through the galvanometer may not 
be much reduced though it is shunted by a low resistance. 


The quantity, G -So gives the additional resistance which must 


be added in series in the main circuit in order to keep the total 
resistance (and so the main current) unaltered when a shunt of 
multiplying power m is used with a galvanometer. There are 
constant total current shunts where the insertion of a shunt coil 
automatically throws this requisite resistance into the main circuit, 
The Ayrton’s Universal Shunt Box works on this principle. Such 
a Universal shunt may be used with a galvanometer to reduce the 
current passing through it to jt. tbo» roo etc. of the moin current. 
When such a constant tafal current shunt is used, i.e. the total resis- 
tance of the main circuit is kept constant by addition of a resistance, 


the value of the shunt S necessary to pass t th .part of the constant 


current C-through a galvanometer of resistance G will be given by, 
G 
S= 7-1. 
Examples.—J. The total resistance of a simple circuit is 80 ohms including the 
resistance of a tangent galvanometer which is 4 ohms. The galvanometer gives a 
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deflection of 7°. It's then shunted with 7'6 hora colt What is the new deflection 7 
Ans, Case 1. We have Cm gf IOK tan 60 m - (qu 
Case Il, bit na 5x16, 
i E 
Now, the main ee 7. 


"n 5 
and the current in the galvanometer, C, Cixgte 


E T6 
—LÓrT8* 0n 234310 K tan 4. 
wes ere) 


where 6 is the new deflection. From (I) and (1), fm d- 


. tan m xum D EE EL SC fetan E 
N.B.—The resistance of the galvanometer is 4 ohms, but on being shunted the 
equivalent resistance between terminals fell to pita 7:62 ohms approximately. — — 
Hence if it is desired to keep the current in the main circuit constant, a resistance, i 
(4—2 62) = 1°38 ohms, is to be added in series, 
2. Determine the resistance of a shunt whi gps esd oe, fs 
ech 


Determine also (a) the joint ricis rto | 
er sD) M LU) (M ox ra vei] Moses which must be added bol oof shunt is uh ^ 


inaltered. 
Kos The dan um S, will be given by ki 
. } 


cies +S). or, e S/(3663+- 


5) 
or, EM AM por 5360319) x 11) als. 


7s inca * or, R= 10773 ohms 
The external resistance 
05909 1107/9 55521 chung. d be Oded la series 
56. Kirchholl's Laws and their applications ;— 
The following two rules, known as Kirchhoff's Law bi 
solve problems on currents flowing in a network A Si eg Me 
(1) In any network of conductors, x algebrai 
which meet at a point is zero ie. X C= A ian 
Conventionally, a current aj dits the point 
and a current leaving the polar fe taken Hi mative. han positip 
(i) The algebraic sum of the electromotive 
mesh is equal to the algebraic sum of the esee ‘he races 
e edo of the mesh and the currents C flowing 'ough them, i.e. 
xE-x 
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Examples.— The arm EFG of a circuit (Fig. 39) consists of resistance of 10 0 
and a cell of E. M.F. 2 volts and internal resistance 1 11 while the branch EHG. 
£s of à resistance Q amd two 
Sitio: t. ANNE EG à bete? of M.F yo 
Grols aed onana -renie 020 H i^ 
laced. the currents through the © "^ "" 
hes EFG and EHG if the EM.F's are 
as directed in the figure. H LN 
1 4 , di shown, + 
NOE OCDE wm O 
represents the current in the branch E/G. on 
e Kirchhoff's w , 
Era eim qi AS 
C-C,-C,-0; ot, C=C, «C, ' a) 
Applying Kirchhoff's second law to the mesh FFON 
100,4 1C, -2C,—20€,9 -254 
or, 11C,-22C,-2 ‘ " [^1] 
Applying Kirchoff's second law to the mesh EHG/. 
20C,+2C,4-03C = —44+6=2 
or, 20C,42C,40'XC, £C.) 2, from (1), 
or, 2230,403C, 2 "€ z 
Solving equations, (2) and (3) C, «03$ amp., and C, «0085 amp. 
57. How to increase the Range of Ammeters by Shunts :— 
The range of an ammeter which is nothing but a low resistance gal- 
vanometer (Art. 63) can be changed by using a suitable shunt, 
Suppose, for example, an ammeter of resistance 9 ohms can read 
currents up to 5 amperes, i.e. it is calibrated to read 0 to 5 amperes, 
a current stronger than $ amperes should not be passed through 


[t] 


a the instrument. 


Now, by connecting a wire of resistance equal to 4 of the instru- 
ment (i.e, à x 991 ohm) across its terminals, e. by using à shunt of 
1 ohm resistance, we allow only JA of the total current to flow through 
the instrument. So the ammeter can now be used to read currents 
10 times greater than the original current, £e. it can now read up to 
(5x10) or 50 amperes, Thus the range of the instrument is increased 
10 times. Similarly by using shunts of other values, the range of the 
instrument can be conveniently changed. 


Examples.—/. An electric current of 5 amperes is divided into three branches, 
the length of the wires in the three branches being proportional iy 1, 2, 3; find the 
current in each. (The wires are of the same material and puc »" Pree 

( 2^ 


Am. Let V P.D. between the terminals; C,, C,. C, the. respective currents 
in the three branches having resistances, say, r, de, Jr, 


Then, FVe-Cr-C,x2r- C, x. C, Vir; Com VjIr; C, Vi, But the 
. "Vfl I N 
tota! current $ amperes. ^. $4 C, 4 C,«C, (4545) = zc 
Vol. II (C. B.).—6 
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C, 10 
Hence, cn amp.; and co-S-5 amp. and C,——7^ jy amp, 


2. The points A and B are maintained at a constant potential difference 
of 110 volts, A third point C is connected to A by two resistances of 100 and 
208 ohms respectively in parallal and to B by a single resistance of 300 ohms. 
Find the current in each resistance and the potential différence between A and C, 

end B. (Pat. 1926) 


Ans. Draw a diagram. If R be the combined resistance between the points A 
1 1 3 200 , A 
and C, we have A7 T9300" 200 or, Re^ Ene to resistance between 


A and. B 229.,300- 119 ohms. 


Hence by Ohm's law, the total current C= 100] uw. dg-93 amp 


This current flows in BC, but is divided into two branches having resistances 
of 100 and 200 ohms respectively. 
The P.D. between and B= current x resistance 0:3 x 300 — 90 volts. 


The P. D. between C and A= 110-90=20 volts [ o5,209x03- 20 volts} 


Hence, the current in the branch CA having 100 ohms resistances 


= P.D.-- resistance = Pat a amp. ; and the current in the branch having 
200 ohms resistance=20/200 = 0*1 amp. 


Thus, currents of 0'1, 02 and 0:3 amp, flow in the resistances 200, 100 and 300 
ohms respectively. 


Otherwise thus ; Let E be the P. D. between A and C, then the P. D. between 


C and B«(110—£): and the currents through two parallel resistances are Ej100 . 


and £/200 respectively. 


E 
A Tbe total current= (65-509 2a) and this flows through CB. 


110—E 3E 110—£ 
- 


Again, the current in CB — ^. Hence 555 300 whence E 20, 


300 
The currents can then be calculated as above. 


3. Three wires of resistances 2, 6 and 12 ohms respectively are connected 
in parallel and are inserted in a circuit with a cell and tangent. galvanometer, 
The deflection is 60°; the 2 ohms wire is removed, and the deflection becomes 45°, 
Calculate the resistance of the galvanometer. (Neglect the resistance of the cell) 

(All. 1925) 

Ans. Vf R be the combined resistance of the three wires. 


1 3 
lR- T PH = 4 ohms ; or, R=} ohms. 
If R, be the combined resistance of the two wires of resistance 6 and 12 ohms. 


o ete JON | 
R= $415 = {274 ohm ; or, R, -4 ohms, 


^ 


OHM'S LAW : RESISTANCE 83 


If G be the galvanometer resistance and E the E.M.F, of the cell, the total 
resistance of the circuit in the first case=G+ 4 ohms, and that in the second case, 


M ohms. Now, if C, be the current in the first case C, that in the second 
se. 


C,-E IK G+$)=10x tan 60° amperes, where K isthe reduction factor of the 


galvanometer, and C,— E/ (G-+4)=10K tan 45° amperes. 
Dividing one by the other, we get, Aro = tan 60521732; 


or, 2:196G=5°072; 4 Ge2311 ohms. 

4. The poles of a Daniell cell of E.M.F. Il! volts and internal resistance 
1 ohm are joined by two wires in series, a wire AB of 4 ohms and a wire BC of 6 
ohm resistance. The positive pole of the cell is connected to the end A of the series. 
What will be the readings of a voltmeter connected between (i) A and B 
(ii) BandC. (iii) AandC? (C. U. 1938) 
irn Here the resistances are in series, so the total resistances 4--6-- 1-11 
ohms. 

4« Current C-i =tio amp. 


Now, if V, be the P.D. between A and B; V, that between Band C ; and V, 
that between A and C, we have, 


V,=0'1x 4=0'4 volt ; V, 01x 6=0'6 volt ; and V, =0'1x I0 1 volt. 

Note that V,« Terminal P.D. of the cell or the available volts of the cell for 
the given rate of current flows 1:1—0:1x 1—1 volt., (Art. 47). E 

5. A cell has an E.M.F. of 1'5 volts and internal resistance 2 ohms. If the 
terminals of the cell are connected by two wires in parallel of 2 ohms and 4 ohms 


resistance respectively what is the current in each wire and what is the potential 
difference between the terminals of the cell. 


Calculate also potential difference when, (a) the current is cut off in one of 
the wires, and (b) when it is cut off in the other. (Pat, 1941) 


Ans. Let V be the P.D. of the terminals of the cell, and C, the current passing 
through tie wire of 2 ohms resistance and C, the current in the wire of 4 ohms 
resistance. Then, we have, the total current, C=C,+C, 


13 
If R be the combined resistance, 1/R=5+4=4 4 Ca VI gg 
r5 9 av 9 3 
Again, C= ——z amp. .. ^a; or, V. volt. 
8 21 p 29 amp 4 720 5 


Ha 3 3 
We have, C,-752703 amp. ; C,-5x37015 amp. 
Again, (a) when the current is cut off in the wire of 2 ohms resistance, 
r5 
we have, C= 2447925 pe. P.D.=025x4=1 volt. 
(b) When the current is cut off in the wire of 4 ohms resistances, 


we have, Ce dia-035 3. P.D.=0'375x2=0°75 volt. 
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58. Some Accessories for Electrical Experiments :—Some 
useful accessories necessary for 
electrical experiments are given 
below— 


(A) Connectors and Binding 
Screws.—These are used for con- 
necting two separate wires and 


also for other different purposes. 
Binding Screw. These are of various shapes and 
Fig. 60 types and are made of brass or 


copper (Fig. 60). 

(B) Keys.—A key is used for opening or closing an electrical 
circuit. There are different types and shapes of keys of which the 
following two are very common. 

(i) Plug Key.—Two metallic bars C, C are fixed on an ebonite 
base B being separated from each other by a small gap, which can be 
bridged by a brass plug P with an ebonite handle T ( Fig. 61), S, S 
being the two binding screws. 

(ii) Tapping Key.—It consists of an ebonite base B on which 
two binding screws T, T are fixed by means of which the key can 
be inseretd in the circuit. One of the screws T has attached to it a 
metal spring S having an ebonite tapping button P [Fig. 61(a)]. Below 


1" 
re fc Tm 


de Fig. 61—Plug Key. Fig. 61(a)—Tapping Key. 
this there is a metal stud connected by means of a metal stri ü 
: air’ 1 p (or wire), 
with the other binding screw 7. Contact is made only as long as P is 
pressed down on the stud. When the finger is withdrawn, the metal 
spring springs up and the circuit is broken. 
apping Key is used if the current is required for a short 

: s f time, 

while the plug key is used if tFe current be required for a longer time. 


(C) Commutator.—A commutator is an ar 'ersi 
the direction of the current passing through shy Boc. de Aieri 
There are different forms of commutators. WU 
(i) Quadrant Commutators.—Fig. 62 represents a four-w: x 
which can be used as a commutator. — BE d eser. ho 
3, 4, are separated from one another by gaps (Fig. 62) The 
plates are fixed on an ebonite base B and provided with binding 
screws A, C, B, D [Fig. 62(a)]. Contact is established between the 
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plates by inserting metal plugs between the gaps, as shown in the 
figure (Fig. 62). Fig. 62(a) explains the manner in which the four- 
P 


Fig. 62—Plug Commutator. Fig. 62(a)—Connections in a Plug Commutator. 
way plug key can be used as a commutator. The battery is joined to 
a pair of opposite terminals, 4 and B and the two ends of the portion 
of the circuit in which the current should be reversed (here the 
galvanometer circuit) are joined to the other pair of. terminals, C and 
D. If one plug is inserted between B and D, and another between 
A and C, the current reaches the galvanometer through. C (as shown 
by the arrow ab) and comes back to the battery through B. If, again 
ihe plugs are inserted between A, D, and B, C, the direction of the 
current in the galvanometer is reversed (as shown by the dotted arrow 
cd). The direction of the battery current is the same in both the cases. 

Gi) Pohl Commutator.—Fig. 63 represents another commutator 
known as the Pohl Commutator. This is generally used for 
rapidly reversing the direction of a current. It consists of six mer- 
cury cups on an insulating base, each provided with its own binding 
screw. One diametrically opposite pair of cups is connected by à 


Fig. 63—Pohl Commutator. Fig. 63(a)—Connections in a Pohl Commutator. 
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piece of thick copper wire, and another such pair is also connected 
by another wire which is bent in order to avoid contact with the first. 
Connections are made as shown in Fig. 63(a). The two middle legs 
of the wire-frame rocker A remain always in contact with the mer- 
cury cups 3 and 4. The rocker works in such a way that when the 
two front legs dip in the cups 1 and 2, the two back legs do not touch 
the mercury cups 5 and 6. Again, when the two back legs touch 5 
and 6, the front legs do not touch 1 and 2. 

Now suppose in Fig. 63(a) the front legs of the rocker touch the 
cups land 2. The current from the battery goes to the cup 3 from 
the cup 1 through the wire-fiame and then passes through the galva- 
nometer G in the direction ABCDEF. Then from the cup « it reaches 
the cup 2 through the wire-frame and returns to the battery in the 
direction KH. When the back legs touch the cups 5 and 6, the 
direction of current through the galvanometer will be just the opposite. 

Resistance Coils and Resistance Boxes.—Coils of insu-' 
lated wire having resistances from fractions of an ohm to hundreds 
or thousands of ohms are made by instrument-makers and are usually 


€ A. 
B <= 
A A 
Fig. 64—Resistance Box. Fig. 65—Double Wire 


^ (Non-inductive) Winding. 
arranged in a box, called a resistance Box (Fig. 64). Coils having 
standard resistance are also separately 
Ebonite sold and used. Each insulated wire in 
the coil is doubled on itself (Fig. 65) to 
eliminate the effects of  self-induction 
(vide Chapter VII). The free ends of the 
wire are soldered to adjacent bars 4,4 
(Fig 66). When a plug P is out, the coil 
is in the circuit, ie. the current passes 
from one brass bar A to the other bar 
A through the wire, and when the plug 
is in, the current passes straight from Af 
i to A and the resistance coil is not inclu- 
Fig. 66—Résistance Coils ded. Thus, by changing the plugs in 
in a Resistance Box. the box, any required combination of 
resistances may be used. Š 
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(E) Rheostat.—The resistance in a circuit, and hence the cur- 
rent, can be changed by including in the circuit a resistance box, but 


when the value of the included 
resistance need not be known, 
an adjustable resistance is 
often used. Such a variable 
resistance is called a rheostat. 
Fig. 67 illustrates a sliding 
rheostat. This usually consists 
of a coil of uncovered wire of 
high specific resistance wound 


on a slate or porcelain cylinder i 
one another. 
front binding screws 7, T. The instrument is 
of the binding screw 4 at the top and 
A sliding piece on the top bar R makes 


turns do not touch 
connected to the two 


inserted in a circuit by means 


one of the front ones T, T. 


Vind] : 


T 


e Fig. 67—A Rheostat. 


n such a way that the neighbouring 


The two ends of the wire are 


contact with the wire of the cylinder, and the resistance can be altered 
by altering the point of contact by moving the sliding piece along 


the bar.. 


(E) Regulator.—It is also a 


Fig. 68—Regulator. 
the end of the handle is over the stud E and the current is off when 
it is shifted to F. 

59. Measurement of Resistance :—The following two are easy 
methods for measuring a resistance. 
Method of Substitution.—The unknown resistance is joined in series 


with a battery of ample capacity 
that the supply voltage shall rem: 


variable resistance generally fitted 
with electric fans or motors. It 
has got several resistances AB, 
BC, CD, DE ete. in series (Fig. 
68) for regulating the current 
according to necessity. There are 
several studs A, B, C, etc. the last 
stud F being outside the circuit. 
A metal handle PE is so arranged 
that one end of it moves over the 
studs and the current entering at 
A is completed fhrough the end 
P. The current is minimum when 


(since it is important in this method 
ain constant) and a galvanometer, and 


the deflection is noted. After this, à suitale resistance box is inserted 


in place of the unknown resistance Te n 
are adjusted until the galvanometer gives the original deflection. 


and the resistance in the box 
The 


d in the box gives the value of the 


total value of the resistances used 1 


unknown one. 


The method is chiefly used in a somewhat modified 


form—in the measurement of high resistances, i.e. resistances of 10,000 


ohms and upwards. 
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ison.— usual method of measuring a resis- 
Ue mem tance is by the principle of the Wheat- 
stone's Bridge, which embodies a 
method of comparison. 

(a)  Wheatstone's — Bridge.—lt 
consists of four conductors AE, CE, 
CD, DA having resistances P, Q, 
X, R respectively (Fig. 69). Ordi- 
narly, the positions P, Q, R and 
X are called the first, second, third 
and tbe fourth arm of tbe bridge. 
The two junction points E and D 
are connected through a galvano- 

Fig. 69—The Wheatstone's meter G, and a key, Ky. A battery 
Briggs B is applied between the other two 
junction points 4 and C through the key Ks. The resistance of 
the different branches are so adjusted that when the two keys Ke 
and K; are successively closed and a current passes through the 
network there is no deflection in the galvanometer. This happens 
when the potentials of E and D are the same and so no current flows 
through the branch ED i.e. through the galvanometer. Any experimental 
method by which this condition of ‘no deflection’ is obtained is 
called a null method. The current coming from the battery is divided. 
at A into two portions, C, and C, flowing in the two branches AEC 
and ADC respectively, which again unite at C and flow back to the 
battery, Let V, and V, be the potentials at A and C, and iet the 
potentials at the points E and D, which are supposed to be the same, 
be V. As there is no flow of current between the points E and D, 
the same current C, flows through P and Q, while C, flows through R 
and XY. By Ohm's law, 


Vi-V.V-V,. à V,-V V-V 
we have, C, = "POT Qo again C= *R - Wem 
Vip? y xolg Q 

Hence V-YV."TQ7X ^ OTK% X-pR. 


Or, knowing any three of these resistances, the fourth can be 
calculated. 


From the above relation we also get A - which shows that when 
this condition is satisfied, the potentials of A and C will be the same 
on interchanging the positions of the galvanometer and the battery, 
i.e: there will be ‘no deflection’ in the galvanometer. So by using the 
above method of connection for ‘no deflection’, the positions of the 
battery and the galvanometer can be interchanged without disturbing 
the balance. 
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So the arms AC and ED in a Wheatstone’s Bridge, i.e. the battery 
arm and the galvanometer arm are called conjugate arms. 


Two forms of Wheatstone’s Bridge, which are generally used for 
measurement of resistances, are (i) the Metre Bridge, and (ii) the Post 
Office Box. 


Deduction of the Wheatstone’s Bridge Principle by applying 
Kirchhoff’s Law.—Let P, Q, X and R joined in series represent the 
four resistances of the Wheatstone's Bridge E 
and the galvanometer of resistance G and the b 
driving battery of resistance B be connected 
in their usual positions as shown in 
Fig. 69 (a). 

Then according to Wheatstone's principle, 
ore’ when no current passes through G. 

We were required to prove this by applying 
Kirchhoff’s laws. 

Let us assume that i. ix, ij, i4, is and iy 
be currents through the different branches of Fig. 69(a) 
the network as indicated in the figure. 


By applying Kirchhoff's Ist Jaw to the junction point £, 
we have i4 —i4— i, =0, and to the junction point D, we have, 
i,+i,-i,-0. Butat the condition of no current through 
G, i,=0 kdin T ea AA 
and i; >i, Rg IDE A) 
By applying Kirchhoff's 2nd law to the closed mesh AED, 
we have, i, x P+ ig x G-i,xR=0. 
When ig=0,i1*PeiaxR . na (3) 
Similarly, from the mesh, EC. D, 
we have, i, x Q— i, xX-i,xG-0; 
or, ixQ-i,xX, when i,=0; om x TER 
or, ip xżQ=i xX, from (1) & (2) ... wee} 


From (3) & (5), per 


(b The Metre Bridge.—This consists of a fine bare wire AC 
of uniform cross-section, one metre long, stretched along a metre 
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scale upon a wooden board (Fig. 70). The two ends of the wire 
are soldered at the points A and C of the series of copper plates AT, 
TL, MN, JF and FC of negli- 
gible resistances. Binding 
screws are provided at the 
points marked by letters 
D LM DN J, F, 


and C. 


There is a slider F, also 
called the jockey, by pressing 
which contact of the glav. G, 
can be made at any point of the 
wire. The bridge has two gaps 
Shunt LM and NJ for the insertion 


Fig. 70—The Meter Bridge. of resistances. 


To measure a resistance, X, it is placed in the gap between N 
and J. A known resistance R is placed in the gap between L and M. 
The two terminals of a galvanometer G aie joined to the binding 


screws at D and E, E being ona sliding key also known as the jockey. . 


Two terminals of battery B are joined at T and F through a key K. 
Now, closing the battery circuit first, move the jockey along the wire 
to a point near the end 4, when on pressing it the galvanometer will 
Show a deflection. Next move the jockey to a point near the other 
end C, when on pressing it again, the galvanometer will show a dcflec- 
tion in the opposite direction. The electric connections will be deemed 
correct, if such opposite deflections are obtained. After testing the 
connections in this way, move the jockey in between A and C, and 
press it at different points until a position E on the wire is found for 
which there is no deflection of the galvanometer. At this position, 
potentials of D and E are the same. Let | be the length of the portion 
AE of the wire and (100—/) that of EC, and let P and Q be their 
respective resistances, 


Then, we have, -0 > from the Wheatstone’s Principle. 
A Assuming the wire to be uniform the resistance of any portion of it 
1S proportional to its length ; so if 2 be the resistance per unit length 
of AC, the resistance P of the length /— p[, and the resistance Q of 
length (100 — 1) = e(100— I). 
P Hy no. AES R x (100— I) 
Q7; Pee y= oo mp on K-ATP. 
Note.—It may be noted that the bridge will be most sensitive 
when the position of the balance point £ is obtained near the middle 
of the wire. For this reason R should be as nearly as possible equal 
to X. The result may be confirmed by repeating the experiment 
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with the resistances in the two gaps interchanged. When the 
balance is nearly obtained, the shunt used in the galvanometer in the 
preliminary adjustment may be removed for increasing the galvano- 
meter sensitivity. The experiment should be repeatd on reversing the 
connection of the battery B. The values of X obtained from direct 


Fig. 71—The Post Office Box. 


and reverse current and on interchanging the gap resistances for each 
current, will in general be slightly different. The mean of the values 
may be taken as the approximate value of X. 


Resistances below 1 ohm or above a few hundred ohms are not 
measured by this method. 


(c) End-Corrections of a Metre Bridge. — The resistances of the 
copper strips and the resistances at the junctions (A) and (C) of the 
bridge wire with the copper strips AT and CF (Fig. 7) were assumed as 
negligible and it was also assumed that the two ends of the wire were 
exactly coincident with the zero and the hundred centimetre marks of 
the scale. On account of some finite resistance of the copper strips 
however small may be, and due to bad soldering, and non-coincidence 
of the ends of the wire with the zero and hundred centimetre marks 
of the scale, resistances equivalent to, say As and A, centimetre lengths 
of the bridge wire are introduced at the left and the right ends of the 
metre bridge wire respectively. The values of à, and ^s are called the 


end-corrections of a metre bridge. 


92 INTER MEDIATE PHYSICS 


With the resistances R and X used in the left-and right gaps respec- 
tively when the balance is obtained at a distance / cm. from the left 
end, we have then, 


Rt S, ; d 0^ (1) 
X^10-X i 


If the resistances are interchanged in the gaps, and a new balance 
point is obtained, say at a distance /^ from the left-hand end, we have 
then 

R 100—/&2As 2 
XC ON. er E n (2) 


The end-corrections are ordinarily small, say only a few millime- 
ters or so. They are negligible if /, 100— //, I are very large com- 
pared to A, and Ag. ^, and A, can be calculated from the above two 
equations. Of course R must not equal X, for no change in the bala- 
nce is produced on interchanging them. A convenient ratio is R/X = 
10: 1. 

(d) Carey Foster’s Bridge.—]t is a metre bridge with four gaps 
instead of two gaps. The bridge is a very convenient one in perform- 
ing the division of the bridge wire into a number of parts having equal 
resistance or to determine the resistance per cm. of the bridge wire or 
to calibrate the bridge wire. ; 


The principle used in the bridge is that if a balance be.obtained 
at a distance /, cm. from the left end A [Fig. 71(a)] with two 
unequal resistances M and 
N insérted in gaps 1 and 4 
and ratio arm resistances R 
and Y, and the resistances 
M and N be then interchan- 
ged when a new balance at a 
distance /, cm. is obtained, 
iE Comas S the difference between the 

resistances M and N is equal 
to the resistance of the bridge 


Fig. 71 (a) wire between the two points 
of balance. 
So, RiXeMth xe 7o 07 zs TED 
N+(T—1,)p * 


where T=length of the whole wire in centimetres, and P= resistance 
of the wire per cm. 


Again, for the new balance, 


N+1,p 
RINE oe SEE SP 
/ MS if i 2 (2) 
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Adding the numerator and denominator to i 
[ get a new numerat 
each case, we have from equations (1) and (2), ates 


M+lip+N+ (Tli) Nt lp M+(T='s)p l 
N*(T- l)e M*(T-ls  ' 


* M * N-* Tp " M+N+Tp 
Vr (Tego ME 1e ce ee Mo Saws 


or, M-N-lsp-lp-(ls-l)p + m 1 (3) 


lf N-0, M=(la—lı)p. To make N-0, a thi i 
with two suitable slots cut in it to fit the gap grs pru 
used. Obviously, p will be determined from the experimental value 
of 15 —1; and knowledge of M. To perform a calibration, a short 
resistance wire (say, of. manganin) soldered to two stout plugs and 
having a resistance of about 4 of that of the bridge wire may 
be taken. For R and X two resistance boxes should be used, R 
and X are varied until, with the contact maker placed near the’ left 
end of the bridge wire, say at distance /, cms. from the end, a balance 
is obtained. R and X are then interchanged and a new balance, 
say at distance la cms. from the left end, is found. Thus the first 
section of the wire, /, —/; has resistance equal to M. Keeping the 
contact maker at /,, and varying R and X and repeating the fore- 
going process the next section having resistance equal to M may 
be determined and in this way, the whole of the bridge wire may 
be calibrated. | For closer calibration, only a smaller value of M is 
to be selected. 


(e) The Post Office Box.—This is a compact form of the 
Wheatstone’s Bridge [Fig. 71 (b)]. It is so named because this instru- 
ment was originally intended for 
service in the British Post Office 
for measuring resistances of tele- 
graph wires, etc. On examining 
the box whose inside electrical 
connections are given in Fig. 
71 (b), it will be found that in the 
first line AC there are two sec 
tions, EA and EC, each contain- 
ing a set of three coils of resist- 
ances 10, 100, 1000 ohms res- 
pectively. These sections form Fig. 71 (b) The Post Office Box 
the P and Q arms of Fig. 69 Connections 
which are also called the ratio r 
arms of a Wheatstone Bridge. The resistances of the remaining 
coils vary from I ohm to 5000 ohms or may be any other suitable 
series. This section forms the arm R of Fig. 69, called also the 


rheostat arm, which should be adjusted till no current will pass in 
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the galvanometer. In order to insert a resistancein the circuit, the 
plug in the corresponding .coil should be taken out. The unknown 
resistance X is put in the fourth arm between D and C. The galvano- 
meter G is inserted between E and D through the tapping key K, 
while the battery B is connected between A and C through the other 
key Ka and a rheostat in series, 


Expt.—For the measurement of an unknown resistance X, first draw 
a diagram of the Wheatstone’s Bridge, and make the connections as 
in Fig. 71(b In making the measurement, first take out ihe two 
plugs corresponding to resistances 10 obrhs from each of the ratio 
arms EA, EC, and adjust the resistance R in the rheostat arm AD, till 
the galvanometer gives no deflection. 


In this position, we have, P/Q = R/X 


Q 10 
or, X= Rp “ROAR 


Or, the resistance in the AD arm gives directly the value of the un- 
known resistance. If, however, the exact balance point is not obtain- 
ed, the correct value can be calculated by the principle of proportion- 
al parts. By changing the values of the ratio arms, and correspond- 
ingly changing the value of the AD arm, the resistance up to the 
second place of decimal can be determined. 

For example, say, the value of an unknown resistance is 2:31 ohms. 
Changing the ratio of P : Q from 10:10 to 100: 10 and finally to 
1000 : 10, the corresponding resistances in the AD arm should be 
changed from 2 to 23, and finally to 231 in order that there may be no 
deflection in the galvanometer. 


1 
Then, we have, n z ' Therefore, Y - 2:31 ohms. 


Medium resistances, i.e. resistances between 1 ohm and 100,000 
ohms are ordinarily measured by this method. 


Note.—Remember always to close the battery circuit before 
the galvanometer circuit, for if the galvanometer circuit is closed 
before the battery circuit, a temporary current may flow through the 
galvanometer in the opposite direction to the main current due to 
self-induction (vide Chapter VI) Follow the reverse order when 
breaking the circuit, ie. break the galvanometer circuit before the 
battery circuit. 

60. Determination of the resistance of a galvanometer :— 


To do this, the most satisfactory procedure for a moving needle + 
galvanometer is to remove the needle, and fora moving coil one to 
clamp the coil and then measure the resistance between the two 
terminals in the usual Way by means of the P. O, Box. A second 
galvanometer is, however, necessary in this method. 
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Thomson’s (or Kelvin’s) method.—Here only one galvanometer, 
1.e. the galvanometer under test is required, A P.O. Box is necessary, 
though the electrical connections are not 
in the usual way. The.connections may 
be made as shown in Fig. 72. P, 

A steady current flows through the 
galvanometer (of resistance G) when the 
key K, in the circuit of the battery B is 
closed. For any value of the resistance 
Q the potentials of E and D are not, in 
general the same. Hence when the key 
K., is pressed it produces a re-distribution 
of currents in the different branches of the 
network and the current through the 
galvanometer either increases or decreases. + 
But when the resistances P, Q, and R are Lape 
so adjusted that the relation P x G=Q+ R 
is satisfied, the points E and D become Fig.72 
equipotential and then there is no change in the distribution of the 
currents when K, is closed. Actually Q is adjusted keeping P and Q 
constant till there is no change in the galvanometer deflection either 


on closing or opening Kı. G is then given by the relation, c-$, x R. 


61. Determination of the internal 
resistance of a battery :— 


Mance's method.—The battery (of 
resistance B) is placed in the 4th arm CD 
ie.in the place ordinarily occupied by 
the unknown resistance, in the usual 
Wheatstone's bridge method, while the 
usual battery branch contains a tapping 
key K, only (Fig. 73). The galvanometer 
is deflected. Resistances P, Q and R are 
then adjusted until the galvanometer 
deflection remains the same whether the 
y key K, is either closed or opened. When 
Fig. 73 this condition is reached, the usual cal- 


‘ ‘tee 
culation applies, vig Resistance B of eet = pjp, and since Q, P and 


R are known, B can be calculated. 
62. (a) Uses of the Metre Bridge and the P.O. Box :— 
(i) The Metre bridge is suitable for measuring small resistances 


whilst the Post Office Box is suitable for measuring fairly high 
resistances. 
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(ii) The specific resistance ? of the material of a wire whose 
resistance X is determined with either of them may be calculated by 
measuring the length and area of cross-section ; thus p= XS//ohms-cm., 
where / cm. is the length and S sq. cm. is the cross-section of the wire. 

(iii) Laws of series and parallel resistances may be verified with 
the help of either a Metre Bridge or a P.O. Box. The method is to 
measure the separate resistances, one after another, and then to 
measure the combined resistance in series or parallel connection. 

N.B.—As the Post Office boxes vary in design, the student when 
using any such box, should compare the plan of the connections in the 
box, with Fig. 69 

(b) Precautions in using the P.O. Box.—(i) There should not be 
any dust on the top of the box ; otherwise, the insulating quality cf 
ebonite with which the lid of the box is usually made, may be affected. 

(ii) Perfect contact should be ensured after inserting the plugs 
in the holes for which a slight screwing motion should be given to 
the plugs but too much force must not be applied. 

(iii) On no account a strong current should be allowed to pass 
through the coils of the box, as this would produce considerable heat 
in the wires and will change the resistance of the coils and also melt 
the paraffin with which the coils are ordinarily plastered. Even a 
small current should not be allowed to flow for a long time. 


Example.—The resistance in the arms of a Wheatstone's Bridge are 5, 15, 20 
and 60 ohms so that the bridge is balanced and no current passes through rhe 
galvanometer. The E.M.F. of the battery is 2 volts and its resistance is 4 ohms. 
What current passes through it ? 

Ans. In Fig. 69, let the arms P, Q, R, X be 5, 15, 20 and 60 ohms respectively, 
Then P--Q (=r, say) = =5+415=20 ohms ; R+X(=r, ‘say)=20-+60= 80 oh ms. 

EF 20x 80 


. The equivalent resistance (Art. 53), R= Topo 204807 16 ohms 
E 


did Pob) eL d 
- ©=Total resistance 44167 10 P- 
63. The Potentiometer and the Principle of its use :— 
The potentiometer is a simple physical apparatus but has a unique 


SS ne 
TR I TT / 


Fig. 74 
importance for its universal application in precision electrical 
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measurements. The principle of its use consists in measuring an un- 
known p.d. or e.m.f. by comparison with a standard e.m.f. Utilising 
the principle it may be used for the measurement of e.m.f., current or 
resistance, or for the comparison of two e.m.f.s etc, 


Description of Potentiometer.—Fig. 74 shows an ordinary multiple 
wire type potentiometer. :On a wooden board a number of conduct- 
ing wires (usually ten, less frequently five) of uniform cross-section, 
each usually 1 metre in length, are stretched and fixed parallel to each 
other and joined in series by thick copper strips. The material of the 
wires should be of moderate resistivity and low temperature coefficient 
and so eureka wires and in better types manganin wires are commonly 
used. The combination of the wires acts as a single wire of length 
equal to the sum ot the lengths of all the wires. 


Binding screws B, and B, are fixed to the free ends of the first and 
the last wire. A brass strip RR provided with binding screws B, and 
B, is fixed alongside the last wire. There is a raised platform at the 
edge of the board, near the first wire, on which a metre scale is fixed 
between the ends of the wire. A three-legged jocky bridge J of brass 
can be moved above wires, its one leg L always sliding on the brass 
strip RR. By pressing a metal push key T of the jockey, any point of 
a wire can be contacted with the brass strip. The other two legs of 
the jockey rest along a parallel groove on the wooden board near the 
raised platform. By means of an index mark J, the point of contact 
of the wire can be noted from the metre scale. 


The Principle of the Potentiometer Method.— 


Let the battery B, afterwards called the driving battery, send. a 
steady current through the potentiometer wire whose totallength is 
represented by B, Ba, K being 
a plug key and R,, a regulating 
resistance to obtain a suitable 
current [Fig. 74(a)]. Let C be 
the cell whose e.m.f. is to be 
measured. This test cell is con- 
nected in series with a galvano- 
meter G and a resistance box S Fig. 74(a) 
and its positive terminal is con- $ ' 
nected to the same binding screw B, to which the positive terminal of 
the driving battery B is connected, the other terminal being connected 
at the final end to the jocky J of the potentiometer. A 

If the resistance per unit length of the wire B, By be p (supposed 
uniform) and i be the steady current in it when the jockey / does not 
contact on B, Bg, then the fall of potential per unit length of the slide 
wire B4 Ba is p i. When the test circuit is completed by pressing the 
jockey J on the slide-wire at some point P where the length B, P=, a 
current, to limit which S may be made large, will flow through the 
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galvanometer in the direction B, CGSJ if the voltage drop pil is greater 
than the e.m.f. of the test cell C, since the test cell is connected so as 
to oppose the passage of this current. If the two voltages are equal, 
no current will flow through the galvanometer which will show a null. 


Suppose, now, that the e.m.f.s, E, and E, of two cells, C, and C, 
are to be compared. Place the cell C, in the position of C in Fig. 74(a) 
and adjust the position P of the sliding contact J on the slide-wire 
until there is no deflection in the galvanometer G. Let the length B, 
P then be/,. Replace the cell C, by the second cell C, and obtain 
similarly a second length la when there will be again no deflection in 
the galvanometer. 

We have then E, — il, and E,=il,, so that 

E,/E:—1y/Is h AES EET) 

If one of the cells (say C4) is a standard cell whose e.m.f. is accu- 

rately known, the e.m.f. E, of thc other will be given by 


l 
EQ E, x 


Note: (i) Itis essential that the two batteries B and C must be 
correctly poled, as shown in Fig. 74(a). 

(ii) At balance, since there is no current through the galv. branch, 
the current in the slide-wire B, B, is unaffected by connection of J on 


B, B,. 

(ii) At balance, no current passes through the test battery C. So 
the measured e.m. f. is its open circuit e.m.f. or true e.m.f. 

Precautions: (i) The p.d. between B, and B, set up by the 
driving battery must be greater than the e.m.f, of the test battery. A 
2-V lead acid cell is convenient'as a driving battery B with which: a 
range of test e.m.f. up to 1:9 volt may be measurable. 

(ii) The driving battery B must be of ample ampere-hour capa- 
city so that the current i in the slidé-wire may remain constant 
throughout the test. 

(iii) A resistance S must be connected in series with the galvano- 
meter,or a universal shunt used, for protection of the galv. during 
the initial adjustment of the contact J and this protecting device is to 
be cut out as the balance point is nearly attained. A high series resis- 
tance S is absolutely necessary when a standard cell is inserted in this 
circuit, because no appreciable current must be drawn from it if its 
e.m.f. is to be relied upon. 


Accuracy of Measurement in simple potentiometric methods. —In 
the above elementary form of the potentiometer, the accuracy of the 
measurement depends on the ratio /,//, (vide equation 1 above). 
Assuming the same error in reading l, or /,, the longer the slide- 
wire B, Ba, the lower the percentage error in the measurement. In 
modern forms of precision potentiometers, the effect of a long-slide- 
wire is obtained by using a uumber of standard resistance coils in 
series with-a comparatively short slide-wire. 
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In comparison experiments, the accuracy of the reading (I, and 
la), however, depends on the uniformity of the slide-wire and the 
constancy of the current through it. In an absolute measurement the 
accuracy depends in addition on the accuracy with which the p.d. 
across the slide-wire is known. Modern potentiometry gives precise 
measurements because of the availability of a precise standard of e.m.f. 
in the form of a standard cell for the determination of this later 
quantity. : 

64. Modern Potentiometers :—Modern potentiometry is precise 
and accurate. It comprises a wide field of applications. There are many 
types of modren potentiometers, e.g. Crompton potentiometer, Vernier 
potentiometer, Brooks Deflection potentiometer, Diesselhorst poten- 
tiometer (thermo-electric free) for use with d.c. and Dry-dale-Tinsley 
AC. potentiometer, Gall-Tinsley AC. potentiometer, for measurements 
ofelectrical quantities like resistance, current, voltage, etc. besides 
quite a few other special purpose potentiometers for measurement of 
non-electrical quantities like temperature (using thermo-couples), 
degree of acidity or alkalinity of solutions (pH meters) and so: on. 
Automatic recording type potentiometers have also been developed. 

Direct Reading Potentiometers: Crompton Potentiometer :—R.E. 
Crompton first modified the laboratory type slide-wire potentiometer 
to make it compact and direct-reading. AB [Fig. 74 (b)]is a graduated 
slide-wire (about 0*1 Q). It has connected in series fourteen resistance 


ó Ó 
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Fig. 74(b) — Crompton Potentiometer. 
coils each having a resistance equal to that of AB. This combination is 
connected in series with a supply battery C (2 volt) and two regulating 
resistances R, and Re, the former for coarse adjustment and the latter - 
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for fine adjustment. P, and P, are movable contacts which can 
respectively be slided over the studs of the resistance coils, between A 
and D and the slide-wire AB. A voltage-sensitive galvanometer G is 
connected through a key K and a multiple circuit switch (M.C.S.) in 
series between P, and P,. The standard cell S or other test e.m.f.'s can 
be put into the galvanometer circuit by means of the switch M.C.S. 


Method of Use.—The first thing to do is to standardise the 
potentiometer that is, to make it direct-reading. This is done as 
follows, by adjusting the potentiometric current supplied by the ceil C 
by means of the regulating resistances R, and Rg. 

A standard cell (S) (Weston cadmium, e.m. f. = 1:0183 volts at 20°C) 
is connected between the terminals + S.C. and —.S.C. of switch M.C.S. 
with. correct polarity. The potentiometer contacts P, and P, are then 
set on the potentiometer dials to read the e.m.f. of the standard cell 
corrected to the room temperature, i.e. if the e.m.f. is 1:0183 volts, P, 
is to be on the dial reading 1:0 and P, on the slidewire dial at 0:0183. 
R3 and finally Rẹ are adjusted so as to regulate the potentiometer curr- 
ent until on pressing K down the galvanometer G indicates null. This 
is what is known as standardising the potentiometer. 


+ + To measure a test e.m.*. (say, connected to--1,— 1), leave the 
resistors R, and R, at their standardising settings and switch over the 
selector-switch to terminals marked + 1, —1. Adjust P, first and finally 
Pa until the galvanometer G shows null. The reading of P, plus that 
of Ps, on the dials, then directly gives the e.m. f. under measurement. 
Similarly, any e.m.f. or p.d. connected between the terminals marked 
+2,—2 can be measured. It is good practice to check up the initial 
standardisation of the potentiometer current (often 10 milliamps.) 
before and after each measurement. 


A casing is used to enclose all the contacts and joints so as to 
protect them from the atmosphere (corrosion due to acidity of the 
atmosphere) and to secure a uniform temperature everywhere. To 
stop leakage currents, the working parts are fitted on an ebonite board 
and are kept hanging from the latter which constitutes the lid of the 
potentiometer casing. A bakelite top placed on the ebonite board for 
protection against light and dirt, with Lits protruding through holes 
in it for the moving parts, is often used. 


It is necessary that the potentiometer readings should be free from 
internal thermo-e.m.f.s. They are small no doubt since the internal 
temperature is nearly uniform, and are reduced to negligible values by 
making the resistance coils and the slide-wire of manganin which 
has very low thermo-e.m. f. with respect to copper. 


Example :—The positive terminal of the standard cell is connected to A and 
the negative one to the jockey J, through the galvanometer. Adjust the jockey 


on the slide-wire, so that the length = 99x e, 1000x 10183 =509:15 cms, 


i pe 
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To determine the null-point, R, and R, are adjusted very carefully. 
The length of the slide-wire between 4 amd J-—509:15 cms. and the potential 
dirop across it— 10183 volts. 
i.e. for a length of 509-15 cms., the potential drop 170183 volts 
10183 1 


» m ] cm. "m 7 $0915" 500 volt. 
2 
n » — = =2 mY. 
i000? ™ 
» 0:5 cm. T =I mV. , 


E 
Now, if the zero of the metre scale attached to the instrument coincides with 
A, then mark 1 mV on 0'5 cm., 2 mV on 1 cm. and so on. (Fig. 74(5)] 


Then any unknown potential may be directly read out. 


65. Experiments with a  Potentiometer :—AÀA few important 
experiments are described below indicating the wide scope of applica- 
tion of the potentiometer method. 


Expt. 1. Comparison of the e.m.fs. of two cells (say, a Daniell 
Cell and a Leclanche’ Cell). 


Connect the positive poles of the two cells C, and C, (of e.m.f's. 
E, and E, respectively) to the same terminal B, of the potentio- 
meter and their negative poles through a two-way key Ka, the 
galvanometer G and a resistance S (of the order of 1,000 ohms) to 
the jockey J of the potentiometer [Fig. 74(c)]. Also connect the 
driving battery B (which may 
be 2 alkali cells in series), 
the regulating rheostat R; 
and plug key K, in series to 
the two terminals B, and B, 
of the potentiometer such that 
the battery B is also correctly Ri 
poled, i.e. the positive pole of 
B is connected to the terminal 
B,, as shown in the figure. i 

Of the two cells, let C, be Fig. 74(c) 
of greater e.m.f. (Leclanche’ Cell). Bring the key of the jockey on 
the last wire of the potentiometer, close Kı and then K, with the 
cell C, in the test circuit. Adjust the resistance R, until no deflection 
is shown by the galvanometer G on pressing the key of the jockey. 
Let the balancing length so obtained be A. 


Do not disturb the driving circuit. Next disconnect the cell C, 
by the key K, and include the other cell C, into the test circuit. 
Adjust the position of the jockey J on the slide-wire until again a 
second balance point is obtained on pressing the key of the jockey. 
Let the balancing length be now /, (this will be less than /,). 


If p be the resistance per unit length of the slide-wire we have, 


Fo 


Ho 
[7] 


Ki 
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E,=pil,, and E,=pi/s, since the slide-wire current is the same 
in both the case of balancing. That is, 


Thus the comparison of the two e.m.f’s. depends only on the two 
balancing lengths, assuming the slide-wire to be of uniform resistance 
throughout its length. A milliammeter (500 mA) may be included in 
the driving circuit of Bto check up the constancy of the slide-wire 
current during the two balancings. 

Expt. 2. Measurement of the e.m.f. of a Cell.—In expt. | if 
the cell C4 be a Standard Cell (Normal Cadmium Cell) whose e.m.f. 
is accurately known, the e.m.f. E, of the test cell C4 will be known 


from ECL PH RN 


Alternatively, though the method is less accurate, the e.m.f. of a 
cell may be measured by a potentiometer using a milliammeter and a 
resistance box as described 
below. 

Set up a circuit [Fig. 74(d)] 
in the same way as in Fig. 74 
(c, the only difference 
between the two being that 
the regulating resistance R, 
in the present case is a 
resistance box from which 
Fig. 74(d suitable known resistance may 
»x ig. 74(0) be inserted in the driving 
circuit and the adjusted current (in milliamps.) may be indicated by a 
milliameter (mA) also joined in series. 

Measure, before connecting up the two circuits, the total resistance 
(X) of the potentiometer (between B, and Bs) by means of a P.O. box. 
Then if Z be the total length of the wire, the resistance in ohms per unit 
length (p) of it, supposed uniform, will be X/L. 

Next bring the jockey J at a position P on the last wire and insert 
by trial a suitable resistance R in the resistance box R, such that on 
closing the key K and pressing the key of the jockey, the galvanometer 
G shows no deflection. Take the milliammeter reading (i) now which is 
the slide-wire current. 

Then the e.m.f. E, of the test cell C; — p.d. between B, and P 


ES i : 
along the slide-wire = 1555 x | volts, where J= the length of the slide- 


wire between B, and P. The current i/1000 amp. may also be 

approximately calculated by dividing the e.m.f. of the battery B by 

(R+ X), neglecting the resistance of the other components in series. 
The above experiment should be repeated for a few more different 
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values of i in which cases, the value of the balancing length / will be 
different. In all such cases, however, i x / should be constant, if the 
experiment is to be regarded as successful. 

Expt. 3. Measurement of Current by Potentiometer.— 

Leta suitable steady drop 
of potential be created per unit 
length along the potentiometer 
slide-wire B, B, [Fig. 74 (e)] 
by the flow of a constant 
current i through it from the 
driving battery B. This poten- 
tial drop may be adjusted by Ri 
regulating the current i by the 
rheostat Ms Suppose De 
source of current B' the key * Fi 
K,, the resistances Ra and r Titio 
constitute, as shown, a closed circuit, the current i, flowing through 
which is to be determined and of which the known resistance r in- 
cluded in series is small. The standardising cell C or the p.d. across 
r, through the two-way key Kg, the galvanometer G and a high series 
resistance S, can according to the arrangement shown, be impressed 
on the potentiometer slide-wire for balancing. Of course, each of 
them must be correctly poled as shown. If E be the e.m.f. of the cell 
C, and e, the p.d. across the low resistance r, and if they require 
balancing lengths /, (such as BP) and la respectively on the potentio- 
meter wire when the galvanometer will show no deflection then, 

E=pi.l, and e= pi.la, assuming the slide-wire current i to remain 
constant between the two balancings, and where p is equal to the 
resistance of the potentiometer slide-wire per unit length. 


That is, e= Ex E . Buteerxiz, where iz is the current to be 
1 


I 

determined. Therefore, lazer- Ex ts . 
Expt. 4. Determination of the internal resistance of a cell by 
potentiometer.—The potentiometer circuit is completed through 
R the driving battery B [Fig. 
74(f),a suitable rheostat Ry 
and key K, as usual. Suppose 
C is the cell whose internal 
resistance, which, suppose; is 
r, is to be determined. Let 
this cell be connected through 
the galv. G and the resistance S 
: (whose function is to limit the 
LA unbalanced current) so as to 
Fig. 74(f) form the usual test circuit tak- 
ing care that the positive terminals of both driving battery B and the test 
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cell C are joined to the same binding screw B, of the potentiometer. 
The e.m.f. of the test cell C is then balanced at some point P (prefe- 
rably on the last wire by regulating the slide-wire current by means of 
the rheostat R,) when the balancing length between B, P is, suppose, 
l. Next, the test cell is shunted by a suitable resistance R whereupon, 
suppose, a current i, continuously flows through the cell. The p.d. 
between the poles of the shunted cell, which is less than the e.m.f. of 
the cell, is now balanced on the slide-wire again at some point Q when 


the balancing length /,, between B, and Q, will be less than the pre- 
vious balancing length /. 


If then E — e.m.f. of tbe test cell, and e= p.d. of the shunted cell, 


we have, Eje = l/l,, assuming the slide-wire current to remain constant 
between the two balancings. 


Now e=i,xR= a VE RAS rie 


R+r dai ern DN ! 
RES d I-1 i=l, 
or, l*g 77,3 8% rR- 4 or, r= (55). 


Expt. 5. Measurement of a low resistance by Potentiometer.— 


All resistances of the order of 1 ohm and under are classified as low 
resistances. Such low resistance may be met with in actual practice 
in ammeter shunts, lengths of heavy cables, contact resistances, arma- 
ture and series windings of large dynamos, etc. 


The principle of measuremen: 
unknown resistance a known 
auxiliary circuit through whic! 
The p.d.'s across the two resi 
Uiometer. From them the un 


t consists in adding in series to the 
low resistance of the same order in an 
h a moderately large current is passed. 
stances are then measured on a poten- 
known resistance is calculated. 


Fig. 74(g) 


[In Fig. 74(g), a low resistance unit has been separately shown on the left 
while the measuring circuit has been depicted onthe right. It should be noted 
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that a low resistance unit R is usually provided with four terminals—two heavy 
current terminals Ca and Cp and two potential terminals a and b. The two current 
terminals are connected in series to the supply circuit and the two potential termi- 
nals to the measuring circuit. When so done, the resistance measured in between 
two definite sections to which the terminals a and b are soldered and is indepen- 
dent of the end resistances which may be comparable to the resistance under test.] 

Connect the potentiometer B, B, with a battery B and a rheostat 
R and a key K, in a series circuit as shown in Fig. 74(g), right. The 
unknown resistance X and a comparable known resistance R are join- 
ed in series in a separate supply circuit (only partly shown in the 
figure) and an ample current / is passed through it such that p.d. across 
the combination is only slightly less than the p.d. between B, and By. 
The positive terminal C, of R is connected to B, to which the positive 
terminal of the driving battery B is joined which is essential as in all 
potentiometer methods. The potential terminals a & b of R and c & d 
of X are connected as shown to a four-way key K, and through a low 
resistance galvanometer G and the usual limiting resistance S to the 
sliding jockey J. 

First closing K,, close K, successively to connect a, b, c & d to 
the jocky, and find the corresponding balance points, say, a,, b,, c4 & 
d, on the slide-wire. If i is the current through the slide-wire, 
IxR-(p.)x!,, where p-resistance per unit length of the wire 
(supposed uniform), and /,-length from a, to b,. Similarly 
IxX-(pi)xl,, where l,=length from c, to d, Thus 


x/R= É jor, X 2 Rx 2 
1 1 

66. Measurement of High Resistance :— 

(i) By substitution method.—It is also a direct deflection 
method. A known resistance R, 9, 
which should be of the same order 
as that of the unknown resistance 
(R, 9 say) are alternately placed in 
a series circuit consisting of a battery 
of ample voltage E connected through 
a commutator (C), a shunted dead- 
beat type current-sensitive galvano- 
meter of known resistance G 0 and a 
two-way plug key, K, the commutator 
C being preferably of the Pohl's type 
(Fig. 75). The value of the shunt S 
is adjusted in each case such that the 
deflections in the galvanometer in 
the two cases (0; corresponding to R, 
and 6, corresponding to Ra) are 
nearly equal, but as large as possible 


hs Fig. 75—Measurement of 
within the scale. high resistance by method of 


Let E be the e.m.f. of the battery substitution. 
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and S,, the value of the shunt when @, is the .galvanometer deflec- 
tion when R9 is inserted in the circuit by plugging the suitable gap 
in the two-way key K. If 7,?, is the current now through tbe galvano- 
meter, we have, 


Sı 
I? -Ix S, 6 , 
where J is equal to the main current from the battery, neglecting the 


resistance of the battery, commutator C and key K which are very 
small compared to R,. But / } 


E 
"EE 
PUWDCU 


eo Ex(S,+G) Sy ES, 
D htt RS. + G) SiG” S, G7 Ri(Si + G) - $,G 


- mo, (say) DA i. zd) 


where m=galvanometer constant. Under the same set of conditions 
the direction of the current through the lvanometer should now 
' be reversed by the help of the commutator C. This will enable one to 
know if the zero indication of the galvanometer is stable or not, or 
whether the control spring of the galvanometer is perfectly elastic or 
not. If the difference between the two deflections is small, the mean 
of the two deflections may be taken as the value for 04. If the differ- 
ence is not small, the galvanometer is to be replaced or necessarily 


Similarly, if S, be the necessary value for the shunt when the 
unknown resistance Re Q is inserted, and the corresponding mean 
ed of the deflection for the direct and reverse currents be 0s, we 

ve, 


E,S, 
I= EELEE 7I zu ^r Uu (2) 


Dividing equation (1) by equation (2) 


Ra(Sa+G)+S:G Sı 0, 
ROOFS S 0a v m e (3) 


Since every other quantity excepting Rs is known, the latter can 
be calculated out. 
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Note: (i) If Ry is very large, no shunt may be necessa 
pis alterations in "equation (2) may in that case be rover Pree 
2" LI 
(ii) If 0, and 6, are not nearly equal, the . 
meter m will not be the same in the " en E vee 


67. Ammeters and Voltmeters :—An ammeter (for amperemeter) i 
an instrument for measuring the strength of a a in amperes a in 
decimal part of an ampere, 


Ammeters are chiefly of three types—(i) moving-coil, (ii) moving- 
magnet, (iii) moving iron types, of whet fey Mer Maie 
ondes coil type is the most common 

form for d.c. measurements and is also 
the most accurate. It is essentially a 
low resistance moving coil galvano- 
meter. 


Such an instrument a vertical sec- 
tion of which is shown in Fig. 76 con- 
sists of a coil of some turns of insulated 
fine copper wire wound on a light 
aluminium frame. The frame is fitted 
with a spindle or hardened steel which 
is in two parts, one atthe top and the 
other at the bottom, both being insu- 


lated from the frame. The outer ends, OF 
which are conical, fit into conical holes. ota native pivara moving 
in jewels (preferably sapphire) which Coil Galvanometer. 


form the bearings. The jewels are set 

on two fixed brass sockets L ahd L'. The two ends of the coil are 
attached, one at the top and the other at the bottom, to the two parts 
of the spindle which can freely turn on the bearings. Two oppositely 
wound ligat springs H and H’ of phosphor bronze attached to the 
upper and lower parts of the spindle at one end and to the terminals 
T, T’ at the other, act as the lead-in wires for the instrument. The 
motion of the coil in either direction is controlled by the springs. The 
coil is situated between the two poles N and S of a permanent horse- 
shoe magnet whose pole pieces are cut into concave shapes leaving a 
vertical cylindrical air-space in between [vide Fig. 76(a)]. So the field 
is made radial ; it is. again intensified in the coil by placing a cylindri- 
cal soft-iron core D, (Fig. 76) in the air gap within the coil co-axially 
with the coil, but without touching it. A t pointer P (Fig. 76(a)] 
fixed at right angles to the plane of the coil moves overa graduated 
scale. us it is a double-pivoted moving-coil galvanometer of low 
resistance, provided with an indicating pointer. 


When the instrument is used as an ammeter (Fig. 76 (a), the two 
terminals, A and B, are shunted with a suitable low resistance which 


- 
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determines the maximum value of the current through the instrument. 
Fig. 76(a) gives a plan of the instrument. 


Fig. 76(a)—Principle of Fig. 76(b) —Principle of moving-coil 
moving-coil Ammeter. Voltmeter. 

When the instrument is used as a voltmeter, the low resistance 
shunt is removed and a suitable high resistance R is put in series 
with the galvanometer coil [Fig. 76(b)] and this resistance determines 
the range of the instrument. The scale is directly graduated either in 
amperes or in volts, the zero of which generally begins from the left end. 

When a current passes through the moving coil, a deflection propor- 
tional to it is produced, which is indicated by the pointer P over the 
graduated scale. 

The scale is graduated by comparison with some standard instru- 
ment. This process of comparison is known as calibration. 


Ammeters area Iways placed in a current circuit in series and that is 
"why the resistance of the instrument should be very small in order thatit 
may not appreciably change the strength of the current in the circuit. 


A Voltmeter—an ordinary type of which resembles an ammeter 
in appearance—is an instrument for measuring the difference of poten- 
tial between any two points of an electric circuit [Fig. 76(b)]. "The 
difference between an ammeter and a voltemeter is that the moving coil 
C in the voltmeter itself is of high resistance, or it is connected in series 
with a high resistance R while the resistance of the coil in an ammeter 
is low. So a moving-coil voltmeter is essentially a high resistance moy- 
ing-coil galvanometer of the type described above. It is always placed 
in parallel with the main circuit, the two terminals A,D [Fig. 76(b)] of 
the voltmeter being connected with the two points of the circuit, the 
potential difference between which is to be measured, and, as it is 
placed in parallel conection (vide Fig. 77), the current Passing through the 
anstrument is very small and so the current in the main circuit ispractically 
unaltered. The P.D. under measurement, therefore, is also not affected. 
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THEORY OF VOLTMETER 


If C be the strength of the current flowing between two points in 
a circuit before completing the voltmeter circuit, the P.D. between the 
points is Cr by ohm’s law, r being the resistance between the two points. 
Now when the voltmeter is joined across the portion of the main circuit 
having resistance r, it taps off a part of the main current, though a 
very small party say C,. Then the current flowing through the main 
circuit is (C— C,) and the P.D. between the points is(C— C,)r. This 
shows that any current C, passing through the voltmeter causes a dimi- 
nution Cır of the P.D. originally existing between the two points, and 
thus the P.D. measured by the voltmeter will be smaller by C,r than 
the actual P.D. Cr, which existed between the points before the volt- 
meter was connected up. Now, if the resistance of the voltmeter be 
very great in comparison with r, the current C,, flowing through the 
voltmeter, will be so small that it may be neglected in comparison with 
C (which may thus be taken to be unchanged), and so the P.D. between 
the, points becomes practically equal to Cr. 


The deflection of the voltmeter is proportional to the small current 
flowing through it, and this is by Ohm’s law, proportional to the P.D. 
between the points with which the terminals are in contact. Hence, 
if the voltmeter be already calibrated to measure P.D. directly in volts, 
the position of the pointer over the graduated scale of the instrament 
gives the P.D. between the points. 


The scale of ammeters may be graduated to read directly in amperes, 
mili-amperes («55 of an ampere), or micro-amperes (1/109 of an 
ampere)—the instruments being called ammeters, milli-ammeters and 
micro-ammeters respectively. 


Similarly, there are voltmeters, milli-voltmeters and micro-voltmeters. 


68. How to use a Suspended-coil Galvanometer as an Ammeter 
era Voltmeter and to change the range of the latter instruments :— 
In order to use a sensitive moving-coil galvanometer as au ammeter, 
a short thick wire should be joined across its terminals to allow 
only a small fraction of the current through the coil of the galvano- 
meter, the major portion of the current passing through the thick 
wire (vide Art. 55). The galvanometer should then be calibrated in 
comparison with ‘a standard instrument. In fact, all ammeters are 
fitted with a low resistance shunt, placed in parallel with the coil first 
to protect the moving-coil from excessive currents by using only a small 
fraction of the current under measurement, and, secondly, to reduce the 
equivalent resistance of the instrument to a very small value 50 that it 
can be safely included in series in a circuit without appreciably changing 
the strength of the current. 

By having suitable different shunts, the ammeter can be used for a 
very wide range of current strengths (vide Art. 55). 

For example, Jet us suppose that the maximum current allowed to 
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pass through a given ammeter is 0*1 amp., and that the instrument is 
to be used up to 10 amps. i.e. the range is to be increased 100 times. 
For this a shunt S is to be joined across the terminals of the ammeter 
so as to allow .%9, of the main current to pass along S, and 3, to pass 
through the instrument. So the resistance of the shunt should be y, 
of the resistance of the ammeter, as explained in Art. 55. 

Again, fo use a galvanometer as a voltmeter, a high resistance 
should be added externally to the galvanometer in series. The calibra- 
tion ,of the instrument should then be effected by comparison with a 
‘standard voltmeter. 


A voltmeter may be modified so as to measure voltages higher than 
its maximum scale-reading by connecting an additional resistance in 
series to it and this is commonly called a multiplier. 


The combination is then used as the new voltmeter and is placed 
across the higher voltage. Now let R=resistance of the criginal 
voltmeter designed for maximum voltage V and R’, the resistance 
of the multiplier required to change the range to V’. If i is the 
current through the voltmeter corresponding to voltage V, then 
i- V|R. So in order that the same maximum deflection may now 
result when the combination resistance (R+ R’) is placed across V’, 


AES must equal i. Thus the condition to be fulfilled to change ihe 
R4R SES 5 
range from V to V’ is, 

Y IV’ 

prin VIR R); or, R'={y-1)R 

That is, to change the range n times, 


we have R’=(n—1) R for ros 


‘For example, to change the range of a voltmeter from a maximum 
of 5 volts to 10 volts, the multiplier resistance R’ will be equal to 
(2—1)R, ie. R i.e. same as that of the unchanged voltmeter. 


Similarly, if the same instrument be required to read up to 50 volts 
R'—9R, i.e. nine times the resistance of the instrument should be 
added up in series. 


69. A.C. Ammeters and Voltmeters:—The type of instruments 
called the hot-wire instruments, may be used as ammeters or voltmeters 
not only in d.c. circuits but in alternating current circuits also. They 
are now-a-days mostly used as indicating instruments in radio-circuits 
only, i.e. in high frequency circuits. In ordinary power circuits where 
the frequency used is either 50 c/s. or 60 c/s. a type of commercial 
instruments, ammeters as well as voltmeters, known as moving iron 
instruments, may be used with advantage although other types of 
instruments, dynamometer type (for both d.c. and a.c.) and more parti- 

.cularly what are known as the induction type, are also- available for the 
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purpose. The advantages ofthe moving iron type are its simplicit: 
M cost aag the fact that there is no a into the priy 
element. e accuracy attainable in such inst i 

pe ire instruments is of the order 


If an ammeter or voltmeter whose deflecting torque is proporti 

to the current passing through it is used on = FR webs 
acting on the moving system being alternating the moving system 
will tend to oscillate about the zero position and if the frequency 
of alternation is high, it will fail to follow the alternations and no 
deflection of the moving system will be observed. If the torque’ is 
proportional to the square of the current instead, the deflection will be 
independent of the direction of the current and will be proportional to 
the mean value of the square of the current (if spring control is used) 
and such instruments can be used for indicating the r.m.s values of 
alternating currents or voltages. 


Moving iron voltmeter.—There are two types of these i 
attraction type and the repulsion type. A ety dubdén d Sod OPE 
‘later type has been made by the Weston Electrical Instrument 
Company, based on the principle of magnetised iron, using light iron 
vanes jewelled bearings, double spring control and air damping (a light 
ut vane attached to the turning spindle moving in a closed 
air space). 


A small cylindrical strip of soft iron M ed co-axiallv 
spindle which turns freely on jewelled Penis consi tien cre 
iron .(Fig. 77). A light aluminium pointer fitted with a counter 
weight is rigidly fixed to the spindle 
and moves horizontally on a scale 
placed below it. A second piece of 
cylindrically shaped soft iron strip 
F tapering towards one end and 
with a larger radius than M is fixed 
within a cylindrical coil. The coil 
is wound with fine wire and has a 
high resistance connected to it in 
series. When the terminals of this 
coil is connected between the two 
test points in the line, the current 
through the exciting coil is propor- 
tional to.the test voltage. When the 
current flows, both the iron strips 
become magnetised. The upper edges 
of both the strips will develop the i 
same polarity and the lower edges the ig. 77 
same opposite polarity. Repulsion wiil. therefore occur between the 
upper edges and also between the lower edges. Under this action 
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the spindle will tend to turn against the controlling torque of the two 
springs. The pointer attached to the spindle moves thereby over the 
graduated scale and indicates the voltage. The instrument is calibrated 
by comparison with an alternating current standard. 


Moving Iron Ammeter.—This ammeter operates on the same 
principle as the moving iron voltmeter. The magnetising coil in the 
ammeter is wound with only a few turns of thicker wire rather 
than with a large number of turns of fine wire as used in the 
voltmeter. The coil is placed in series with the line carrying the test 


current. 


70. Measurement of electrical energy :— 


Introduction.—Power may be defined as the rate at which 
energy is transformed or made available. The power P in a circuit 
(d.c. or a.c. af any instant equals the product of the current (in 
amps.) J in the circuit and the p.d. (measured in volts) V across its 
terminals at that instant. In a d. c. circuit, if the current and voltage 
are constant, the average value of the power, which equals the instanta- 


neous value, P=E/ watts. Hence with the help of a voltmeter and an’ 


ammeter the powerin a d.c. circuit can also be readily determined 
from the product of their readings. Alternatively if the circuit resis- 
tance R is known, the power may be computed from one of the 
equivalent formulae, P-E*[R-I*R. A single instrument, a d.c. 
wattmeter, can replace the ammeter and the voltmeter for the 
direct determination of the power consumed. In a.c. circuits the 
average value of the power involves not only the virtual values of 
the current and the voltage in the circuit but also a correction 
for the phase angle between them ; for instance, in a single phase 
a.c. circuit, the average value of the power is given by P=EI cos €, 
where E and | are the virtual values of voltage and current respec- 
tively in the circuit and ¢ is the angle of phase difference between 
them, cos ẹ being known as the power factor of the circuit. Obviously, 
an ammeter and a voltmeter by themselves are not enough for 
the measurement of power inan a.c.circuit unless an arrangement 
can simultaneously be made for the measurement of the phase angle. 
Even if an additional instrument, a phasemeter or power factor meter 
is used, the method is not accurate enough. This is due to the 
fact that the value of tbe current measured by an a.c. ammeter 
actually refers to a complex wave containing harmonics in addition 
to the fundamental whereas these harmonics do not usually appear 
in the voltage wave and consequently contribute nothing to the 
value of the power so that the average value of power calculated 
from the product of voltage, current and power factor may 
be misleading. On the other hand, an a.c. wattmeter indicates the 
true value of EJcos $, whatever be the form of the current and the 
voltage waves. 
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The measurement of electrical energy involves not only tbe rate 
of energy supply (power) butalso the length of time for which this 
rate of supply is continued, or in other words it is the time integral 
of power. Actually the supply meters or energy meters do not indi- 
cate power directly. Their registrations, for the same amount of energy 
supply, are always the same whatever may be the instantaneous power. 


When electric power is generated or consumed the commodity 
which is sold is electrical energy, the time integral of power. If 
the time interval is measured in seconds, the p.d. in volts and the 
current im amperes, obviously the unit for electrical energy will be 
volts x amps. x secs. or watt-secs. (~joules). If the unit of time is 
the hour, the energy unit is the watt-hour. The practical commercial 
unit for metering energy is the kilowatt-hour (kWh) (-1000 
watt-hour.) 

Energy meter.— There are several types of energy or supply 
metre. Amongst them only the motor meters are mostly used 
now-a-days. These meters may be for use in d.c. circuits or a.c. 
circuits according to the type of construction. The induction type 
motor meter is the most popular device for use in a.c. circuits. A.C. 
energy meters will not be described here. Motor meters for d.c. cir- 
cuits may be either ampere-hour or watt-hour meters. The moving sys- 
tem in these meters continuously rotate as energy is consumed in the 
test circuit. The speed of cotation is proportional to the current in the 
circuit in the case of an ampere-hour meter. The number of rotations 
in any given time is proportional to the quantity of electricity supplied 
in that time. The registrations of the meter are converted to watt- 
hours by multiplying by the voltage, supposing the latter to be cons- 
tant. In practice, the meters are calibrated to read directly in kilo- 
watt-hours.at the declared supply voltage. So the consumer loses if 
the supply voltage fails and gains if the supply voltage rises. In the 
case of the watt-hour meter, the number of rotations ina given time 
is proportional to the energy supplied. A meter employs a counting 
mechanism comprising a train of toothed wheels to which the axle of 
the rotor system is geared. The description and principle of action of 
a Ferranti Meter which is a mercury motor meter of the ampere-hour 
type are given below. 

Description.—The meter essentially consists of a thin amalgamated 
copper disc, called the armature, mounted at the base of an axial 
spindle pivoted and working in jewelled cup bearing [Fig. 77(a)]. 
Near the top of the spindle there is a worm cut in it which engages in 
the gear wheels of a counting mechanism. 

The armature disc rotates horizontally in between the pole-pieces 
of a pair of cup-shaped permanent magnets one acting as the 
driving magnet and the other as the braking magnet. The 
two magnets are provided with pole-pieces fitting into two circular 
brass-plates (not shown in the figure) The boundary between 


Vol. IJ (C. E.}—8 
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the two brass plates is closed by a fibre ring so that the plates 
and the ring together form a closed box. The armature disc rotates 
within this box which is otherwise filled with mercury. The current 


Spindte Driving magnes 
P Copper disc 


Broke magnet 


Current ia 


Fig. 77 (a) 


enters the armature disc, through mercury, at its right-hand boundary 
edge, flows radially to the centre of the disc where it travels down 
through the spindle, mercury and the jewel bearing and comes out 
from the box. To compensate for the fluiid friction when the disc 
rotates in mercury, the braking and driving m iagnets have two horizon- 
tal iron bars placed across them, one of ther i being above the mercury 
chamber and the other below it. The lower bar has a few turns of à 
compensating coil wound on it and it is iri series with the load linc. 
Its magnetic field strengthens the field of the driving magnet while it 
weakens that of the braking magnet, and thus compensates for the 
fluid friction. The use of jewelled) bearing reduces the friction be- 
tween the spindle and the bearing. Moreover, the upthrust of the 
mercury on the armature disc makes the bearing pressure very small 
and so no compensation is necessary for bearing friction. b 


Principle of action—Refer to Fig. 77(a). As the load current J 
enters the armature disc, the motor action between it and the ticld 
ofthe driving magnet which ;s perpendicular to it gives a driving 
torque which makes the armature disc rotate in the direction shown 
in the figure (Fleming's left-hand rule). Due to the rotation of the 
copper disc which cuts the magnetic field ($) of the braking magnet «t 
right angles, a current į is induced in it in the direction shown in 
the figure (Fleming’s right-hand rule). The interaction between this 
induced current and the magnetic field ẹ of the braking magnet gives 
rise to a torque in a direction opposite to the driving torque. This 
constitutes the controlling or braking action. When the driving torque 
Ta, equals the controlling torque To, the armature disc rotates at a 
constant speed N. 
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Now the controlling torque T, « $7. Wy e=‘nduced voltage and 


r = resistance of the induced-current path, we have i= . 
r 


T, «fe, 
r 
Again induced voltage, e « & N. +. Tx +N, 
r 
At steady speed N, Ta= Te. .. PPE eu 
r 


or, N « ir x Td). If then rand + are constant, N T4. But 


T3 = I, the load current. 


<. Nel. That is, the speed of the disc is proportional to the 
load current. So the number of revolutions of the disc in a given 
time is proportional to the time integral of the current. Since 
the voltage between the terminals of the load is supposed constant 
the numbér of revolutions registered by the counting mechanism 
will be proportional also to the product of the voltage and the time 
integral of the current, i.e. to tbe energy consumed in the given time: 


71. Method of connecting Ammeters and Voltmeters.—It 
should be remembered that an ammeter, should always be put in 
series in the circuit, and the voltmeter should be put in parallel 
between the two points whose difference of potential is required. 
This will be clear from Fig. 77(5), where the ammeter A reads the cur- 
rentin amperes flowing through the circuit, and the voltmeter V 
measures the potential differ- 
ence between C and B, the 
battery circuit being comple- 
ted through a key. 

Remember.—In a galvano- 
meter, the coil may turn in 
clockwise or anti-clockwise 
direction according to the di- 
section of the current, but in 
ammeters and voltmeters the 
current must flow in a parti- 
cular direction only,and hence, 
when introducing d.c. amme- Fig. 77(5) 
ters and voltmeters in a circuit, particular care should be taken to 
see that the binding screw marked (+) is always joined to the higher 
potential terminal side of the battery so that the current enters the 
instruments at the terminal marked (+ ). 


72. Resistance of an Incandescent Lamp by means of Volt- 
meter and Ammeter:—The resistance of the filament of an electric 


. 
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lamp can be determined by a P.O. Box when the filament is cold, but 
this method is not suitable when the filament is hot, in which case the 
following method is adopted. In Fig. Tib) put the lamp between B 
and C and send sufficient current through the lamp so that the fila- 
ment becomes incandescent and gives out light of the rated luminous 
intensity in C.P. for which it is designed. Now take readings of the 
voltmeter and the ammeter. If the voltmeter reading is V volts and 
the ammeter reading is A amperes, then, by Obm’'s law the resistance 
R of the filament when incandescent, will be given by, R= V/A ohms. 

It is quite relevant here to consider and discuss the order of 
resistances and current consumptions of the ordinary electric lamps 
and also those of low power lamps used for special purposes, e.g. 
torch, lamps, etc. 


The rated C.P. of a lamp depends primarily on the wattage con- 
sumed. For the same C.P. the wattage consumed by lamps of different 
makes varies depending on design and produce. For same durability 
the lower this wattage, the better the lamp succeeds commercially. 

Now wattage consumed=i* xr, where i=current consumption 
in amps. and r — resistance of lamp in ohms, = v*/r, where y= impressed 
voltage. Thus for a3-watt 3 volt circuit lamp (usually operated 
from dry batteries), we have wattage =3= v*/re 3*|r ; r=3 ohms ; 


and ae el amp. ; whereas, for a 60-watt, 220 volt lamp 

(operated from house mains) we have, re =807 ohms approxi- 
220 3 $42; 

mately, and i “Hit 0:27 amp. (approx.). 


73. Resistance Thermometers :—With the rise of temperature, 
the resistances of pure- metals are found to increase. It is on 
this principle that the resistance thermometers are constructed. The 
most commonly used resistance thermometer is the platinum resistance 
thermometer. The platinum in a standard resistance thermometer 


must be properly annealed and should be of such purity that Bue 

o 
is greater than 1-3910. For very low temperature measurements, 
lead resistance thermometers are very often used. Below the freezing 
point of antimony (630°5°C) up to the oxygen-point, platinum resis- 
tance thermometers are generally preferred to other types of tempera- 
ture measuring devices for their inherent accuracy. On the high 
temperature side they may be considered reliable up to 1200°C. The 
advantages which the resistance thermometers have over other thermo- 
meters may be given as follows :— 


(1) Resistance thermometers have higher inherent accuracy with- 
in the range of their use. 
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(2) A greater distance between the bulb andthe measuring arrange- 
ment may be used than is possible with other types. 

(3) The range over which they give accurate result includes also 
the room temperature, whereas their rivals, the thermocouple 
thermometers scarcely give comparably accurate results. 


For the construction of resistance thermometers, the metal should 
be so chosen that the temperature coefficient of its resistance is high. 
The two other requirements that surpass the above criterion in impor- 
tance and dictate the metal that is to be used are (1) the reproducibi- 
lity, and (2) the constancy of resistance at a particular temperature. 
The metal that satisfies all the above requirements is platinum. 

Platinum Resistance Thermometer.—Callendar showed that in a 
restricted range the resistance of pure platinum changes with Celsius 
gas temperature 8 according to the relation, 

R6 - Roll + «0 80?) E dis as (1 
where Ro and Ro are the resistances of the specimen at °C and 0°C, 
respectively and « and are two constants, characteristic of the 
specimen. 

If, however, we assume that the resistance varies linearly with the 
temperature t, such that the resistance Rs at that temperature is 

R, = R,(1+ «t) Se Ms (2) 
then the temperature as measured on the basis of relation (2) is term- 
ed the temperature on the platinum resistance scale. It is denoted by fy. 


Now, if Rio. be the value of R at steam-point (100°C) and the 
interval between Ri. and Re be divided into 100 equal parts, i.e. 
Ryo 7 Ro(1 +< . 100) 


From relations (2) and (3), the equation for the unknown tempera- 
ture tp can be deduced, which gives, 

M Ra. x 100 id T (4) 
where Rioo— Ro is the fundamental interval. This fundamental inter- 
val for ordinary laboratory type of instruments is about | ohm. It 
may, however, be even as high as 20 ohms in special types. 

This temperature tp on the platinum resistance scale differs from 
that on the Celsius gas scale (6). With the help of relation (1) and 
(2) Callendar deduced an expression for the difference :of these two 
temperatures as given by, 


E E E A als 


where 5 is a constant for the specimen used. It is commonly 1-5 in the 
ordinary laboratory type of platinum resistance thermometers. T 

value of 6 changes with the purity of the specimen. Instead of solving 
the above quadratic equation for 0 when fy is known, 0 can be more 
conveniently obtained by the method of successive approximation as 


illustrated in the worked-out example No. 3 at the end of the chapter. 
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A platinum resistance thermometer (Fig. 78) consists of a properly 


annealed pure platinum wire doubly wound on a thin 
mica sheet (m) or on a mica former. This doubly wound 
wire is essential for avoiding the inductive effect. The 
ends of the platinum wire are attached to either copper 
leads (up to 700°C) or platinum leads (for higher 
temperatures). These leads and the mica sheets are 
enclosed in a hard glass or porcelain tube, the air inside 
which should be free from moisture. In addition to the 
above leads pp of the thermometer, an exactly similar 
pair of leads cc, called the compensating leads, with their 
lower ends joined are placed very close to pp in order 
to compensate the resistance of the leads pp. The 
leads, pp and cc, pass through holes in a series of mica 
sheets placed inside the tube as shown in the figure. 
This avoids the possibility of contact between the leads 
inside. The tube is fitted with a non-conducting cap at 
the top of which are fitted four binding screws. Two of 
them, PP, are connected to the thermometer leáds and 
the other two, CC, to the compensating leads cc. 


Fig. 78 


Callendar and Griffith’s bridge 
is taken. To set up such a bridge 
take a P.O. box and a metre 
bridge and connect them :as 
shown in Fig. 79, where P and Q 
are the ratio arms, r the 3rd arm, 
and AB the metre bridge wire. 
The 3rd arm is 'extended up to 
the slider contact point M through 
the compensating leads C,C of 
the pt.-resistance thermometer by 
two connecting wires vf equal 
length //2, shown inserted between 
d and C, and A and C. The 
terminals PP, of the thermometer 
are joined to B and e by means 
of two exactly similar connecting 
wires as before. The path from 


M through PP upto e will then. 


constitute the fourth arm. To 
find out R experimentally, first of 
all, screws PP and CC are short- 


circuited by two short connecting wires, 
to unity and the null point M is obtai 


wire at different tem; 
case may be), a modified Wheatsto 


To measure the resistance R of the thermometer 
peratures (0, 100° and £°C as the 
ne’s bridge, generally known as the 


€ 


ron 


Fig. 79 
the ratio P : Q is made equal 


ined at a distance /, from the 
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left end A of the wire, without any resistance in th istance 
This is the electric mid-point. Now the short-circuiting teh 
removed and putting a resistance r in the third arm, the null-point is 
v obtained, Say. im a distance x to the left of M, If p be the 
resistance per unit len, of the stretched wi i- 
Go D s ERE f wire, at the balanced condi. 
P rtIt(l;—x)p 
Q R«l*(100—/, + x)p 
But P/Q =l and as /, is the distance of the electric mid-point. 
Ip (100—1,)p 
Again, R+1+(100—/,)p + xp - r Lc lp —xp. 
Hence Rer—2xp, 
To find p, alter r by 1 ohm and find the new balance point which, 
suppose, is at a distance x, to the left of M. Then Rer—2xp—(r+1) 


1 
—2x,p ; whence PTXx =x) 


Thus knowing, p from this auxiliary experiment, R at any tempera- 
ture can be found. So determining Ro, Ryo at 0°C and 100°C. respec- 
tively and Rs at the unknown temperature, t, can be found from rela- 
tion (3). Then substituting t, in place of @ in the right-hand express- 
ion of relation (4), the value of o on the left-hand side of the expres- 
sion can be found. This 6 is then substituted on the right-hand and a 
more accurate value of @ is obtained. By this method, known as 
the method of successive approximation, ultimately a fairly constant 
value of 0 is obtained after a few steps of succession. This 9 is the 
actual value of t, in Celsius gas scale. 

In actual experiments the stretched wire and the fixed resistances 
in the bridge must be sufficiently away from the heating source as 
otherwise the continuous change of resistance due to heating will 
make the null-point somewhat unsteady and actually troublesome for 
accurate determination. Moreover, due to the current flowing 
through it, the wire will also be heated. This is best avoided by 
placing the bridge arrangements in a thermostat. The lead wires 
connecting PP and CC to the bridge should be of equal length taken 
from the same sample. The thermo-electric e.m.f. in the leads should 
be eliminated by taking readings with direct and reversed currents. 
The resistance in series with the battery should be sufficient compared 
to the resistances put in the bridge so that an alteration of these 

* resistances by 1 or 2 ohms does not materially alter the current through 
the thermometer wire. It is usually so chosen that the current 
through the thermometer wire does not exceed 10 milliamps. Platinum 
thermometers have usually a fundamental interval (R,,, — Re) of about 
1 ohm which makes the ice-point resistance R, about 27 ohms. If 

the bridge wire has a resistance of 2 ohms or above, it will be possible 


to obtain 2 or 3 null-points using different values of r. 
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Platinum resistance thermometers are in some respects more 
convenient than other types of thermometers. First, they may be 
used over a wide range of temperature. Secondly, the accuracy obtained 
is very high. With certain modifications tempratures can be measured 
correctly up to 0:002°C. within the range—190°C to 600°C. Thirdly, 
it is very convenient to measure the average temperature of a large 
volume. Fourthly, the temperature records are exactly reproducible. 


But as the thermometer is rather of a considerably big size, it 
cannot be used to measure the temperature of a particular point. 
Moreover, it is rather a costly instrument because highly pure platinum 
is necessary for itsconstruction. If the temperature to be recorded 
be unsteady and rapidly varying this thermometer cannot yield 
reliable results because it needs some time to take up the temperature 
of the surroundings on account of the low thermal conductivity of 
the sheath covering the thermometer and the high thermal capacity 
of the thermometer wire itself. 


Examples—/. 4 galvanometer gives a full-scale deflection with a current of 
0:01 ampere, and has got a resistance of 10 ohms, How would you use this 
galvanometer, 

(i) as an ammeter reading up to 10 amperes ? 

(ii) as a voltmeter reading up to 10 volts ? 

Ans. (i) The maximum current allowed through the galvanometer is'0'01 
ampere ; so in order to use it as an ammeter reading up to 10 amperes we must 
use a shunt of low resistance which will carry (10—0°01=9°99 amperes. If S be 
the resistance of the shunt, we have, 

BY 
001 71015 (vide Art. 55) ; or, 001 (10+5)=10S; ~. 5-333 ohm. 
t 1 

So, by using a shunt of 39:3 ohm with the galvanometer, it can be used as an 

ammeter reading up to 10 amperes. 


(i) In order to use the galvanometer as a voltmeter [Art. 68] reading up 
to 10 volts a resistance R’ should be joined in series with the galvanometer of 
resistance 10 ohms ; so the voltage across the total resistance of (R'-- 10) ohms will 
be d volts. The ient passing trough me galvanometr, and also through R’ 
is the same i,e. 0'01 ampere. Therefore, m’s law, we h ta ^ 
—10; or, 001 8^4-01—10. rm NS Wages 

12:93 : 
R= 001 =990 ohms. Thus the required resistance is 990 ohms. 


2. A certain current measuring instrument has got 50 scale divisions and ready 


0005 amp. per scale division. The instrument which has a resistance of 25 ohms , 


is to be used for measuring volts. Calculate the resistance which must be used 


pases with the instrument in order that ranges of 1 to 50 and 2 to 100 can 
read. 


Ans. (i) | scale division indicates 0005 ampere, but i indi 
volt so we have, C=E/R, or, 0005—1/R ; .-. MO anne: faisse: | 


-. Resistance to be joined in series=200—25=175 ohms 
(ii) For the second range, we have, 0:005—2/R , or, R=400. 
s Required resistance —400— 25— 375 ohms. 
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3. If 2:57 ohms, 3:53 ohms and 2°89 ohms be the resistances of a platinum 
thermometer at 0°C., 100°C and in a bath at t°C., calculate t (a) on the platinum 
scale and (b) on the Clesius scale assuming 5— 15 for platinum. 


Ans. : 


o 
dex 100—33:3 on the platinum scale. 


Again, t ts-t[ (100) — gg] - 1 t3 33312 —3 nearly. 


SS 1=33°3~°3=33°C. correct up to the first order of approximation. 


74. George Simon Ohm (1786—1854):—He was born at 
Erlangen in Germany, son of a master mechanic. While a teacher 
of Physics and Mathematics, 
first at Realschule in Ham- 
burg, and later at the Gym- 
nasium in Cologne from 1813 
to 1827, he did important 
researches on the influence 
upon the current strength of 
the resistances introduced into 
an electric circuit. This is 
expressed as the Ohm’s law. 
He was far ahead of his times 
in the concept of the depen- 
dence of the current strength 
upon the nature of the cir- 
cuit. The true recognition 
came to him many years after 
while he was at the Nurem- 
burg polytechnic. He was then 
called to the Munich Univer- 
sity as Professor of Physics. It 
was hère where he died—a 1 
bachelor. The practical unit of resistance has been named Ohm in 
honour of him. 


75. Sir Charles Wheatstone (1802—1875):—He was born at 
Gloucestor, England, in the family of a musical instrument-maker and 
had inherited profound interest in the study of acoustics. While 
Professor of Experimental Physics at King's College, London, he set 
up a few clectrical circuits to transmit signals and codes from one 
place to another and this improved the science of telegraphy conside- 
rably. The Stereoscope, the Typewriter, the Rheostat, the Wheatstone's 
Bridge for measurement of resistance, Electric clocks, etc. bear eloqu- 
ent testimony to his prolific talents as an inventor: 
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1. Define volt. ohm and ampere, (C. U. 1929) 
2. What are the practical units for, (a) E. M. F., (6)current, (c) resistance 
and (d) charge ? (U. P. B. 1947 ; G. U. 1949 ; Utkal, 1950) 
3. Distinguish clearly between an electromotive force, and a potential 
difference as applied to a cell. (Pat. 1931, '32 ; M. U. 1932) 
4. Define the absolute units of current, potential difference, and resistance 
and obtain the practical units from them. Name the instruments by which each 


is measured and describe any of them. (C. U. 1934) 
5. How does the current delivered by a cell differ from that delivered by 
a static machine ? (C. U. 1936) 


6. Define electro-static unit quantity of electricity and name some experiments 
that go to show that electricity obtained by friction is similar in nature to the 


electricity obtained from a Voltaic cell. (Pat. 1939) 

7. One gm. of copper wire is drawn into a wire (a) 1 cm. thick, (5) 2 cms. 

thick. Compare their resistances. 4 (All, 1926) 
{Ans.: 16: 1] 

8. Explain what you mean by the term 'Resistance of an electric circuit. 

~How would you compare two resistances in the laboratory ? The terminals of a 


battery of E.M.F., 4 volts and resistance 3 ohmsare connected by a wire of 
resistance 9 ohms. Find the current strength. 


[Ans.: amp.) 
9. Three wires, each of 60 ohms resistance, are arranged in parallel and 
connected to a battery of 10 Leclanche’ cells in series, each cell having an E. M. F. 


of 1'4 volts and a resistance of 222 ohms. Calculate the P.D. across the battery 
terminals and the current in each wire. (Utkal. 1948) 


[Ans. : 20/3 volts ; 1/9 amp.] 
10. Two cells having a resistance of 2 ohms and E.M.F. of L'5 volts are 


connected in series to the binding screws of galvanometer having a resistance 
of 6 ohms. Find the current through the galvanometer. (C. U. 1920) 


[Ans.: 0:3amp.] 
TODA uniform wire 4 meters long and of resistance 6 ohms per metre is bent 
into the form of a square ABCD. The adjacent corners 4 and B are connected to 


a battery of E.M.F. 3 volts and internal resistance 4 ohms. Find the curreht 
along AB. (Utkal, 1947) 


[Ans. : 9/34 amp.] 
12, An electric circuit contains a tangent galvanometer which gives a 
deflection of 45°. When, however, an additional resistance of 5 ohms is put in the 


circuit, this defiection is reduced to 30*. Calculate the total resistance of the 
circuit in the first instance. (Pat. 1926) 


[4ns.: 6820hms.] 
13. State: Ohm's law, and show how it provides the definition of electrical 
resistance. (Pat. 1926) 


14. A cell, which has an E.M.F. of 1'5 volts on open circuit and the 
internal resistance of which is 2 ohms, has its terminals joined by two wires of 
4 ohms and 10 ohms placed in parallel. Find the current in each wire. 


[Ans.: C,—022: C,,=0°09] (Pat. 1937) 
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_ 1%. A battery made up of five Bunsen cells, each of E.M.F. 1-8 volts and 
internal resistance 0-2 ohm, has its terminals joined by two wires, A and B joined 
in parallel, their resistances being 6 ohms and 3 ohms, respectively. Find the’ 
strength of the current in each wire. (G.U. 1949) 
[4ns.: A, 1 amp. ; B,2amps.] 
16. Find the resistance of a battery which on open circuit gives an E.M.F. of 
6 volts and which, when producing a current of 2 amps., has a P.D. of 4 volts 
between its poles. (Pat. 1946) 
[4ns.: i ohm.] 
17. State Ohm's law. Show how you will verify it. 
(C, U. 1910, '11, "I8, 20, '25, °36, '39, '52 ; Pat. 1918, '19, 20, 25, '27, 
"28, '35, 43 ; Dac. 1932 ; All. 1923, '25, 26, 28, °32, '46 ; Utkal, 1947). 
18. The E.M,F. of a battery is 18 volts and its resistance is 3 ohms. The 
P.D. between its poles when they are joined by a wire A is 15 volts, and it 
falls to 12 volts when A is replaced by another wire B. Find the resistances of 
A and B. (Pat. 1948) 
[Ans:: 15 ohms and 6 ohms.) 
. 19. Five lamps, each of 10 ohms resistance, are joined in parallel. Current 
is sent through the combination by a battery through an ammeter of resistance 
"2 ohm. The battery is of 20 volts and internal resistance 0°3 ohm. What 


02 
current will the ammeter indicate ? What will be the current through each lamp ? 
(C. U. 1952) 


[Ans:: 8 amps.; 8/5 amps.] y 

20. Two wires of resistances 3 and 2 ohms respectively are connected im 
parallel. The combination is then connected in series with a third wire of 
resistance 4 ohms. When the circuit is. completed with a battery, the main 
current is 0'5 amp. Calculate the terminal voltage of the battery, as well as its. 
E.M.F. The internal resistance of the battery is 0*8 ohm. 

(U. P. B., 1948 ; Utkal, 1950) 

[Ans.: E.M.F.=3 volts ; terminal voltage 2:6 volts.{ 

21. State Ohm's law and explain its meaning as carefully as you can. Apply 
the Jaw to prove that the conductance of a number. of coils in parallel is equal 
to the sum of the conductances of the coils separately, and explain how the 
relation can be verified experimentally. (Pat. 1930 ; cf. 1946) 

22. Find the internal resistance and E.M.F. of a battery if the terminal P.D. 
is 285 volts when giving a current of 1 amp., and 27 volts when giving a current 
of 2 amps. 5 (Utkal, 1951) 

[Ans.: 1:5 ohm ; 30 volts.] 


23. Describe and explain the principle of action of the ‘Resistance ther- 
mometer,” . (Pat. 1947) 


. 24. State and explain the difference betw:en a large and a small Daniell cell 
-in respect of (i) E.M.F., and (i) resistance. (Pat. 1938) 


25. State, in general terms, on what the E. M.F. of a.cell depends. 
(C. U. 1919) 


26. How would you arrange 30 celis in each of which the resistance is 5 
ohms, so as to send the most powerful current through an external circuit of 


6 ohms resistanze ? 
{Ans.: 5 rows, each row containing 6 cells:] 


27. A battery of 10 cells joined in series yields a current of i ampere when 
the external tesistance is 10 ohms and a current of 0'6 ampere when the external 
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resistance is 20 ohms. Find the E.M.F. and the internal resistance of the cells 
(these being the same for all). (C. U. 1911) 


[A4ns.: E.M.F.=1°5 volts. r—0'5 ohm.] 


28. Explain the terms ‘in series’ and ‘in parallel’ as applied to a voltaic 
battery giving diagrams. (C. U. 1930) 
29. A battery of 5 similar cells is connected with a rheostat and a tangent 
galvanometer of resistance 20 ohms, all in series. When 100 and 190 ohms are 
successively used in the rheostat the galvanometsr records deflections of 60° and 
45° respectively. Calculate from the data the internal resistance of a single 
cell. (Pat. 1939) 
[Ans.: 0:59 ohm.) 


30. A number of cells are given to you; how would you arrange them in 
order to supply the Jargest amount of current in a circuit of known external 
resistance ? (C. U. 1926) 

31. A cell having an £.M.F. of 2 volts and a resistance of 0:5 ohm is connected 
up with three lengths of wire having resistances of 1, 2, and 3 ohms respectively, 
the wires being in series. Find the difference of potential between the ends of the 
middle wire. E (C. U. 1930, '51 ; Dac. 1924) 

[Ans.: 9°615 volt.] 


32. (a) Explain the laws of resistances in series and resistances in parallel. 


(G. U. 1950) 

(b) Des:ribe and give the principle of a stretched wire pot^ntiometer. Show 
how you would use it to compare E.M.F.s of two cells. (R. U. 1951) 
33. State Ohm’s law and „apply it to find the equivalent resistance of a system 

of conductors joined, (a) in series, and (b) in parallel. (Pat. 1941) 
34. Prove the law of parailel resistances. How would you verify this 
experimentally ? (Pat. 1947) 


Ten cells, each of £.M.F. 1'5 volts and internal resistance 0:3 ohm. are joined 
in series to form a battery. The terminals of the battery are joined by resistances 
of 20 ohms and 30 obms in parallel. Find the current passing through each 
resistance. 

[Ans.: C,,—0'6 amp. ; C,,—0'4 amp.] 

_ 35. A galvanometer of 40 ohms resistance is shunted by a shunt of 5 ohms. 
Find the combined resistance of the shunt and the galvanometer. Find also thc 
current which flows through the galvanometer when a battery of 20 volts and 
an external resistance of 10 ohms are connected in series. (Dac. 1933) 


5 
[ ans. . R=% ohms; Co= B amp. ] 


36. A circuit contains a shunted galvanometer. If C be the current in the 
main circuit, G the resistance of the galvanometer, S that of the shunt, prove 
that the current through the galvanometer, a-s : 

A certain galvanometer of resistance 10 ohms is shunted with a resistance of 
2 ohms and the current through the galvanometer is 01 amp. What additional 
shunt must be applied to the instrument so that the current through it may be 
0°01 amp., the main current remaining constant ? (Pat. 1937) 

{Ans.: 0:185 ohm] 

37. If a shunt is to be applied to a galvanometer of resistance 20 ohms so that 


only 175 of the total current passes through the galvanometer, what must be the 
resistance of the shunt ? (Pat. 1930 ; R. U. 1952) 


[ Ans. : gom] 
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38. Explain the use of shunts. "What is the resistance of a shunt which, 
when joined to a galvanometer of resistance ‘g’ will cause 1/n of the total current 
to flow through the galvanometer ? (Pat. 1944) 

[Ans.: gi(n—1) ohm] 

39. A galvanometer.of resistance g ohms is shunted with a resistance of : 
obms. Find the value of the compensating resistance to be put in the circuit so 


that the main circuit remains unaffected. (Nag. U. 1952) 
{Ans.: g—(gsig+s) ohms] 
40. What is a shunt and what is its use ? (C. U. 1950) 
Give the full theory of galvanometer shunts. How can you make use of the 
theory to alter the range of a given ammeter ? (M.B. 1952) 


41. Give the theory of the Wheatstone's Bridge method of measuring resis- 
tances. (C. U. 1909, ’12, '26 ; Pat. 1918, '20, ’34; All, 1929 ; U. P. B, 1948) 
Explain how you will use it to find the specific resistance of a wire. 
(All. 1929, 45 ; U. P. B. 1948 ; cf. 22, 726 ; Pat. 1940) 
42. If the resistance of a wire of length 120 cms. and diameter 0:4 mm. is: 
found to be 2:5 ohms, what is the specific resistance of the material ? 
(Pat. 1920) 


[Ans. : 9 262x 10-* ohm. cm. (approx.)] 
43. Describe one form of Wheatstone's Bridge and prove the formula 
employed when using the bridge to measure a resistance. (cf. Pat. 1945, '46) 
44. Discuss the theory and describe the practical arrangement of comparing 
two resistances by a Metrc-bridge. 
(C. U. 1927, '45, '51, '53 ; All. 1921, "25 ; Dac. 1922) 
45. Describe the construction of the Post Office Box and explain the principle 


upon which its working depends. Draw à diagram showing the connections in 
an experiment with it. (Pat. 1929 ; cf. All. 1916 ; C.U. 1933) 


46. What is an ammeter? How is it used? How does it differ from a 
voltmeter ? (AH. 1924; cf. 1929, '44 ; A. B. 1952) 


ibe how you could convert a galvanometer into an ammeter or a voltmeter 
of any desired range. x (R. U. 1949) 
47. Give a brief account of (a) a voltmeter and (b) an ammeter. 
(C. U. 1932 ; Pat. 1944) 
48. How do you convert a 100-ohm galvanometer, reading up to 120 micro-- 
amperes, into a voltmeter reading up to 24 volts ? 
[Ans. : Adding 4 resistance of 19,900 ohms.] 


CHAPTER V 
Thermal Effects of Electric Currents : 
Thermo-Electricity 


76. Work done by a Current: Joule’s Law :— When a current 
flows through a wire of some appreciable resistance, the. wire is 
heated. The heating is due to the work done by the current in over- 
coming the resistance to the flow of electricity. So the heat is pro- 
duced at the expense of electrical energy. It has already been 
stated (Art. 46) that unit work is done in carrying unit quantity of 
electricity between two points differing in potential by unity, 
Suppose a current of strength C passes along a wire of resistance r. 
Let E be the potential difference between the two ends of the wire 
and Q units of electricity is conveyed through it jn time 7 seconds 
(both being measured is C.G.S. electro-magnetic units) ; then the work 
done, 

W-EQ ergs= EC! ergs ^ O=Ci)=C?rt ergs (^ E=Cr, by 
Ohm's Law). Pat: 

ere C and r are expressed in C.G.S. units. ese are expres- 
sed Ha practical units, "ben C-amperese C x 1071 C.G.S, units and 
r ohms er x 10° C.G.S, units. : 

2 Wem (Cx 1077)? x rx 107? x gm C*rt 107 ergs. 

if H be the amount of heat generated, and J the mechanical equi- 
valent of heat 


W-JH 
3 jJ! *rt x 107 5 
E gc "OD. 2 K a calories (^. J—4:2 x 107 ergs 
LI 
per calorie) = CRT calories 024 C*rt calories... ts (1) 


Note,—The heating effect of electric current is utilised for 
lighting purposes in incandescent filament lamps, arc lamps, electric 
iron, etc. 

- 77. Joule's Law of Generation of Heat :—Dr. Joule of Manchester 
enunciated in 1841 the following law, known as Joule’s Law, regrading 
generation. of heat in a conductor carrying electric current, The law is 


in conformity with the expression given by equation (1) of the preced- 


ing article. The law states that, 


(i) the amount of heat generated in a conductor in a given 
interval of time is proportional to the square of the current to which 
it is due, 

Le. HaC? when r and t are kept constant. 

Since the beating effect is proportional to the Square of the current, 
it is. independent of the direction ofthe current. Direct current and 
alternating current of the same eflective (or virtual) value will produce 
the same effect. s 
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(ii) the amount : of heat generated by a given current in an interval 
of time is proportic mal to the resistance of the conductor, 


ie. Her, when C and t are kept constant. 


(iit) the amount of heat generated in a given conductor b; jven 
current is proportior tal to the time for Which the current panei 


ie. Het, when C and r are kept constant. 


78. Determinatiou of J :—The value of the mechanical equi- 
valent of heat J cain be determined by an electrical method in the 
following way :— 

Expt—A calorimeter with a stirrer S is taken (Fig. 80). The. 
calorimeter contains a quantity : 
of some suitable liquid in which $ 
is dipped a coil of fine manga- 
nin wire W (say, of resistance 
r) the two ends of which are 
connected to the two binding 
screws, B and C, which are fixed 
on an insulating lid placed on 
the calorimeter. Thecircuit con- 
tains a battery D, a rheostat R, 
an ammeter A, and plug key 
K in series with the heating 
coil W, and the connections are E 
made as in Fig. 80. A sensitive R " } 
thermometer T, tbe bulb of Fig. 80—Joule's Calorimeter. 
which should be immersed in the liquid, is introduced in the calori- 
meter. The voltmeter V reads the potential difference between the 
ends of the coil W. j 

The initial temperature of the liquid, is read. Then the current 
is started, the strength of which is adjusted by means of the rheostat 
and its value C is read from the ammeter. The current is allowed 
to pass through the circuit for a known interval of time t- The liquid 
is stirred and the final temperature of the liquid in the calorimeter for 
time t is noted. 

Calculation.—Let m= mass of liquid of specific heat s ; 0, « initial 
temperature of liquid ; 6, = final temperature of liquid : w= water equi- 
valent of the calorimeter and stirrer ; then, 

the amount of heat developed H= (ms-& w)(84 —8,J. 


We have, JH - C?ri x 107, <, J(msctw/(04—0,) - C*rt x jO* : 
vert Wis 
Or? J^ (nse w)(9s — 61) f 
79. Experimental Verification of Joule’s Law :—(i) The 


amount of heat generated in a conductor (of resistance r) in a given 
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time is directly proportional to the square of the strength of the current 
flowing in it, i.e. H C?, when r and t are constant. 


Take the same apparatus as shown in Fig. 80, Put a known quantity 
of some oil in the calorimeter, note its temperature, and pass a curt- 
ent stirring the oil all the time. Take the rise in temperature 8;* C, 
after passing the current for, say, 10 minutes, and read the ammeter to 
know the strength of the current. Let it be C,. Now increase the 
strength. of the current to C, by suitable adjustment of the resistance 
R, and note the rise in temperature 02°C, after an equal interval of 


time as before (i.e. 10 minutes). It will be found that + - 
2 


But, as the water-equivalent of the calorimeter and its contents 
remains the same, the amount of heat produced is proportional to the 
rise in temperature, which again will be proportional to the square of 
the current strength as shown above. For example, if the strength of 
the current is doubled (i.e. Ca = 2C,), the rise in temperature and hen- 
ce the amount of heat produced will be 4 times the previous value 
a e 40,. Thus it is verified that the amount of heat produced. 

e B 

( The amount of heat generated by a given current m a given 
interval of time is directly proportional to the resistance of the conduc- 
ter, i.e. Hær when C and t are constant. 


Take two coils having different resistances ry and ra. First perform 
the above experiment with one of the coils having resistance r, placed 
in the liquid of the calorimeter, and note the rise in temperature. Now 
replace the first coil by the second coil of resistance, and proceed as 
before adjusting the strength of the current to be the same by means 
of the rheostat R. If 6, and 0, be the respective rises in temperature 
"1. But 


2 


of the liquid in the above cases, it will be found that ¢ = 
2 


Hæð. So, Hær. 


(iii) The amount of heat generated by a given current in a given 
conductor is directly proportional to the time during which the current 
flows, i,e., H«t ; when C and r are constant. 


Take. the temperature of the oil at equal intervals of time, say 
every minute, in experiment (i) above. It will be seen that tbe 
temperature of the liquid rises uniformly, i.e. by equal amounts in 
equal intervals of time. This verifies that, H = t. 

80. Effect of Current on the Resistance of a Conductor :— Tie 
effect of current on the resistance cfa conductor may be better explain- 
ed by taking an illustration. Suppose we have a chain made of alter- 
nate links of silver and platipum wires ef the same diameter. When a. 
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current from a battery is seni through the chain, the platinum wires 
will glow brightly while the silver wires will remain dull. The same 
current passes through each wire, but the specific resistance of 
platinum being six times that of silver, the heat developed in the 
platinum wires is greater than that in tbe silver. 


Again, if a current from a battery is sent through a long piece of , 
platinum wire so that the wire glows feebly, and if a part of the wire 
is dipped in a beaker of cold water, then the rest of the wire will glow 
brightly. This is due to the fact that the resistance of a metal wire 
decreases when cold, so the cold part of the wire reduces the total 
resistance of the circuit, which again increases the current and thus 
produces more heat. 


The thinner the wire the hotter it becomes when a given current 
passes through it, because its resistance is greater, and the surface, 
from which heat can be radiated, is smaller in this case in comparison 
with a thicker wire. 


The fact that when a current passes through a resistance, the heat 
produced (and so the loss of energy) which is proportional to the square 
of the.current, has to be carefully considered when transmitting electric 
power. Thick and therefore cosily conductors are needed in order to 
avoid undue heating of the wire which produces a wastage of energy. 
So it is much cheaper to transmit electric power as a small current at 
a high voltage than.as a large current at a low voltage (vide Ch. 1X). 


Examples.—/. The ends of a coil of 50 ohms resistance are connected to a. 
voltmeter reading 05 volt to a division. The coil is immersed in an oil of 


negligible heat capacity. (Pat. 1927) 
Ans. We know, Ho-C'rt (C and r are expressed in C.G.S. unit) ; 
or, JH=C?rt, where J=Joule’s equivalent and is equal to 4:2 x 10" ergs. 
If C and r are expressed in practical units, 
C*x107* xrx JO:xt. C'rt calories: 
s 42x10" 42 
Lf m be tbe mass of the oil, the amount of heat produced, 
H=mx02x 20 cals. 
‘The potential differencs of the two ends of the wire is 12x0:5—6 volts. 
(ip)? x 50 x 15x 6o. 
42 f 


H= 


H 6E . Hence mx02x20- 
ird Current... 35 amp. 
whence m= 38°57 grams. 


. An electric copper kettle weighing 1000 gms. holds 1800 gms. of water. 
Teen of 5 amps. at 200 volts passes through the Ácttle. Calculate the 
fime taken by water fo reach boilisg point Jrom 20°C. (Sp. ht. of copper is 0-1; 
J--42x 107 ergs).: 

VOL. II (C. E.)-9 
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Ans. We have, Jh - ECt ergs (Art. 76). 


ECt Exi0*xCx1i07 xt ls. — FO cals, 


D GRE fy og) PEU 

Hence, H= (1000: 0:1-- 1800) (100— 20)— 1900 80 — 152,000 cals. 

. , 42x152000 42x152000 _ 19 min. 38: 

^ D— kgEC Oo -^ 300x5 10 min. 38:4 seconds. 

3. ABCD is a network of resistances 5, 8, 7 and 16 ohms taken in order. A 
battery of 299 volts is connected between A-and C. Find simple numbers which 
will represent the heat generated in AB, BC, AD and DC. (Pat. 1932) 

Ans. Draw the diagram. The resistances AB, BC, CD and DA are 5, 8,7 
and 16 respectively. When the battery is joined between 4 and C, the resistance 
of the branch ADC- (164-7) or 23 ohms, and that. of the parallel branch ABC= 
(5--8) or 13 ohms. If C, be the current flowing in the branch ABC, C4,- 209,13 
(Ce the PD of A .and C= 29:9 volts) —2:3 amps. and if C, be the current flowing 
jn the branch ADC. C,=299 [23— 13 amps. à 

XM H be the amount of heat generated by a current C flowing in any conductor 
of resistance r for time ? secs. H «0:24 x C?rt calories (Art. 76). 

(v If H, ha H, and H, be the number of heat units generated per sec. in 
AB, BC, AD and DC respectively, we have, 

H,-024x (2:3) x 5—6:348 calories. H,=0°24 x (23)? x 8 = 10.1568 cals. 

H.-024- (1:3) x 7=28802 calories. H, = 0°24 x (1:3) x 16= 64896 cals. 

81. Electrical Work : Energy : Power : 

Electrical Work.— Electrical work is said to be done when a 

flows onder a potential difference. When a C.G.S. unit charge 
flows under a P.D. of E (C.G.S. units), the work done is E. Therefore, 
when Q charge flows under a P.D. of E, the work W= Q x E (C.G.S. 
units) = charge x pot. diff. = (current x time) x pot. diff. 

Unit of Electrical Energy.—The practical unit of work or energy, is 
the joule which is the work done when | coulomb of charge flows under 
a potential difference of 1 volt ; that is, the joule is the electrical energy 
supplied to a circuit when a current of one ampere flows for one second 
under a potential difference of one volt. 

s. 1 Joules10 + x 10* = 107C.G.S. units of work (or ergs). The 
mechanical equivalent of heat, 

J=4:2 x 107 ergs per calorie = 4-2 joules per calorie. 

Power.—Power is the rate at which an agent does Work, i.e. it is 
the work done by an agent per unit time if the work is done uni- 
formly. If Q charge flows under a P. D. of E in time t, the power 

QxE 

t 

Unit of Electrical Power.—The practical unit of electrical power 
is known: as the watt, which is the power expended when one ampere 
of current flows under a P.D. of one volt. Hence, ` 


Power (in watts) = Volts x Amperes. 


= CE, where C(=Q/f) is the current strength. 
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1 watt —1 volt x 1 amp. per sec. = 107* x 10° ergs per second 

= 107 ergs per sec. = 1 Joule per sec. 

1 Kilowatt = 1000 watts. 

The Commercial Unit of Electrical Energy.—The watt-hour is 
the electrical energy supplied to a circuit for one hour when the 
power is one watt (i.e. 1 volt x1 amp.) but for commercial purposes 
astill larger unit is used, which is the energy expended in an electric 
circuit at the rate of one kilowatt for one hour and is known as 
one kilowatt-hour (abbreviated as, kWh) of energy. It is the legal unit 
chosen by the Board of Trade and is known as the Board of Trade unit 
(B.O.T. unit) by which the consumption of electrical energy is measured 
and charged by the Electric Supply Companies. 

.'. Number of kWh (or B.O.T.) units M Beute 

(volts x amps.) x hours 
M 1000 


1 kWh-1000x60x60 watt secs. =3,600,000 joules - 36 x 10* 
joules. 
82. Relation between Horse Power and Watts :—The Engineer- 
ing unit for power is called one Horse-Power (H.P.) 
1 H.P. = 33,000 ft.-Ibs per minute= 550 ft.-Ibs per sec. 
= 550 x 30:08 x 453:6 x 981 ergs per sec. 
= 746 x 107 ergs per sec. = 746 joules per sec. 
= 746 watts (^1 watt = 1 joule per sec.) = 0746 kilowatt. 
83. Hot wire instruments :—The elongation produced in a 
metallic wire, when heated by an electric current, is utilised in 
these instruments, In a hot-wire 
ammeter, as shown in Fig. 80 (a) 
the current to be measured flows 
along a fine wire W (usually of 
platinum-iridium alloy and of 
about 0:1 mm. in diameter) which 
is stretched horizontally and 
pulled downwards at its mid- 
point by asilk thread stretched 
by a spring S of phosphor- 
bronze. The thread passes once 
round the roller R and the roller 
carries a pointer) P which moves 
over the scale E. The roller 
carries also a light aluminium 
disc (not shown in the figure) . 
which moves with it between Fig. 8a) 


the poles of a permanent horse- — — 
shoe magnet. This device, by its inertia effect and by virtue of the 
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eddy currents induced in it which react with the permanent field giving 
rise to an opposing torque, serves to damp the movement and protect 
the heating wire from sudden jerks or excessive stress. When a current 
passes through W, it grows warm and expands. As the spring pulls it 
down (producing a sag), the roller turns and the pointer moves over a 
scale. The wire W is provided with end-screws A & B by adjusting 
which the pointer can be set to the zero of the scale. The scale is cali- 
brated by noting the points on the scale to which the pointer turns 
when known currents like 1 amp., 2 amps. etc. are passed. In single-sag 
instruments, the pointer movement is due to a sag in one wire only, as 
in Fig. 80(a), there are two-sag instruments as well, where a single-sag 
caused by thermal expansion of one wire is utilised to produce a greater 
sag in a second wire (which is insulated from the first) and thereby the 
deflection of the pointer is enlarged. The range of these instruments 
can be increased by using suitable shunts. A hot wire voltmeter is 
similar in construction as above, but has a high resistance added in 
series with the expansion wire. 

The main advantage of these instruments is that they can be used 
to measure alternating currents also, for the beating on which the work- 
ing of the instrument depends, is independent of the direction of the 
current. These instruments are widely used for high frequency alterna- 
ting currents used in 1adio circuits. Their use for direct currents is too 
limited, more accurate instruments of other types being available. The 
scale of such an instrument will betoo crowded towards the lower 
values, and more expanded at the higher values, because the indication 
depends on the square of the current. 

The instrument is calibrated by passing known direct currents. 
When used in an alternating current circuit, it reads the effective 
(otherwise called the virtual or root mean square) value. This latter 
quantity is defined to be that steady current which produces the same 
heating effect per unit time as the alternating current under test does- 
(vide Chapter IX). ‘ 

Examples.—/. Calculate the time required to boil a litre of water which is at 
25°4°C., the available energy being at the rate of | H.P. 

Ans. Heal required to raise the temperature of ! litre (1000 c.c.) of water 
through (100—25:4) or 74:6*C.—(1000 x 746) 74600 calories. 

But 1 calorie is equivalent to 42x 107 ergs or 42 joules. 

s» The electrical energy equivalent to 74600 calories is 74600 x 4:2 joules, 

The rate of available energy —1 H.P.— 746 joules per sec. 


^ Time required— LS :seconds- 7 minutes, 

2. Agenerator produces current at 220 volts, but owing to the resistance in the 
eable leads the available voltage in a station is only 210, where a motor is working 
hei £f ar 2 penei E (6) s power of the generator in (i) KW., 

.P.; (b) the power taken by the moior in K.W.; h 7 
the leads ; (d) the resistance of the leads. Y ade E it 

Ans. (a) Power in watts= volts x amperes, 

ee Power of the generator— 220x 20 watts = (220 x 20)/1000 K.W. 

=44 K.W. ; aud (220x 29)/746 H.P.=59 H.P. (approx.). 
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(b) Power taken by motor==(210 x 20)/1000-- 4:2 K.W. 
(c) Energy wasted in leads (220—210) voltsx 20 amp. 200 watts. 
i „P.D. between ends. 220—210 10 

(d) Resistance of leads RSCG ET T Wed 29795 ohm. 

3. The lighting of a village requires 40 amps. at 200 volts, This is supplied by 
«€ dynamo in a distant town, developing a P. D. of 220 volts. Find (i) the gie 
ef the mains from town to village; (ii) the number of B:O.T. units consumed in 
10 hours in the village ; (tii) the number of B.O.T. units wasted in the mains in the 
same time. (U.P.B. 1948) 

Ans. (i) Fall of P.D. in the mains=220—200=20 volts» resistance of the 
mi. us current in the mains resistance x 40. .% Resistance of the mains 20/40 
=m! 0! " 


(ii) B.O.T. Units consumed in 10 hours= 


200x 40x 10 
1000 80 kWh 
(220—200) x 10x 10 
1000 248 kWh 
(For applications of Heating Effect of Electric Current vide Ch. VIIT). 


THERMO-ELECTRICITY 


84. Seebeck Effect : Thermo-couple: In 1821 Seebeck observed 
that if two wires of different metals were soldered together at their 
ends so as to form closed circuit, then, on heatingone of the junctions. 
a current flowed round the circuit, i.e., the heat energy is transformed 
into electricity. This phenomenon is known as the Seebeck effect. 
"The current is called Thermo-current, and the pair of metals combined 
in this way is called a thermo-electric couple or simply a thermo-couple 
and the two different metals forming the coupleare called the elements 
of the thermo-couple. As current can only be due to an E.M.F., an 
E.M.F., acts round the couple when the two junctions are at two 
different temperatures. Such an E.M.F. which is responsible for the 
thermo-current in a couple is called a thermo-E.M.F. Experimenting 
with various metals Seebeck arranged fe 
several metals in a series, called the po id 
thermo-electric series or Seebeck 
series, given below, such ihat when Current. 
any pair of them is used, the current : x 
flowed through the cold junction Fig. 81—Thermo-couple 
from the metal which occurs earlier in the series to that which occurs 
later in the series. Thus, in an iron-copper couple (Fig. 81), the cur- 
rent flows from iron to copper through the cold junction, the position 
of iron in the Seebeck series being earlier than that of copper. 


(ii) B.O.T. Units wasted in the mains-- 


Thermo-electric Series " 
(1) Antimony (4) Gold (7) Platinum 
(2 Iron (5) Lead (8) Nickel 
(3) Silver (6) Copper (9) Bismuth, 


The more distant are the two elements in ‘the thermo-electric series, 
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the larger is thermo-electric current for a given difference of tempera- 
tures between the junctions of the couple. As current is due to an elec- 
tromotive force, it is evident that the thermo-E.M.F. acting round the 
couple depends upon the nature of the elements and also upon the 
difference of temperatures of the junctions. 


It is to be noted that introduction of a third metal in the circuit 
does not affect the Z.M.F. acting round a thermo-couple provided both 
the junctions of the third metal with the couple are at the same 
temperature. This makes it possible to insert a measuring instrument 
iu the circuit of the couple. 


$5. Variation of Thermo-E.M.F. with the Temperature :—It is 
interesting to know how the E.M.F. in a thermo-couple changes 
with the temperature difference between its junctions. Let us 
consider the iron-copper couple of Fig. 81, where, suppose, the cold 
junction is kept at 0°C., i.e. in melting ice, and the temperature of 
the bot junction is gradually increased. The nature of variation of 
the E.M.F.is shown in Fig. 82. It will be noted from the curve that 
by gradually increasing the temperature of the hot junction, the 
E.M.F. attains a maximum value Ey», at a certain temperature f, of 
the hot junction after which the £.M.F. diminishes and gradually 
becomes zero. If the temperature is further increased after the temper 
rature ¢; of the hot junction at which the E.M.F. is zero, the E.M.F. 
is reversed in direction, and the current begins to flow in the opposite 
direction. The temperature of the hot junction at which the E.M.F. 
for a couple becomes a maximum (Em) is called ihe neutral tempera- 
ture (fn), it being different for different couples ;the temperature at 
which the E.M.F. reverses in direction is called the temperature of 
inversion (5;). For an Iron-Copper couple the maximum E.M.F. is 
about 3 milli volts (mv). 
the neutral temperature 
about 275°C, and the 
temperature of inversion 
about 550°C, (vide Fig. 
2 82). The curve is nearly 
| bees T a parabola ; for most of 
other pairs of metals, 
the nature of variation 
is almost similar. Ifthe 
temperature of the cold 
junction is other than 
tj OC, the E.M.F. that 
:300 $00 will be developed can be 
Fig. 82—Variation of E. M.F. for Fe-Ci le Mensa rugis wame 
eo - M.F. for Fe-Cu coup! curve by shifting the 
i , With change of temp. of hot junction. temperature of the cold 
junction r* along the curve, as shown in Fig. 82. 


100 200 1,300 406 
MUS 
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86. The working theory of a thermo-couple :— 5 
For a thermo-couple, the relation between the thermo- E.M.F. 
E and the temperature difference 9 between the junctions is given 
by E= a6 +69", 
where a and b are constants the values of which depend on the 
elements used as well as on the range of temperature. If one junction 
is kept at a constant temperature of 0°C., the above relation reduces 
to the form, E =at + bt? E b Aer ex (1) 
where f°C, is the temperature of the other junction. , 
.[The thermo-E.M.F. E, is small amd is, therefore expressed in 
micro-volts. "The change of this E.M.F. per degrec change of temperature of the 
hot junction at a given temperature of hot junction is known as the thermo-electric 
power of the couple at that temperature and is expressed in micro-volts per °C 
at that given temperature. The thermo-electric powers of standard couples over 


a wide range of temperatures have been by the National Laboratories 
of the world and are available in the form of and charts.] 
How to evaluate a md b — " 


The constants a and b may be determined by keeping one junction 
of the couple at 0°C. and the other junction successively at two known 
standard temperatures f,°C, and f,°C, and measuring the resulting 
E.M.F.'s, E, and E,. 

Now, E, = at, + bt;*, & E; ats + bts*. 

Su a= (Ets * — Esh”) fts (t — 6). 
& Ets — Es 7 
htallı— ta) 

Knowing a and b in this way, an unknown temperature(t) of the 
hot junction may be determined, from equation (1) given already, by 
measuring the E.M.F. E developed with one junction at 0°C, and 
the other at the unknown temperature t°C. 

87. Peltier Effect :—In 1834 Peltier found that when an 
electric current is passed through the junction of two dissimilar 
metals, the junction is either heated or cooled, depending on the 

irection in which the current flows. This is known as the Peltier 
fect. Evidently, the Peltier effect is a converse to the Seebeck effect. 


Fe 
Heat 
EE evolved ) 
y Cu 
(a) (6) 


Fig. 83 
The rule about evolution and absorption of heat is. thaf the 
junction, which on applying heat sends the thermo-electric current 
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in a certain direction, absorbs heat when & current from a cell is 
sent through it in the same direction. If the current is sent in the 
Oppcsite direction, heat is evolved at the junction. Fig. 83(a), 
illustrates a Cu-Fe couple in which, on application of heat at a 
junction, current flows from Cu to Fe across that junction. Fig. 83(5) 
shows that in the same couple, on sending a current from a battery 
from Cu to Fe, heat is absorbed at that junction resulting in a fall of 
temperature. 

Explanation of Peltier Effect.—This phenomenon has been ex- 
plained by supposing that there exists an E.M.F. (called the Peltier 
£.M.F.) at the junction of two dissimilar metals. The magnitude of 
this E.M.F. is proportional to the temperature of the junction, and 
its direction for a given couple is fixed. For example, in a copper- 
iron couple the E.M.F. is directed from copper to iron. That is 
why, when a current is passed through this couple, cold is produced 
at the junction when the current passes from copper to iron, i.e. in 
the direction of the Peltier E.M.F. and heat is evolved at the other 
junction when the current passes in opposition to the Peltier E. M.F. 


The Peltier coefficient for a thermo-junction is an E.M.F. for 
tbe junction whose measure is given by the work done in joules when 
one coulomb of charge passes across the junction. Its value depends 
on the temperature of the junction and the nature of the two metals, 


89. Thomson Effect :—When a current is passed from a battery 
through a thermo-couple, heat is evolved or absorbed not only at 
the two junctions (Peltier effect) but also along the two elements 
forming the couple. On reversing the direction of the current, the 
effect is also reversed. This remarkable effect was discovered by 
= William Thomson (Lord Kelvin), and is known as the Thomson 

fect. 


This has been explained by supposing that there acts an E.M.F. 
along a conductor in which a temperature gradient exists. In some 
metals the direction of the E.M.F. is from the hot to the cold end, 
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in iron this E.M.F. acts from the parts of higher to those of lower 
temperature, while in copper the E.M.F. acts n the part of lower 
o those of higher temperature. Due to the existence of this E. M.F. 
heat will be either evolved or absorbed in the conductor depending 
on the direction of the current. 


The Thomson Coefficient for a homogeneous metal is defined 
as the E. M.F. that exists between two points of it differing in tempera- 
ture by 1°C. For copper and most metals, the Thomson E. M.F. 
as already pointed out, is directed from lower to higher temperature 
witbin the conductor, when the Thomson Coefficient is said to be 
positive ; whereas there are a few metalslike iron, nickel, cobalt, 
platinum, bismuth, etc. in which the E.M.F. is directed in the metal 
from points of higher to those at lower temiperature, for which, cases 
ihe Thomson Coefficient is said to be negative. For lead, the 
Thomson Coefficient is practically zero and this is why this metal is 
often used for thermo-electric purposes as a reference metal. 


90. Practical Applications of Thermo-electricity :—The small 
E.M.F.s developed in thermo-couples are widely used in practice 
for the (1) measurement of temperatures over a wide range, viz. from 
a very high (near about 2000°C.) to very low (near obout—240°C.) 
temperatures ; (ii) detection of radiant heat; (iii) measurement of 
weak alternating currents, etc. : 


91. Measurement of Temperature by  Thermo-couple :— 
This method i« applicable to a wide range of temperatures. In the 
equation, E«at- bt*, the values of a and b, in this method, are first 
determined by measuring the E.M.F., E for two successive known 
tempratures as explained in Art. 86. Usually the cold junction is 
kept at a constant temperature, say that of melting ice (or that of 
the room), and the other junction is placed successively at two stan- 
dard temperatures which are known. The E.M.F. may be measured 
by an accurate milli-voltmeter, or more precisely by the potentiometer 
method after calibrating the latter with a standard cell (Fig.84). Whena 
and b will thus be known of the couple, the unknown temperature t 
can then be determined by measuring the E.M.F., E that will be 
produced when the hot junction is placed at the unknown tempera- 
ture source. Solving the above equation, there will be two values 
for the unknown temperature of which one value will be absurd, and 
the other is to be accepted as the unknown temperature. 


At first the potentiometer is calibrated with a standard cell (Weston- 
Cadmium), so that 0:5 cm. length of the potentiometer wire indicates 
1mV(107*V). A thermo-couple (say Cu-Fe) is connected with the poten- 
tiometer as shown in Fig. 84. The high voltage terminal of the thermo- 
couple is connected to 4 and the low voltage terminal to the jockey 
through a two-wav key, T, and a sensitive galvanometer jn series. Then 
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determine the null-point by adjusting the jockey, and let / be the length. 
of the potentiometer wire. So, the potential drop for (^C of the hot 


2 volt 
Accumulator 


PE EE] 


| 


te 


et 


junction of the thermo-couple = dz mV. Thus the unknown tempera- 


ture ¢ can be determined. 
A graph may be” plotted by changing the temperature of the hot 
junction of the thermo-couple. 
High temperature measuring instruments based on this method are 
called thermo-electric pyrometers. 
Thermo-electric pyrometers are available as direct reading instru- 
ments. They are widely used for industrial purposes such as for 
the mesurement of temperature of furnaces etc. The instrument 
consists simply of a suitable couple connected to a-milli-voltmeter 
whose scale is directly marked in degrees. One junction ofthe 
couple is protected and is at the temperature of the room, while the 
other is inserted into the furnace. The ranges of some suitable couples 
used in commercial instruments are indicated below— 
Copper—Constantan a} —100°C to 500°C. 
Iron—Constantan n .—100*C. to 800°C. 
Chromel—Alumel iy) O°C. to 1100°C. 
Platinum—Platinum Rhodium (90 Pt., 10 Rh,) 600°C. to 1600°C. — 
92. The Thermo-pile :—This instrument works on the principle of 4 
thermo-electricity generated by radiant heat. The original form of the .! 
instrument, which is due to Nobile, comprises a number of small rods. 
of two dissimilar metals usually Antimony and Bismuth, alternately join- 
ed in series in a zigzag way in the form of a pile, as shown in Fig. 85 
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Each of the junctions is well soldered while the 

are carefully insulated. The two free aapt parte of Mainil 
ends of the series are connected to two 

binding screws between which a m 
sensitive galvanometer is placed. The AE A 
combination, therefore, is a number of 

thermo-couples, joined in series, in 

orden 2 pri the total E.M.F. like 

that of a battery of cell connected in ig. 85—' D" 
series. Moreover, the combination is oaths il otic E: 
usually made in the form.of cube, and the alternate junctions of the 
series are on the opposite faces 4 and B, of the cube. The front face 
A which. is turned towards a source of heat is coated with lamp black 
to absorb radiant heat as readily as possible. The cube is enclosed in 
a brass casing having a conical mouth-piece around the front face A 
by which radiant heat is collected. Antimony and Bismuth are used 
in order that for a given difference of temperature between the two: 
faces of the pile, a comparatively large E. M.F. may be obtained. 


This instrument is very sensitive to even a small difference of 
temperatures between its two faces. It is used to detect radiant heat. 
It is very commonly employed for the measurement of solar radiation 
and the comparison of the distribution of heat energy in a spectrum. 
It can be calibrated by check observations to record directly the diffe- 
rence of temperatures between the two faces of the pile. : 

93, Measurement of Alternating Current by a thermo-electric 
ammeter:—The current to be measured is passed through a wire to 
which is soldered one junction of a thermo-couple, and the other junc- 
tion is completed through a sensitive galvanometer. The current pass- 
ing through the wire heats the junction and the small E. M.F. develo- 

d due to the difference of temperatures between the two junctions: 
deflects the galvanometer. This deflection is used to indicate the current. 

94. Fleming's Thermo-miliammeter.—It is a sensitive form 

p of ammeter suitable for measuring small 

CRM TR currents, both d. c. and a.c. and was 
devised by Sir J. A. Fleming. The 
instrument consists of an evacuated 

* glass bulb L in which a fine constantan 
wire AB is situated and in the middle 
of the wire is soldered a junction of a 
Tellurium-Bismuth couple the terminals 
of which can be joined, in an experi- 
ment, to a low resistance galvanometer 
G (Fig. 86). When a test curreht I 
is passed through the constantan wire, 
Ftg. 86 the wire is heated by Joule heating.and 

the junction of the couple acquries the temperature of the wire. As a 
result, a thermo-current passes through the galvanometer which shows. 
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a deflection proportional to the temperature difference in the couple, the 
latter being proportional to the square of the current traversing the - 
constantan wire. So the deflection is proportional to the square of the 
test current. Since the deflection is proportional to the square of the 
test current, the instrument is suitable for both d.c. and a.c. If the 
deflection is previously calibrated in terms of known currents, say, d.c. 
the instrument may be subsequently used as an ammeter for measure- 
ment of both d.c. and a.c. In practice the instrument is suitable only 
for small currents of the order of milli-amperes, since heavy currents 
are likely to damage the sealings in the bulb when tFe heating is large. 
This is why the instrument is described as a milli-ammeter. 


95. Sir William Thomson, First Lord Kelvin (1824—1907) :— 
He was born in Belfast, Ireland in 1824. He was of Scottish- 
Irish descent. His father was an erudite Professor of Mathematics. He 
and his younger brother, James Thomson, received their early educa- 
tion in the University of Glasgow. His father noticed a mathematical 
genius in him and sent him to Cambridge where he entered St. Peter's 
College at the age of seventeen. He passed as a second wrangler, but 
later in a more severe test stood first in Smith's Prize Competition. 
He then went to Paris to work in Regnault's laboratory where classi- 
cal determinations of physical constants were then carried out. In 1846 
be came again to Glasgow as Professor of Natural Philosophy. He 
made the first major contribution to science, when upholding Carnot's 

; on the Heat Engine, 
he defined the ^ absolute 
(or the thermodynamic) scale 
of temperature. To arrive at 
his ideas he experimented, in 
conjunction with Joule, on the 
thermodynamic properties of 
air and other gases and found 
that thermodynamic scale agre- 
ed fairly well with air and other 
gas thermometers which agreed 
also with each other. He is the 
joint discoverer of what is 
known as Joule-Thomson effect 
in gaseous expansion. From his 
thermodynamic investigations 
he announced in 1852 his doc- 
trine of dissipation of energy. 
The doctrine is that during tra- 
nsformation of one form of 
Lord Kelvin . energy into another form, a cer- 


tain amount of energy is always ' : 


rendered unavailable for further useful application. He eventually 
(pointed to the gradual degradation of enegry in nature, and the final, 


THERMAL EFFECTS OF ELECTRIC CURRENTS : THERMO-ELECTRI. 14£ 


destiny in nature—a heat-death. From thermodynamical reasonings he 
predicted the existence of E.M.F. along any metal rod if a tempera- 
ture gradient exists in it—the phenomenon being known as Thomson 
effect. In 1852 he married Miss Margaret Crum, and resigned from 
his professorship at St. Peter's College. Soon after he set up a labo- 
ratory of his own—the first of its kind in Great Britain. About this 
time he engaged himself ia investigating the problems which arose in 
the working of a submarine cable laid for the first time between 
England and Holland. He found it to be due to the capacity of the 
cable. He was personally engaged in the laying of the first trans- 
Atlantic cable between England and America, and in recognition of 
his services he was knighted in 1866. He invented a reflecting galva- 
nometer and a siphon recorder in connection with his work in sub- 
marine cables. His constant presence on board the ships in connec- 
tion with the laying of cables drew his attention to the improvements 
of the various instruments used in navigation. He devised an impro- 
ved form of mariner's compass to get over the difficulty of the ship's 
magnetism. An improved sounding line is also due to him. He 
invented a machine for calculating the heights of tides at a port. 
After this time he devoted himself to problems on the age of the 
sun, the physicai state of the interior of the earth, and the age of 
the earth. The doctrine of uniformity strongly believed by all geolo- 
gists of his time was refuted by him. 

Sir William designed many instruments for electrical measure- 
ment. An ampere-balance, an electro-dynamometer, a multi-cellular 
voltmeter, amongst others, bear his name. He established a large 
workshop at Glasgow for manufacture of instruments which brought 
bim immense fortune. For many years he was regarded by all as 
the leader of science in Great Britain, and alo ofthe continent. He 
was created a member of the House of Lord; under the title of Baron 
Kelvin, the name Kelvin being taken from the stream which flows 
past the hill on which the University of Glasgow is built. He died 
in 1907, at the age of 84, full of honours and the enumeration. of his 
honours, it is said, might be most briefly made by mentioning the 
few not conferred. ` 


Questions 


J. How does.the rate at which heat is developed by an electric current depend 
on the current strength and the resistance of the conductor ? irit 109 
at. 


2. Obtain an expression for the quantity of heat generated in & conductor of 
*R' when a current ‘C° passes through it for ‘” seconds. 
(Pat. 1932, 39, '42 ; cf. C. U. 1942, '44 ; Utkal, 1948, '51) 
." Dedüce an expression, in practical units, for the development of heat per 
dies MM conductor carrying a current, (U. P. B. 1947) 
A, Jn whet respects docs a wire carrying a current differ from a wiro which 
carrics no ? 
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How can the effects so produced be utilised for the measurement of SN 9:1) 


[Hints.—Differs in two respects :—When a current passes through a wire, üa 


magnetic field is set up round the wire ; (ii) heat is developed in the wire. 

For the measurement of current, magnetic effects are utilised in instruments 
known as ammeters, and the heating effects are utilised where C is calculated 
from the relation JH — Crt x 107. ] 


5. Compare the amounts of heat developed in the four arms of a balanced 


Wheatstone's Bridge when the resistances of the arms are, 100, 10,.300, 30. 
[dns. 30:3.:10:1] 
S 


6. Two similar uniform wires of equal length have diameters in the ratio 1 : 2 
and are joined in series. Compare the amounts of heat produced in the wires if 
à steady current is passed through them, (Utkal, 1950) 


[Ans.: 4:1] 

7. A conductor carrying a current divides into two branches whose resistances 
are in the ratio of 4 to 5. Compare the amounts of heat Benerated in the branches. 

[Ans Ho: H3:15:4) 

8. A coil of wire of resistance 2 ohms is soldered to two thick copper rods 
immersed in 1000 grams of oil (specific heat 0°6).—A current of Strength 3 amperes 
is passed for 20 minutes. Neglecting the water equivalent of the calorimeter, 
loss of heat by radiation etc., find the rise in temperature of the oil. A current 


of 1 ampere passing through a resistance of 1 ohm for 1 second generates 0:2387 
ries. (C.U. 1909) 


[4ns.: 12 89°C) 

9. A220 volts. 500 watt aluminium electric kettle weighing 1:200 gms. is 
used to boil water from a 220 volt electric supply. How long will it take to bring 
1 kgm of water from 30°C, to the boiling point, assuming all the heat generated 
to be utilised without loss due to radiation ? -(Pat. 1937) 

(Sp. ht. of Al.=0:2) 

[Ans.: 12 mins. 9 secs.] 

10. Two points at a given difference of potential are joined by a wires of 
equal resistance. Prove that the heat generated when the wires are joined in 
parallel is equal to n? times the heat generated when they are arranged in series, 

(Utkal, 1951) 

11. A constant current of one ampere flows in a platinum wire of ‘resistance 
5 ohms stretched along the axis of a cylindrical tube, through which a_ steady 
stream of water passes at the rate 15 cc. per minute. The steady difference 
between the temperature of the water entering and leaving is 48°C, ^ Neglecting 
losses of heat, calculate the value of the mechanical equivalent of heat. 

(C.U. 1937) 

[Ans.: 4°16 107 ergs.] 

12. An electric kettle whose water equivalent is 100 gms. ¢ontains 1000:gms. 
of water at 15°C. If the kettle takes 4 amps. at 230 volts, find (a) the time 
required to boil the water assuming that 10 per cent of the heat generated js lost 
and (6) the rate of generation of heat in it. 

[Ans.: (a) 7 min. $4 secs. ; (b) 219 calories per sec.) 

. M. A current of 5 amperes flows through a wire of resistance 10 ohms for 2 
minutes. If the heat produced is exclusively supplied to 100 gms of water, through 
how many degrees will the tem perature be raised ? (C.U, 1941) 


[4ny. :. 714°C] 


ANC 


W 
| 
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14. Describe the electric method of determining “J” and give the proof of 


the formula used. (R. U. 1950 ; Al. 1946) 
, 15. State Joule's Law regarding the development of heat in an electrical 
circuit, Describe an experiment to verify it. (C. U. 1927, '30, '45 ; Pat. 1928, 


"40, 43, 748 ; All. 1931, 44 46 ; Dac. 1934 ; cf. U.P.B. 1927 ; Utkal, 1950) 

16. Two equally long copper and silver wires are suspended from two supports 
and are so connected that a current travelling along the copper wire returns 
along the silver. It is found that the copper wise sags. The current is now 
caused to flow along both the wires in parallel and the silver wire sags. 
Explain fully the above effects. (Pat. 1929) 


[Hints.— 7 Crt. The specific resistance of copper being greater than that 
of silver, the resistance of the copper is greater than that of the same length 
of the silver wire. In the first case, Cis the same in both the wires, «. Hxr 
hence the heat produced in the copper wire is greater, and so it sags. In the 
next case‘ the current is distributed inversely as the resistance, so the current 
in the silver wire is greater, and because H= C°, the heat produced is greater in 
the silver wire. Therefore it sags.) 

17. A copper wire and an iron wire are connected to an accumulator first 
in parallel and then in series. In the first case, the copper wire gets red hot 
and in second case, the iron wire. Explain the fact and show how to compare 
the resistances from the rates at which the heat is developed in each case. 

(Pat. 1926, 738 ; All. 1926) 

[Hints.—(z) See answer to Q. 16. Here the specific resistance of iron is 
greater than that of copper. 

(b) If r, and r, be the resistances of the iron and tbe copper wires 

ively their total resistance R,, when parallel=r,r,/(r, +r.) and Ra, when 
series =r, +r. 

. Ri_ tts. Then if C, and C, be the currents (neglecting the battery 


Ra” +r)? 


resistance) when the wires are joined in paralicl and in series respectively, C, R, = 
C,R,=P.D. of the cell. 


D €, R, (r9, Hence if H, and th* rates at which heat is 
€, R, Lun 
H, CAR. (ror)! runt (tre)? Rs, Thus the rate at 
developed. iR rey SERT rire E 
which the heatis developed is inversely proportional to the combined resistance 


of the two wires] 
18. incandescent lamp with carbon filament works at 2:5 watts.under 


An 
a voltage of 20 volts. What is the resistance of the lamp ? (C. U. 1927) 

{Ans.: 160 ohms.] 

19. State Joule's Law on the production of heat in an electric circuit. 

An electric iron, which when hot has a resistance ot 80 ohms and is used 
en a 200 volt circuit. What will be the cost of using it for 2 hours if energy 
costs 3 as per K.W.H. ? (C. U. 1947) 

{Ans.: 3 as. J 


l. in the terms Watt, Board of Trade Unit, efficiency of a lamp. 
BY pado (All. 1932 ; U. P. B. 1948) 


Calculate the amount of heat produced ia 5 mins, in a 20 watt lamp. 
[Hints. — H=20x 5 x 60/42 cals.) (All. 1928) 
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21. An electric lamp has a resistance of 400 ohms. It is connected to supply 
mains of 200 volts. If the price of electric energy be 3 annas per killowatt-hour, 
calculate the cost of lighting the lamp for 10 hours. (C. U. 1950) 

{Ans.: 3as.] 1 

22. Define and compare (a) coulombs and amperes, (5)joules and watts. 
State how joule is related to the volt and ampere. 

Describe an experiment which illustrates the statement that one calorie equals 
42 joules. (C. U. 1946) 


23. Whatisathermo-electric current ? Describe how would you demonstrate 
its presence. How do you explain the existence of sucha current from the 
principle of conservation of energy ? (C. U. 1934, '50, '53) 

[Hints.—As the current is obtained at the expense of energy, the existence of 
thermo-current follows the principle of conservation of energy. ] 


24. What is athermo-couple? How will you demonstrate currents generated 


insucha couple? Give a diagram of the arrangement to be used by you. 
(All. 1928 ; C. U. 1945) 


25. Give a brief account of a thermo-pile. (C. U. 1932 ; All. 1925) 


CHAPTER VI 
Chemical Effects of Electric Currents 


96. Electrolysis :—When an electric current is passed along e 
wire, molecules or atoms of the wire do not move from their places, 
but when a current is passed through a conducting solution, e.g. a 
metallic salt or base, or acid solution, it decomposes or dissociates 
the molecules of the solute, and the two decomposed poitions, tend 
to move in opposite directions. This process of decomposilion, or 
dissociation of a compound in solution by an electric current is known 
as electrolysis, and the solution which undergoes decomposition is 
known as the electrolyte. The vessel in which an electrolysis is 
carried out is called an electrolytic cell or a voltameter. Two 
metallic conductors are used in a vollameter by which the current 
enters and leaves the electrolyte and they are cailed the electrodes, — 
that by which the current enters the electrolyte is called the anode— 
(from ana- up and hodos=a way), and that by which the current 
leaves is called the kathode (from kata e down, hodos=a way), also 
written as cathode. 


97. Difference between Conduction through Solids and 
Liquids :—From the above it is evident that there is a fundamental 
difference between the processes of conduction of electricity through 
metals and through liquids. Metallic conduciion takes place due to 
the flow of free electrons without any chemical change, but the conduc- 
tion of electricity through liquids is always associated with some che- 
mical change and it really takes place due to the transport of atoms 
or groups of atoms. 
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It should also be remembered that every liquid is not a conductor 
of electricity and generally pure liquids are bad conductora of electri- 
city but their conductivity increases when they have a metallic salt 
or base, or an acid in solution. All solutions of salts, acids and bases, 
in water are decomposed by the passage of electric ourrent. Liquids 
such as kerosin, terpentine, alcohol, and pure water do not conduct 
electricity at all and so cannot be decomposed. Mercury and other 
metals in the liquid state conduct electricity, without decomposition 
like ordinary solids. 


98. Theory of Electrolysis :—Electrolysia is explained by suppo- 
sing, according to Arrhenius, that the molecules of the electrolyte 
break up, by the very act of solution, into two parts, called the ions. 
An ion is nothing but an atom or group of atoms associated with an 
electric charge. The two ions are 
oppositely charged with equal electric 
charges attached to them, i.e. some of 
them carry an excess and some deficit 
of electrons over the normal number. 
When a potential difference is set up 
in the electrolytic solution between 
the electrodes by means of an external 
source of  E.M.F., the positively 
charged ions move towards the nega- 
tive electrode (or rud and Me 
therefore, called kations and so the t i dde: 
kations are electro-positive. Similarly, Fig. 87—Migration-of Tons, 
negatively charged ions moves towards the anode, and are therefore 
called anions and so the anions are electro-negative (Fig. 87). The 
movement of the ions in opposite directions between the two electro- 
des constitutes the current. 


It has been found that hydrogen and the metals are electro- 
positive in character. The electric charge carried by the ion of a 
divalent element, such as copper, is twice as great as the charge 
carried by the ion of a monovalent flemant such as hydrogen or 
silver, and are represented thus Ht, Ou**, etc. 


Here the difference between electrolytic dissociation, and chemical 
dissociation should be noted. In the first phenomenon, a molecule 
of the substance breaks up into two charged particles, while in the 
other the molecule breaks up into neutral, normal elements or oom- 
pounds. For example, in the electrolytic dissociation of NH,Cl, 
we get NH,* ion and Cl” ion, but in chemical dissociation we get 
NH, and HOl. It should also be noted that a ch arged atom, ie. an 
jon, eauhot exhibit ite chemical property, but it can do so when it 


parts with its charge. 
99. The Copper Voltameter :— When copper sulphate is dis- 


VOL. II (C. E.)—10 


Ga 


CURRENT > 


146 INTERMEDIATE PHYSIOS 


solved in water, some of the molecules, depending'on the dilution, 
are broken up or ionised into Cu** 
and.SO, ions. So when an E.M.F. 
is applied between the two electrodes 
set up in the solution, the positively 
charged copper ions move to the 
kathode and are deposited on the 
plate as copper giving up the carried 
charge, while the negatively charged 
(SO. ions go to the anode where 
secondary reactions take place a8 
follows:SO,7 +H,O=H,S0,+0~. 
The freed oxygen ion reacts on the 
copper as follows--Cu* *-- 0^ - = OuO. 
The copper oxide chemically com- 
bines with H,SO, to form copper 
Fig. 88—A Copper sulphate in this way, CuO-d-H ,80, 
Voltameter. —QuSO,- H,0. The copper sul- 
phate molecule so formed go into solution to replace that which has 
been used up. The strength of the solution, therefore, remains 
unchanged, since for every atom of copper deposited on the cathode, 
a corresponding atom of Cw is separated from the anode. Thus the 
copper taken from the anode is equal in amount to the copper deposited 
on the kathode, and the rate of deposition is a measure of the strength 
of the current. Hence-e copper voltameter is often used as a current- 
measurer. 

“Measurement of current by a copper yoltameter requires a con- 
siderable time, and the voltameter is, therefore, only chiefly used in 
the standardisation and calibration of ammeters, tangent galvano- 
meters, ete, : 

In Fig. 88, a common form of a Copper Voltameter has been 
shown. It consists of a glass vessel containing a moderately strong 
solution (about 15%) of copper sulphate crystals to each litre of which 
5 o.c. of concentrated sulphuric acid should be added to make the 
electrolyte better conducting and two 
copper plates (serving as electrodes), con- 
nected to two separate binding screws, 
which are dipped from 9 non-conducting 
support placed on the top of the vessel. In 
Fig. 89, an improved form of a copper vol- 
tameter has been shown where tbe anode 
is in the form of two thin identical copper 
plates 4,-A hanging on the either side ofa 
similar sopper plate K which serves as 
the kathode. bent brass or copper rod ig 89— ble i 
DEFG, on which the plates A, A 2 sup- gj. m Has A 
ported, electrically connects them, while 
another brass or copper rod JL, which is electrically insulated from 
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the bent rod DEFG, supports the kathode. With this arrangement 
the deposit occurs on both the sides of the kathode and thus the 
maximum area is utilised. For good deposition it should be remem- 
bered that more than one ampere of current should not be passed per 
50 sq. cm. area of the kathcde dipped in the electrolyte. With large 
currents, the deposits fall down being feathery. 


Copper Voltameter with Platinum Electrodes.— In the case of 
electrolysis of copper sulphate solution, the kathode will always be 
coated with the copper, but what happens at the anode depends upon 
the material of which the electrode is made. If the anode is of some ` 
inert material like carbon or platinum, the SO, ^ ions proceed to- 
wards the anode where the following secondary reactions occur as a 
result of which oxygen gas is liberated finally. 


Reactions at the anode : 
A80) 7 +2H:0=2H;S0, +210) 


The oxygen ions give up the negative charges bo the anode and 
liberate as O gas. 


This action is similar to the case of the electrolysis of water 
acidulated with sulphuric acid as described under ‘‘ Water Voltameter” 
in Art, 101. 


100. The Silver Voltameter :—Similarly, in a voltameter with 
Ag-electrodes and AgNO; solution a certain amount of silver is de- 
posited on the kathode, 
and (NOs) ions attack 
the anode forming Ag NOs 
which goes into solution 
and keeps up the strength 
of the electrolyte. The 
kathode in this case, very 
often consists of silver 
or platinum in the form 
of a cup in which the 
solution is kept. Such 
a voltameter is used 
whenever more accurate 
determination of  cur- $ 
rent, than is possible with Fig. 90 
other equipments, is 
pecessary. The maximum » 
limit of the current that should be passed through it is about 0'3 
ampere for every 50 sq. ems. surface of the kathode. 


101. The Water Voltameter : Electrolysis of Water (or Dilute 
Sulphuric Acid) :-—Pure water is not a conductor of electricity and 
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so for electrolysis of water a dilute solution of sulphuric acid (5 c.c. 
of strong acid in 1000 c.c. of water) is used. 


The cell in which the acidulated water is taken is called a water 
voltameter (Fig. 91), and it usually consists of two vertical graduated 
glass tubes AB and KO, united at their bases by a short glass-tube ; 
the central tube G ending on the.top in a funnel acts as the reservoir 
of the acidulated water ; the gases formed on the electrodes may be 
wollected in the tubes and measured. It will be found that the gas 
evolved at the kathode K has twice the volume 
of that evolved at the anode in the same time. On 
opening the top C the gas in CH escapés, and if a 
light be applied the escaping gas burns showing it 
to be hydrogen. The gas in BD, as it escapes, 
will ignite a glowing taper, or splinter of wood, 
showing that it is oxygen, Thus hydrogen is 
evolved at the kathode, oxygen at the anode, and the 
two are in the proportion in which they combine to 
form water. : 

Theory.—The diluted acid dissociates as 
follows: H,SO,=2H)*+S0,-~. The hydto- 
gen ion, on application of the electria field bet- 
ween the two electrodes, migrates to the kathode 
and giving up its charge to it escapes as neutral 
hydrogen. The sulphion radical moves to the 
anode and undergoes a secondary reaction at the 
anode as follows: SO.) ^--2H,0—2H4,80, 
+2(0)-. The oxygen ion gives up the negative 
Fig. 9i— charge to the anode and liberates as free Og gas. 
Water Voltameter, Thus the sulphuric acid molecule reverts to the 

original condition to be again dissociated as 
before. The sulphuric acid molecules are not wasted, and it is the 
electrolysis of water that really takes place in the voltameter 
according to the following chemical equation, 2H,S0,+2H,O 
=2H,SO,+2H,+0,. So the final products at the kathode and 
the anode are hydrogen and oxygen in the ratio of 2: 1 by volume: 
In practice, however, the two gases cannot be obtained in the above 
ratio of volume due to (i) the unequal absorption of the gases in the 
solution, (4) occlusion of hydrogen in the kathode, and (iii) transfor- 
mation of a small quantity of oxygen into ozone. 


The same explanation and the same form of equations apply to 
the case of other acid solutions in water. 


N.B.—A continuous electrolysis of water yields a residue rich in 
heavy hydrogen or deuterium which is an zsotope of ordinary hy- 
drogen having an atomic mass twice as much as that of a proton but 
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carrying the same charge (vide Chapter IX) as that of the proton. 
Biss used this fraotional electrolysis of water to isolate heavy hy- 
rogen. 


Another kind of Water Voltameter.—In this voltameter the 
weight of hydrogen is directly found by weighing. 


Electrolysis of acidulated water is carried out in a flask by two 
platinum electrodes. The hydrogen and 
oxygen gases evolved during electrolysis 
escape through a U-tube filled with an- 
hydrous CaCl,. Water vapour escaping 
with the gases is absorbed by the CaCl,. 
This apparatus can be used to determine 
thestrength ofa current flowing ina circuit. 

The voltameter is weighed before the 
experiment, Then on passing a current, 
€ for a known interval of time, t, the 
arrangement is again weighed. The 
difference of the weights gives the weight 
of hydrogen and oxygen evolved. 

Caleulations — We know that 2'016 
gm. of hydrogen is evolved from (16+2 
X 1°008)=18'016 gm. of water. 

If the weight of water dissociated is 


wW 


; 27016 n 
W gms., then weight of hydrogen evolved = 18016 * W= 59365 gme. 
= Zoet. 
x (pas ; where Z=the electro-chemical equival- 
aN 80365 x Zxt' 


ent (E.C.E.) of hydrogen 000001045 gm. per coulomb. 


102. Electrolysis of Hydrochloric Acid :—This ia done in the 
same way using the same apparatus ag in Fig. 91, but the platinum 
foils are replaced by carbon rods as the liberated chlorine reacts with 
platinum. Alter the current is passed for sometime, the hydrogen 
and chlorine will be seen to be collected in equal volumes in the two 


tubes, the hydrogen at the kathode and the chlorine at the anode. 


103. Some Terms :—In electrolysis, it is found that metals and 
hydrogen always travel with the current and go to the kathode ; they 
are therefore, called. electro-positive ; while the acid particles and 
non-metals travel against the current and go to the anode, and are 
called electro-negative. Pure water does not conduct electricity, but 
it is difficult to get water without traces of some salt or acid dissol- 
ved in it ; so ordinary water is generally a conductor. 
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The valency of an element is given by the number of hydrogen 
atoms which will combine with, or be replaced by, one atom of the 
element. 

The Chemical equivalent of an element is numerically equal to ils 
atomic weight divided by the valeney, and it is this weight which will 
combine with or replace one part, by weight, of hydrogen. 

A gram equivalent of a substance i8 the quantity of the substance 
equal to its chemical equivalent expressed in grammes. 


The atomie weight of silver is 108 and its valency is 1; 80 the 
chemical equivalent of silver is 108/1, i.e. 108, and the gramme quiva- 
lent of silver is 108 grams. 

104. Faraday's Laws of Electrolysis :—The facta of elecbrolyeis 
are stated in the following laws due to Faraday :— 

(i) "The mass W of an ion liberated at an electrode is proportional 
to the quantity of electricity Q, which is passed, i e. to the product of 
the strength of the current O, and the time t during which it flows. 
That ig, W= Qoc(O X t). 

(ii) Lf the same quantity ofelectricity passes through several electro- 
lytes, the masses of ions liberated are proportional to their chemical 
equivalents (m). That is, W ec m. 


Veritication :—The laws can be verified as follows :— 


A current from a 
battery is passed through 
three electrolytic cells in 
series, one containing & 
solution of copper sulphate 
with  Ou-electrodes, the 
second a solution of silver 
nitrate (AgNO,) with silver 
electrodes, and the third 
containing acidulated water 

Fig. 93—Electrolysis. with platinum electrodes 
> (Fig. 93). 

1. (a) Let the current pass through the electrolyte for a period 
tı ; then determine the mass W, of copper deposited on the kathode 
of the copper voltameter, which was previously weighed. Repeat the 
experiment by passing the same current for another interval t, and 
quens the mass Wa of copper deposited ; then it will be found 

at, 


Wisk 
Ws te 


(b) Next repeat the experiment by keeping the time interval th 
same, but alter the strength of current C by means of the rheostat Zi 


„ie. Wet, when O is constant zie 01) 
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Determine the amount of deposit on the kathode for each value of 
the current and let them be Wa and W, the corresponding currente 
being C, and C, respectively ; then it will be found that, 


AT y ie, WeeO, when t ie constant aad (2) 
4 

Then from (1), and (2), we have, WeeQtceQ. Thus the first law is 
verified, 

9. All the kathode plates of the different celle aro first cleaned, 
dried and then weighed. To collect hydrogen a graduated tube filled 
with water is inverted over the negative terminal of the water-volta- 
meter. Pase a suitable current for some time and as usual, find out 
the masses deposited on the plates, To find the mass of F, evolved, 
the volume of hydrogen collected is reduced to normal temperature 
and pressure and then multiplied by the density at N.T.P. It will 
be found that the masses liberated (Wi, Wa and W.) will be related to 
the chemical equivalents (mı, Mms and m,) of the elements as follows— 

Wa: Wa: Wait mys mei ms. 

That is, TW œm, when C and ¢ are constants. Thus the second law 
is verified, 

105. Eleetro-Chemical Equivalent :—From Farsday's law of 
electrolysis, Wo Ct., or, W=ZCT, where Z is a constant for an 
element, This constant is called the Electro-Obemical Equivalent 
(E.C.E.) of the element. From this ib follows that, "Te electro. 
chemical-equivalent (E.C.B.) of an element is the mass of it in grams 
which is deposited by the passage of one coulomb of electricity ie, by 
one ampere for one $ 


Relation between E.C.E.'s of Elements.— 
If Wo and Wy be the masses ol two elements, A and B, of E.O.E. 
given by Za, Zp, liberated by the samo current in the same time, 
Wa=ZaCt zé « (1) 
Wr=Zr0t. my en e (2) 
Wa Z 
From (1) and (2). WT pA 
But from Faraday's second law of electrolysis, 


Wa _ Chemical Ea. of A, (ma) 
Wy Chemical Eq. o! B. (mo) 
. Za ma. Chemical Eq. of 4. 
"+ Zp mp” Chemical Eq. of B 
The E.O.E. of silver is 0001118 gm. per coulomh , of hydrogen, 


ji 1044 gm. per coulomb, Knowing the value of C. I7. of one 
pred ihe BCE. of other elements can he obtained from the 
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knowledge of their chemical equivalents. Thus, the chemical equiva- 
lent of silver being 108, its #.C.E.=108%0'00001044=0'00113 gm. 
iper coulomb, since the chemical equivalent of E; is unity. 

Since 0°001118 gram of silver is deposited by 1 coulomb of 
electricity, 108/0'001118, i.e. 96€00 coulombs are required to deposit 
108 gms. of silver. This same quantity will also deposit one gram- 
equivalent of any other monovalent substance. 


A table is given below of the E.C.E. of some common elements— 


Element (grams per coulomb) 


Blectro- positive 


Copper 0000329 

Hydrogen 0:00001044 

Silver 0:001118 
Electro-negative 

Oxygen 00000829 

Chlorine 000036 


106. Mass of Ion deposited :—From the first law we have, 
WeeQt, à 
where W — mass of an ion deposited ingrams; Q — current in amperes ; 
t=time in seconds. 


Or, W —ZOt, where Z is a constant. By putting, C=1, and t=1, 

becomes numerically equal to W. ie. the mass of ton deposited by 1 
Coulomb of etectricity and, in this case, the mass of the ion Z is called 
the electro-chemical equivalent of that particular element. 


107. The Charge on an Ion ‘According to the modern theory, 
which is supported by conclusive experiments, in the electrolytic 
solution of a monovalent substance the atoms themselves are the 
carriers of electricity, and the charge carried by a positive ion of each 
monovalent enbstance like hydrogen, silver, sodium, eto, is of exactly, 
the same magnitude as the free negative charge called the ‘electron’ 
which is the natural unit of electricity. 


It has been already stated that the passage of 96600 coulombs 
will liberate one gram-equivalent of any monovalent substance. Then, 
if n be the number of atoms in one 8ram-equivalent of a monovalent 
substance and e the charge carrid by each atom (ion) in electrolysis, 
we have ne= 96600 coulombs. 
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But the number m referred to above is a constant for all subs- 
tances: and its value (mean of values experimentally obtained in 
recognised experiments) is 616X10?? Hence the carge carried 


96600 H 
616x102? 71 57 X 10** coulombs —4'7 x 


10'^E,S,U. So this charge is associated with one electron. 


Since the gram-equivalent of a divalent substance contains half the 
number of atoms stated above, the charge carried by each divalent ion 
is twice that carried by each monovalent ion. 


by each monovalent ion — 


The charge in coulombs necessary to deposit one gramme- 
equivalent of any substance by electrolysis is called one Faraday. 
Its value is the same for all substances ; using the data for silver, the 


10788 
0001118 


The two terms ion and electron should be distinguished by remem- 
bering that the ion is the material atom carrying the charge and the 
electron is the charge itself without the atom. 


Example,—A current of ó amperes is passed for 5 hours throughthree vollameters 
arranged in series cantaining solutions of copper sulphate, silver nitrate and 
sulphuric acid, Calculate the masses of silver, copper and hydrogen obtained, given 
that E.C.E. of silver —0'001118 gm. coulomb ; at. wt. of silver=107'88 ; at. wt. of 
copper — 68 57. and at. wt. af hydrogen=1°008, (Pat. 1944) 


Ans. The total quantity of electricity passed in 5 hours or 5x 60 x 60 seconds 
=5x 5x 60x 60=90,000 coulombs. 

1 coulomb is the quantity conveyed by 1 amp. in 1 sec., 1 coulomb liberates 
0'001118 gm. of silver. 
90,000 coulombs will liberate (0'001118x90,000) gm.=100°62 gms. of 


Faraday F= = 96494 coulombs. 


silver. 
By the second law, the masses of liberated ions are proportional to their 
* chemical equivalents. 


-. Mass of hydrogen (10062 x 1:008)/107:88—0:94 gm. — 
Mass of copper «(100 62 x 63:57)/(2 x 107:88), copper being divalcnt=29°64 gms. 


108. Measurement of Current by Voltameters :—' Though a 
current can be measured by its magnetic effect, by the heating effect 
and so on, the most accurate measurement is done by its chemical 
effect, i-e. by electrolysis. From the relation, W — ZCt. the strength 
of a current O can be calculated by knowing W, Z and t. For the 
purpose of measuring current strength, a copper voltameter .is con- 
veniently used. . Before dipping the kathode in the solution, it should 
be carefully cleaned, dried and then accurately weighed in a good 
balance. Current is then passed for a known time after which the 
kathode is taken out, carefully washed with distilled water, and dried 
in air at the room temperature. Now by weighing the kathode, 

` the weight of copper deposited will be known ; so the current strength 
can be calculated by noting t, and knowing Z of copper. h 
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109. Reduction Factor of a Tangent Galvanometer :— 


Expt.—A circuit is made of copper voltameter V, a battery B, 
an adjustable resistance R, and a tangent galvanometer (T. G.) with 
a commutator O, all connected in series (Fig. 94). By adjusting the 
resistance R, the needle of the galvanometer is broughti as near to 
45° as possible. The kathode is then tåken out, cleaned, dried and 
then weighed accurately in a good balance. It is then put in its 
position in the voltameter and 
a current is passed for a known 
time i seconds. For a good 
deposit, the maximum limit to 
the current strength is 7 am- 
pere for every 50 sq. cms, of 
the kathode surface. With large 
currents the deposits fall down 
being feathery. The curreut 
(through the  galvanometer 

Fig. 94 only) should be reversed, when 

E one half of the time occupied 

by the experiment has passed, and the mean of the four readings 

(readings for both ends of the pointer each time) is taken as the 

deflection 9. The kathode is then removed, washed and dried, and 

finally weighed again in the balance and thus the mass of copper 

deposited is found. Then from the relation C amp.=10 K tan 6, 

the reduction factor K is calculated. The value of C is calculated 

from the relation W=ZCt, where W is the mags of copper deposited 
on the kathode of the voltameter. Thus, 


=5 ; or, 8-W. e M e 
gı ampere) ; or, 10K tan a E LA 


N.B.—(1) In the above expriment, the kathode gains as much 
copper as the anode loses. The loss of mass of the anode could then 
as well be used for the above determination. It is not, however, the 
practice to do so, for any impurity present in the anode, which is 
quite likely, separated from the anode during electrolysis, will show 
an increase of loss though the logs of copper is not actually so. The 
above method may also be used to determine the £.O.E. of copper. 
Rere Z= n Eine: Knowing the reduction factor K, W, and t 
being found from the experiment, Z for copper may be caleulated. 


Examples —1, In order to test the readings of an ammeter it was connectd in 
series with a silver vollameter and a steady current was passed through the two for 
one hour. The ammeter indicate 0 26 ampere, and 1:0062 gms of silver was deposi- 
ted, Was the ammeler reading correct? If not, what was the error ? (HOR. of 
silver=0:001118) - (Pat. 1920) 


Ans. From the relation, W —- ZCt (Art, 106), C=W/Zt (ampere). 
C= 1:0062/(00001118 x 3600) = 4-25 ampere. 
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Hence the reading indicated by the ammeter -is too high and the error is 
ee ea ampere. N.B. This example illustrates a PATER. of calibrating 


2. A circuit consists of a solution of silver salt and a coil of wire of resistance-20 
ohms immersed in an oil bath in series, Constant current flows for 10 seconds and 
deposits 00279. gm. of silver. Calculate how much heat energy is developed in the 
oil bath. (E.C.B, of silver=0°0011183 gm.jcoulomb). (Pat., 1922) 


Ans, From the relation WZ 00279 ag 
latio: Ot, we have, Om issa T 2:49 amperes. 


The amount of energy developed C?rt ergs. (when C andr are expressed in 
0.6.8, units=C? xrxtx 107 ergs, when C and r are expressed in practical units 
= (2°49)? x 20 x 10x 107 = 1240 x 10” ergs. 


d 
/, The amount of heat energy in calories= 2” 10er? 2952. 


3. A current is passed for 30 minutes through a silver voltameter in seriea with 
@ tangent galvanometer of one turn and diameter 40 cms, T'he deflection of the 
galvanometer is 45° and 2:312 gms, of silver are deposited, What value does this 


give for the E. O. E. of silver ? (Hw 0:30), (Pat, 1924) 
Ans, From Om! tan e, O= 20x036 re 03 0.4.5, 
na From Gw-, tán 9,0 231416x1 45 $3518 005 units, 


Again, we have, W=0Zt ; or, 2302-027 xz x (30x 60), whence 


Z=0'00112 gm. per coulomb, for here C should be taken in amperes. 


4, Calculate the electro-chemical equivalent of hydrogen, given that I ampere 
deposita 0°65 gm. of copper from a solution of copper sulphate in 33 mina, (Atomic 
wt, of copper =63 , valency=2). (Pat, 1938) 


'65=2 309 Ba D'S 
Ans. As above 0:65—Zx1x(33x60) ; ^. Z Levin 


Chemical eq. of copper- but E.C.E. of. «copper.- $9 x B.O.B. of hydrogen ; 


0:65 
on 3x60 x2x E.C.E. of H, 


From this £.C.E, of H 000001042 per coulomb. 
5. If 90,500 coulombs of electricity liberate one gramme equivalent of any 
substance, how long will it take for a current of 015 ampere to deposit 20 milli- 


grammes of copper from a solution of copper sulphate ? (Atomic weight of copper 
64). (Pat, 1920) 


Ans. The gram equivalent of a substance is the uantity in grams equal to 
the chemical equivalent, and chemical equivalent««atomic wt,-+ valency, 
The atomic weight of copper is 64 and its valency in copper sulphate is 2. 


.. Chemical equivalent of copper 52-32 and its gram-equivalent =32 gms. 


Again, 96,500 coulombs liberate 32 gms. of copper. 965 
.. 20 mgms. or, 0°02 gm. will-be liberated by 26500 x002 coulombs, 


Now, if ¢ seconds be the time required by 0:11 ampere to deposit 0 02 gm. we 
have, 0:15 ampere flowing for t secs., i.e. (0°15 x1) coulombs, 


= 26500 y 9.95 coulombs ; when f=6 mins. 42secs. 
immersed in a solution of copper sulphate, and a 
a tangent galvanomster, The deflection of the 
hour it 18 found that 210 miligrammes of copper 
Having given that a current of 1 ampere deposita 
er minute, deduce the reduction fi ictor of the 
(Pat. 1919) 


6. Two copper plates are 
current is passed through them and 
galvanometer is 45° and afler an 
have been deposited on cne plate, 
19:8 milligrammes of copper p 
galvanometer, 
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1 ampere deposits 19-8 mgms. of copper per minute 
i 19:3 
ie. 1000x 60 gm. of copper per sec. 


.E hed |x ; 
. E.C.E, of copper ooox go 000033 gm. per coulomb, 


We know that, W=ZCi.=.{1). Again, if @ be the galvanometer deflection and 
K the reduction factor of the galvanometer, C (in amp.) =10 K tan 0: 


Cc w 
or, E TEM from (1) 
=- UXOTIX AXI 018 in C.G.S. unite. 

110, The Storage Cells (or Accumulators) :—It has been found 
in Art. 6 that when a simple voltaic cell is run for some time a 
(or polarisation) E.M.F. is set up which acts in opposition to the 
E.M.F. of the cell This phenomenon is also observed in certain 
voltameters. Thus in a water voltameter hydrogen deposits on the 
kathode producing within the voltameter a field in opposition to the 
original field. The magnitude of the back E. M.F, is about 1'481 volts. 
Similarly in a copper voltameter, in which platinum is used as the 
anode, the SO,~ ions at the anode react with water forming sulphuric 
acid and oxygen, the oxygen ions being deposited on the anode. This 
produces a back E.M.F, of about 1'18 volts. It should be noted that 
this polarisation does not take place in all voltameters, in which the, 
electrodes are such that they are readily acted on by the liberated 
ion. Thus, when copper anode is used in a copper voltameter, the 
80,77 ion readily acts on the copper to form CuSO, and there is no 
polarisation, The back E.M.F. produced in & voltameter is really a 
source of energy which has been utilised in the construction of 
secondary cells ov storage cells. So a 
storage cell may be considered as a volta- 
meter in which chemical electrolysis is 
first produced by the pasgage of current 
from a battery, and this gives rise to back 
E,M.F., otherwise called polarisation 
E.M.F. between the two electrodes of 
the voltameter, It is afterwards used as 
a cell giving current in the reverse 
direction. 

(a) Lead Acid Cell—If two lead 
plates are immersed in dilute* sulphuric 
acid and an electric current from a bat- 

Pig. 95—A lead-acid tery is passed through the acid, hydro- 
accumulator, gen bubbles are deposited on the plate at 
which the current leaves the solution 

(kathode), and oxygen on the plate where the current enters (anode): 


*Note--It_ should be noted that sulphuric acid without water is not an 
electrolyte. The electrolysis takes place only in a dilute solution. 
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forming lead peroxide (PbO,) Altor this, current in the solution will 
E due to the polarisation effect, If the battery is now removed 
F the two load plates are joined together by a wire, a current will 
res in the opposite direction (vide Art. 6(i)). The original current 
roi tho battery turned one of the plates into a plate of lead peroxide 
pi ter stopping the current of the charging battery, when the pa 
[) = and the newly formed plate of lead peroxide, dipped in dilu 
soihmde acid, are joined by a wire, we get a current which is really 
polarisation current, The arrangoment after charging is like that of 
^ voltaic cell of two dissimilar metals dipped inan acid, The cell works 
until the peroxide is used up, when the cell is said to be discharged ; 
after which a fresh obarge should be given to the original state. The 
cell is called a secondary cell, as it is the secondary or the reverse 
current which is roally taken from the cell. It is also callda 
storage cell or an accumulator. It must not be thought that there 
is really an accumulation or storage of electricity, Itis the g 
cal energy which is stored up, and not electricity. 

In the modern form of secondary cells, the lead plates are replay 
ced by lead grids, the interstices (Fig. 96) 
of which are filled up with litharge i.e. 
lead monoxide (PbO). In some celle red 
lead Pb,0, is packed in the grids of the 
positive plate and litharge in those of the 
negative, Alter charging, the interstices 
in the positive plate are oxidised to lead 
peroxide (PbO,) and in the negative re- 
duced to spongy lead. Before charging, 
litharge and the acid react forming 
PbSO, in both the plates as follows 

PLO+ 1,80, = F5SO, +H 40. 
During charging the following chemical actions takes place— 

At the positive plate: — P550, O inge ty FH 

At the negative plate: PbSO, A 9(H)* Pb H580,. 

So on charging, tho specific gravity of the acid increases owlng to 
the formation of acid molecules, 

During the discharge ié, when the cell ia giving a current by- 
drogen is wet [reo at the positive peroxide (PLOs) plate and the follow: 
ing chemical action takes place 

FbO,H, =PLO+il,0 
: i PUO 11,50, * PbSO, + HO 
Summing UW pio. rp +I, SQí 7 POSO, 38,0 

At the negative lead plate, oxygen ia wot {reo aud the following 

actiqn takes place— 
2Pb +0 «3th 
4PLO--41[, SO, , “IPISO FIN, O0 


abr O, F3IT,SO, = 3PUSO, FSO 
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Thus, during the discharge, water is set free and the specific gra- 
vity of the acid is lowered. The E.M.F. of the cell falls at the same 
time. 

Note. - It- has been stated before (Art. 5) thatthe E.M.F. of & 
cell is entirely independent of the size of the plates or of their distance 
apart, but it should be noticed that the internal resistance of a cell 
can be considerably reduced by the use of large plates placed close 
together and using a series of plates parallel to each other connected 
alternately to the two electrodes which end in two binding screws 
ie. by increasing the total area ofthe plates and diminishing the 
distance between a pair of plates. Insulating separators are kept 
between the plates so that the plates may be placed close together, 
without touching. The cell was originally due to Plante but subse- 
quently modified by Faure. 

A Few Facts about Accumulators.— The specific gravity of the 
acid should be 1'8 when fully charged. It falls during discharge, and 
the cell should not be used, without recharging, if it falls below 1°12. 

The voltage of a fully-charged acid cell is 2'2 which should be 
steady at 2 volts during discharge. The voltage should not be allowed, 
during discharge, to fall below 1°8, after which the cell should be re- 
charged. 

Resistance—The internal resistance of all accumulators is very 
small—from s% to qooth of an ohm. For this reason when the cell 
is short-circuited, i.e. the two poles are joined together with an 
external resistance of small value, an enormous current will, flow 
through the cell and the heat generated by the current will damage 
the cell. Thus suppose that the internal resistance of a cell is 0'01 
chm and the terminals are joined by a piece of wire whose resistance 
is negligible, then the current becomes 2/0'01=200 amperes. The 
current being very bigh, so much heat will be generated that the 
plates will expand and break away 
from the grids. 

Caution.—The two terminals of 
an accumulator should never be short- 
circuited, i.e. directly connected bya 
connecting wire of low resistance, 
Distilled water must be added from 
time to time to make up for the water 
lost by evaporation as time passes on 
during the action of the cell. 

_ The capacity of an accumulator 
is its capacity for storing electrical 
energy and is expressed in ampere- 
hours. Thus, a cell of capacity 30 
K(OH) 20% +LKOR) 19; - amp.-hours with a maximum disch- 

Fig. 97 arging rate of 0'5 amp, can give a 
n current of 0'5 amp. for 60 hours, or 
025 amp. for 120 hours, andso on, sfter which it will requireay echarging 


Nickel Hydroxide 


tron Hydroxide 
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(b) Nickel-Iron-Alkali Cell (Edison Cell).—The cell consists 
of a Ni-plated iron container filled with KOH-solution. The positive 
plate is formed by Ni-plated perforated iron tubes filled with Ni- 
flakes and hydrated nickel-oxide while the negative plate consists of 
pickel-plated perforated iron pockets filled with iron-oxide. During 
charging, current from an external source is passed from the nickel- 
oxide plate to the iron-dxide plate, when the positive-plate is covered 
with Ni,Os. During discharge, NisOs is reduced to NiO ard Fe is 
oxidised to FeO. Zn or Od plate in place of Fe makes the cell’ more 
efficient. The maximum voltage of the cell is 1'25 volts and a large 
current may be drawn from it. 

Acid and Alkali Cells Compared.—Both of them after discharge 
may be re-charged over and over again. 

An alkali cell is only half as heavy as a lead cell of the same 
amp.-hour capacity, but its efficiency is somewhat less. The lead cell 
may be earily damaged but the life of an Edison Cell is much longer. 
It is mechanically stronger and cannot be easily injured by rapid 
charging or discharging. When discharged too much, the lead cell 
sulphates and may be made permanently useless, but alkali cell, even 
when completely discharged, may be re-charged. 

Uses of Storage Cells.—They are extensively used for laboratory 
purposes, including low tension work in wireless, in automobiles for 
supply of current to the horn, the self-starter, the light and the igni- 
tion system. They are used in train-lighting systems. In power 
stations they are used to act as stand-by, as also supplementary to 
dynamos, They are used in telephone and telegraph systems, in 
calling bells, burglar alarms, electric-clock systems, ete. In some 
countries, they are also used by the farmers in non-electrified areas 
for lighting purposes, the charging of the cells being carried by small 
dynamos run by gasolene engines. E 


111. Application of Electrolysis :— There are several industrial 
applications of electrolysis of which a few cases are given below — 

(a) Electro-Plating.—The process of depositing a layer of rome 
metal, such as gold, silver, nickel ete. on an object by electrolytic 
method, is known-as electro-plating. It-takes plate in a vessel con- 
taining a solution of a salt of metal (say, silver or nickel), which is to 
be deposited, and in which the anode consists of a rcd of the metal 
(say, silver or nickel), and the kathode forme the object which should 


be electro-plated. 

To ensure an eyen deposit, the kathode may be slowly rotated 
or be completely surrounded by the anode, Thus. articles of brass 
and iron, which corrode in the air, are given a coating of nickel or 
chromium, which do not corrode. 


Method. — At first the object to be plated is cleaned thoroughly. 
do this, the object is rubbed with emery paper and washed with 


To 
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sulphuric or nitric acid. Then it is successively washed with water 
and a solution of caustic soda, Finally it is washed very well with 


distilled water. Then 
after* drying, itis made 
the cathode of an electro" 
lytic cell. 


A requisite amount of 
current is passed through 
the cell. If too much 
current is used the depo- 
sition will be loose and 
uneven, The general 
principle is to pass a 
current of 1 ampere for 
every 50 sq. cm. of the 
cathode surface, So an 
ammeter is connected in 
series for the purpose, 
The arrangement isillust- 
rated in Fig. 98. 


(b) Silver-Plating :—Suppose a brass spoon is to be silver-plated. 
A solution of double cyanide of silver and potassium i8 taken in the 
electrolytic cell. To prepare the solution, add potassium cyanide 
in a solution of silver nitrate. . Silver ovanide will precipitate, which 
will be dissolved by addipg more potassium cyanide, forming a solu- 
tion of silver cyanide in potassium cyanide. 


The spoon is cleaned and electro-plated with silver in the same 
methods as described above. After a uniform deposition of silver it 
is taken out and washed carefully with water. Then the spoon is 
highly polished to give it a bright appearance. 


In the case of nickel-plating the electrolyte used is a colution of 
nickel sulphate in ammonium sulphate. 


As soon as a current passes, the solution is decomposed, and the 
metallic ion is deposited on the object forming the kathode. The 
metal rod at the anode is dissolved by the current to keep up the 
concentration of the solution. Before introducing in the bath, the 
object should be carefully cleaned in order to be perfectly free from 
dirt and grease. 


In order that the deposition may be hard, durable, and of the 
right colour, the current used in electro-plating must be small. 


In Electro-guilding or gold-plating gold is deposited on the 
kathode by using ordinarily a solution of gold cyanide in potassium 
cyanide. Like silver, the electrolyte is Prepared by adding potassium 
cyanide to a solution of gold eyanide or gold fulminate. A gold rod 
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is used as the anode, the kathode bein the object t 
plated. Fig. 99 shows the psal i nps 


meihod of gold-plating the 
inner surface of a silver 
eup. 

Chromium  Plating.— 
The electrolyte is prepared 


by adding chromium Deut) 
sulphate and a little Cyanide of 
chromium carbonate in Gold & 


chromic acid. The proce- Potassium 


dure described in Fig. 98 ; 
is adopted. In this cage 
only a chromium rod is to AÀ 


be used as the anode, 


E.P.N.S.—For best sau 2 
quality silver-plating oo R 


(known as electro-plated 1 
nickel-silver, or E. P. N.S.), Fig, 99 

the object is fires given a coating of nickel and then silver is deposited 
on this coat. 


Galvanizing iron.— Zino is in this case, deposited on iron sheets 
by electrolytic process in order to prevent it from rusting. 


(c) Eleetro typing.—It is a process of securing exact copies of 
types, metals, coins, ete. For this purpose a mould of the object is 
first obtained in wax. or plaster of Paris, the surface of which is 
treated with grapbite in order to render it conducting. It is then 
placed as the kathode in an electrolytic bath of copper sulphate solu- 
tion to receive a sufficiently thick coating of copper by passing a 
current through the solution. The mould is then taken out of the 
bath, The surface of the deposited sheet facing mould gives an exact 
reprcduction of object. 

(d) Production of Pure Metals.—Hlectrolytic methods are adopt- 
ed tor the purification of metals like copper, silver, gold, eto, This is 
done by making the impure copper the anode in a bath of copper 
sulphate, and the pure copper is deposited electrically on the kathode, 
A similar process is adopted for other metals. 


The cheapness of aluminium articles is solely due to the electro- 
lytic process of refining it by dissolving aluminium oxide (47,0,) in 
a bath of modern oryolite (Al/’s, 3NaF) found largely in Greenland. 

[Example.—.4 spoon having an area of 20 aq. mm, is tobe coated with silver 
to athickness of 001 mm. IPSfacurrentof Oli amp, is used, calculate the time 
for which it must flow, (E. O. E, of silver is 0001113 gm. per coulomb, density of 
silver is 10°5 gm. per c.c.) (Pat, 1940) 

" * 20 1 
Ans, Volume of silver deposited = i00* j00x10 ec. 


VOL, II (C.E.)- 11 ` 
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i _ 20 1 a al 
a Wt. of silver 305 1000 x105 10009 8? 


From the relation W =201, 2h = 0001118 x0'15xt; whence #= 12:52 seconds. 


121. Use of Electrolysis — From what has been considered above, 
electrolysis is seen to be valuable for (a) ascertaining the constituents 
of chemical compounds in liquid forms for which the principle 
explained in Art. 96 is applied ; (b) measuring the etrength of & 
current (vide Art. 108) and determining E.C.E. of elements, and 
calibrating an ammeter ; (c) electro-plating (Art. 111); (d) electro- 
typing (Art. 111), (e) purification of metals (Art. 111). 


Questions 


1. Explain clearly how you would find experimentally the ratio of the electro- 
chemical equivalents of hydrogen and copper. 
(C. U. 1930 ; All, 1930 ; Pat. 1942) 


(Hints—Pass the same current for the same time through a copper voltameter 
and a water voltameter. Observe the increase in weight of the copper kathode 
and also determine the weight of hydrogen liberated at the kathode by measurifig 
its volume and reducing it to N. T. P. (1 litre of H at N. T. P. weighs 0'089 gm.). 
Then by Faraday's second law, the ratio of the weights of Cu and H isas that of 
their electro-chemical equivalents.] 


2. Describe a water voltameter and explaia how you would use it for the 
verification of the laws of electrolysis. (C. U, 1916) 


3. State! Faraday's laws of electrolysis and explain how you can verify them 
with the help of a copper voltameter. Discuss the steps in the process and state 
what precautions are to be taken to ensure good results. (C. U. 1944) 


4. Two plates of zinc are immersed in a solution of zinc sulphate and 
connected to the terminals.of a voltaic battery. Describe and explain briefly the 
effects observed on the two plates. (C. U. 1917) 


5. Explain the terms—electrolyte, electrodes, kathode, anode and ions. 


A current is passed through three electrolytic cells, the first containing dilute 
sulphuric acid with platinum electrodes, the other two containing a saturated 
solution of copper sulphate with platinum electrodes in one cell and copper 
electrodes in the other. State what occurs at each electrode. (C. U. 1924, '28) 


6. Deicribe an arrangement for obtaining oxygen by the decomposition of 
water. Point ou: the most important difference between electrical conduction 
in metals and ia solutions. (C. U. 1920) 


[Hints—For the first part, vide Art. 101. Decomposition takes place in a 
PALM dué to electric conduction, while in a metal no decomposition takes 
place. x "m 

7. How would you determine which is the positive and which is the negative 
terminal of a voltaic battery by (a) the magnetic effects, añd (b) electro-chemical 
effects of currents. (All. 1925) 


8, Without measuring currents by means of their magnetic force, Faraday 
was able to prove experimentally that the amount of chemical action occurring 
in an electrolytic cell is proportional to the quantity of electricity passing through 
it, Show how this can be done. (Pat. 1926) 
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9. State the laws of electrolysis and describe experiments to verify the 
D ,, : i 
(C. U. 1917,40, *44 ; Pat. 1936, *38, 42, '44, "49 ; Dac. 1927; All. 1927, "45) 


10: What do you understand by the electro-chemical equivalgnt of an elo- 
ment ? (Bomb. 1930 ; Pat, 1929, '30, '33, '38, '42 $C. U. 1949) 


How does it differ from the Chemical Equivalent t (G. U. 1949) 


ll. State the laws of electrolysis and show how they may be apoli 
measure the strength of an electric current, (Pat. 1937, "47; e. U. 1937790) 


12, State and explain Faraday's laws of electrolysis. How may the strength 
of an electric current be measured by means of a copper voltameter ? , 
(Utkal, 1947 ; R, U. 1949) 


13. Explain the terms ‘anode’, cathode, and ‘electro-chemical equivalent’. 
Two voltameters, one containing copper sulphate solutioa with copper electrodes 
and the other containing silver sulphate solution with silver electrodes are con- 
nected in series and à current is passed through them. After 20 minutesthe co»p;r 
cathode has increased in weight by | gram. Calculate (a) the increase in. weight 
of the silver cathode during thetime, (b) the average current passing. 

(G. U. 1950) 


{Chemical Equivalent of one 
» » » Silverz108 
96500 coulombs liberate 1 gm. of Hydrogen]. 
14. What is the amount of charge carried by a mo ovalent atom ia the 
process of electrolysis ? (C. U. 1944) 


15. A metal plate having total surface area of 320 sq. cms., is to be nickel- 
plated. If a current of 1*5 amps. is used for 3 hours, tind the thickness of nickel 
deposited on the plate. [Density of nickel-8'8 gms. perc.c.; B,C. E. of nickel 
20000304 gm. per coulomb.) (Pat. 1942) 


[Ane,: 1:87x107* cm.) 


16. A copper voltameter is connected in series with a battery and a standard 
2ohmscoil. The current is passed for 30 minutes and the increase in weight of 
the cathode is 1'476 gms. The meao reading of a voltameter connected across 
the 2 ohms coil is 5 volts. Determine the E. C. E. of copper. (C. U. 1919) 

[4ne. : 0000328] 

17. Three copper voltameters in parallel are connected to ths ends of a 
battery with resistance. If after 30 minutes the deposits are 0763, 0742, and 
0785 gm. respectively, find the strength of the current drawa from the battery 
(E. C. E. of copper is 0'000329 gm./coulomb). (Pat. 1930) 


[Ans : 3:867 amps.) 


18. A tangent galvanometer has a current passed through it which produces 
a deflection of 45°. The same current passes through a copper vollameter, where 
it deposits 0*3 gm. of copper in 30 minutes. If the E. C. E. of copper be 0 00233 
gm.jamp. sec, find the value of the current, and show how te determine the 
current of any reading for the galvanometer. (Pat, 1931) 

[Ana. : 07505 amp-] 

[Hints.— When. 0 is 45°, current O= 10K ; so K is kaowa for the galvano neter 
and thus a current for any other deflection will be known.) 

19. A battery sends a current through a tangent galvano noter, which i 
deflects through 2°, a voltameter in which it evolves 10 cc. of hydrogen in a 
certain time and a coil in a calorimeter in which the thermometer rises 0:370. all 
the instruments being in series. If the current be made 5 times as groat, deseribs 
and explain the effect of the increased current on the three iastru vents, 
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20. The coil ofa Tangent Galvanometer having 10 turns and radius 5 cms, 
is placed in series with a copper voltameter. If the deflection is 60° and H=0'36, 
calculate the weight of copper deposited in 30 minutes [Electro-chemical 
equivalent ef Hydrogen=0 00001045 and atomic weight of copper (divalent) 
=63'57]. (Pat. 1934) 
[Ans.: 0:296 gm.] 

21. Describe an experiment to determine the electro-chemical equivalent of 
copper. (Pat. 1940 ; G. U. 1949) 


22. Calculate the strength of the current thatis to be sent for an hour 
through an electrolytic cel! containing silver nitrate solution for depositing 0:035 
gm. of silver on the cathode. (E. C. E. of silyer=0°001118 gm. per coulomb.) 

(C. U. 1948) 

(Ans.: 0'2ampere] 

23. Describe a copper voltameter and explain how with the help of such à 
voltameter, the reduction factor of a tangent galvanometer.can be pa n 44) 

at. 19 


24. In an experiment, the weight of silver deposited was 1:372 grams in 45 
minutes. The deflection of the galvanometer needle was 30°. Draw a diagram 
showing the necessary connections, and find the reduction factor (E. C. E. of 
silver=0'00112 gm. per coulomb). 

1372 
Ans; K= =0' 

ee (00112 x (45 x 60) x 10 x 10/ J3 o] 

25. Explain carefully how you would use a tangent galvanometer to measure 
an electric current. Deduce any expression you use. (Pat. 1949) 

26. Describe the action and working of a lead accum ulator. 

(Pat. 1926 ; of. All. 1929 ; C. U. 1933, 45, '53) 

27. In what respects does an accumulator differ from a Daniell Cell t 

(C. U. 1953) 


28. Describe and explain the principle of action of a storage cell. 
(Pat. 1947 ; U. P. B. 1948) 


29. Briefly explain the process of electro-plating. (All, 1920) 
30. Describe with a neat diagram, the arrangement for having a uniform 
coat of silver on brass spoons. (Pat. 1932) 


31. How will you proceed to deposit silver on a copper vessel? Find the 
strength of the current which will deposit 2 gms. of silver in 2 mius. (E. C. E. of 
silver =0°00112.) (All. 1931) 

[Ans.: 149 amps.) 

32. A piece of metal weighing 2000 gms. is to,be electro-plated with 2} per 
cent of its weight in gold. If the current strength is 1 ampere and the electro- 
chemical equivalent of gold is 0 0006808 gramme per coulomb, how long will it 
take to deposit the required weight of gold? (Pat. 1925 ; All. 1927) 

[Ans. : 20 brs. 24 mins. 3 secs.) ` 


33. State and explain Faraday's lawa of electrolysis and point out three 
applications of the phenomenon of electrolysis. (Utkal, 1948) 


CHAPTER VII 
Electro-magnetic Induction 


118. Induced Currents:  Faraday's Experiments:—It has 
already been found that a magnetic field is produced in the space sur- 
rounding a wire carrying s current. In 1891 Faraday showed that 
a momentary electric current can also be set up in a closed coil of 
wire by only moving it near a magnet or in any other magnetic field ; 
and a current can also be produced if a magnet be moved near the 
coil. No current will, however, be produced if there is no relative 
motion between the two, namely the magnetio field and the conductor. 
The current produced in a closed coil due to relative motion between 
it and a magnetic field is called induced current and the phenomenon 
is called electro-magnetic induction. 


Methods of producing induced Currents.— 


(i) Currents induced by Currents.—Two cylindrical coils of 
insulated wire are taken, one of which having a large number of turns 
is connected with a sensitive galvanometer G (Fig. 100), and the 
other, which can easily be introduced into the hollow of the first is 
connected with a battery a variable resistance R and a key. The 
former which is connected to the galvanometer, is called the secon- 
dary circuit and the latter which contaiag the battery the primary 
circuit. 


First connect a coll with a suitable high resistance in the secon- 
dary circuit, and notice the direction of deflsction of the galvan- 
meter. ‘Trace the 
direction of the 
current in the coil 
knowing the polari- 
ties of the cell. Thus 
the direction of the 
current is identified 
with the deflection 
in the galvanometer. 


(a) After putting 
the primary coil in- 
side the secondary, 
if the key in the 
primary is pressed 
down, asudden deflec- Y 
tion ie observed in Fig. 100 


the galvanometer. It 2 : 
is levra that the direction of this instantaneous current is opposite 


to that passing in the primary. When the primary circuit is broken 
by AET EREA NDE the key, the galvanometer is again deflected, bub 
in a direction opposite to the previous. This time the direction ot the 
instantaneous current. through the secondary is the same as that 
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passing in the primary. The induced current is only momentary and 
exista only while the change in the primary is made. 


(8) Similarly, when the current strength on the primary circuit 
ia increased, by decreasing the resistance, or the primary coil is 
thrust more and more into the secondary, an instantaneous inverse 
(i.e. in the opposite direction to that in the primary) current is pro- 
duced in the secondary, and when the current strength of the prim 
mary is diminished or the primary coil is removed to a greater 
distance, an instantaneous direct (i.e. in the same direction as that 
in the primary) current is produced in the secondary. 


In the above experiments, the strength of the induced E.M.F. (and 
hence the current) is greatly increased by keeping a bundle of soft 
iron wires inside the primary coil. In thia case, increased deflections 
will be obtained on making or breaking the primary circuit. This 
is due tothe high permeability of iron owing to which the change in 
the number of lines of force is increased by the introduction of the 
soft iron wires. 


Explanation of Induced Current from Lines of Force—Fig. 101 
gives a vivid picture of the simple facts of electro-magnetic induction 
stated above; The ‘primary’ and the ‘secondary’ circuits are represen 
ted as two parallel straight wires AB and CD, where AB is the 
*primary" apd QD, the ‘secondary’. As soon as the primary cirouit is 
closed current passes in the direction from- A to B, anda number of 
circular magnetic lines of force concentric with AB is established, 

: whose direction is clockwise when 
viewed from the end A. During estab- 
lishment some of these lines cut 
through the secondary CD end thus 
c startup a momentary current in the 
secondary in a direction so as to 
oppose the sudden appearance of these 
+ magnetic lines, by setting up lines of 
' force in OD ia the anti-clockwise 

‘Pig. 101 direction when looked at from the end 
.Q. Bo the direction of the current in CD must be from DtoC. It 
the current in the primary is increased, an exactly similar effect is 
produced but the effeot is due to the additional lines of force due to 
increased current. 


Primary Y, 


On breaking the circuit in AB, the lines of force shrink up in 
both AB and CD; in CD an induced current is set up which tends to 
maintain the original field during the time of disappearance of the 
lines of force ; thus the direction of the icduced current this time in 
CD must be from C to D in order that the lines of force may be in 
the clockwise direction go a8 to maintain the original field. It the 
current in the primary is decreased, or the primary circuit is removed 
to a greater distance from the second:ry, a similar effect is produced, 
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but the effect ig due to the d 
pense le e decrement of lines of force linked up with 


i (ii) Currents induced by Magnets.—Similar effects as in 
currents induced by 


currents" are observed by 
using abar magnet instead 
of the primary coil (vide 
Fig. 102). The direction 
of the current induced in 
thecoil is determined as in oí (e ai 
Art. 113 (2), Fig. 102—Current Induced by Magnet. 
(a) When the north 

pole of the magnet is brought near the secondary, i.&. the coil of wire 
in this caso, a temporary current is induced in the coil which flows in 
such a direction (anti-clockwise) that the near end of the coil acquirea 
also north polarity [Fig. 102 (a)]. 


When the north pole of the magnet approaches the coil, more and 
more lines of'force^of the magnet will embrace the coil and the 
induced current developed in the coil will be such as to oppose this 
inarease or, in other words, the front face of the circuit will acquire 
similar polarity, ie. north polarity. Hence the induced current is 
anti-clockwise in direction. 

(b) When the magnet is withdrawn, the current flows in the 
opposite direction (clockwise), and so the polarity of the near end is 
aleo opposite, 4 e. eouth [Fig. 102 (5)]. 

Here the number of lines of force linked with the gecondary 
gradually diminishes ; so the direotion of the induced current will be 
such as to oppose the diminution, i.e. there will be a tendency to main- 
tain the original number of lines of force. So thefrontfacewill acquire 
south polarity and the direction of the current will be clockwise. 

(c) When the movement of the magnet becomes quicker, the 
induced current becomes stronger. 

Here it should be carefully noted why the induced current in the 
coil becomes stronger with the quicker movement of the magnet. 
When the magnets move quickly, more lines of magnetic force are cut 
per second by the coil and so the induced E.M.F. (and hence the 
induced current) becomes greater. 

(d) No current is produced when the magnet does not move, i.e. 
when the number of lines of magnetic force through the coil does not 
change. 

() The reverse effect is produced, when the south pole of the 
magnet is used. 

Thus the change of magnetic lines of force may be regarded as 
the reason for inducing in the coil an electro-motive force which gives 


rise to a momentary current, à 
N.B. It should be noted that in these experiments, [(a) to (e)], we 
obtained electrical energy in a coil by the motion of the magnet near it, 
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The above resulta are tabulated below : 


——— 
By | Primary Secondary 
Current (a) at make Instantaneous and 
| (b) at approach ' inverse current 
1 (c) when strength 
increasing 
Magnet | when approaching 
| 
Current | (a) at break Instantaneous and 
(b) when recediag direct current 
(c) when strength 
decree sing 
Magnet when receding 


114, The Laws òf Electro-magnetic Induction :—As a result of 
his famous experiments on electro-magnetic induction, Faraday in 
1831 stated the following laws— 


(1). When the number of magnetic lines of force (which is often 
termed the magnetic flux passing through a circuit alters, an induced 
B.M.F. is set up, the magnitude of which is proportional (a) to the rate 
ai which the change of flux takes place, and (b) to the number of turns 
in the circuit. 

In the above experimenta of Art. 113, when the primary current 
is made, or increased. or it is brought nearer the secondary coil, the 
number of magnetic lines of force passing through the secondary is 
increased ; and when the primary circuit is broken, or removed to a 
distance, or the north pole of the bar-magnet ia taken away, the 
number of magnetic lines of force in the secondary decrease, 


(2) An increase in the number of lines of forc: linked up with the 
circuit induces an inverse current, while the decrease in the number 
of lines of force induces a direct current in the circuit : and the current 
continues only while the change in the number of lines of force actually 
takes place. 

Mathematical Form of Faraday's Law —Li»& N be the number 
of lines of force passing through a cirauit at any instant, ani N' be the 
lines after a short interval t. 


(i) It N’>N, (N'— N) is positive, and the induced E.M.F, 
e=KNIN_N-—N 

t t 
since in the electro-magnetic system, bhe constant of prozortion ality, 
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K=1. But the induced E.M.F. e is inverse ; so with its proper sign, 
we have, —e=~— Z 


or, e= 


(ii) It N'<N, (N'-N) is ne 

, gative and in thi j 
decrease in the number of lines of force and so the Todas EM 
e is direct. So, with proper sign, we have aN N NN 

t t 
Thus, in both these cases we find that the induced E.M. i 
bui chame e magnetic fluz with the sign cient M 
e secondary consists of t i 

eer ae n turns of wire, the value of the 


na Ln(N'— N).. _ total number of lines of force cut ) 
t time in seconds CEA 
_ _ total change in flux, total change in fi 
or, 62 O14.) FE — ——. MUDEI 
time in seconds (eme) 10°Xtime in seconds volis). 


115. Magnitude of the induced E.M.F. :—The magnitude of the 
induced E.M.F. can be increased in three ways—(i) by increasing the 
number of turns of wire of the secondary coil, by which the actual 
number by which each line of force is cut-by the secondary is inorea- 
sed, and o the induced E.M.F. is also increased ; (ii) by winding the 
primary on a bundle of soft iron wires, which increases the number of 
lines of force in the primary on account of the high permeability of 
iron ; (iii) by increasing the rate of change of the nuynber of lines of 
force, i.e. by increasing the speed at which the primary circuit is 
made or broken or by any other means. 

The first method is more important than the other two as it shows 
that an extremely high E.M.F. can be produced by taking a secondary 
coil of a very large number of turns. 

116. The Lenz's Law :—In experiments under Art, 113(ii) it has 
been found tha} if the north pole of a bar-magnet approaches a coil 
the direction of the induced current in the coil, as seen from the 
magnet, is anti-clockwise; that is, it is such that the face opposite to 
the north pole of the magnet acquires north polarity, which, there- 
fore, tends to oppose the motion of the magnet. Similarly, if the 
magnet recedes from the coil, the same face of the coil will acquire 
south polarity, which, therefore, tends to attract the magnet. Hence 
there is always mutual opposition between them. Thisis true in every 
case of induced current. So to obtain the direction of the induced current 
there is a law, known as Lenz's Law, which runs as follows— 

In all cases of electro-magnetic induction the induced current 
is in such a direction that its reaction tends to stop or oppose the 
very cause to which the induced current is due. 

Lenz's Law and the Principle of Conservation of Energy.—lIa 
the experiments already mentioned it is seen that when the N- pole 
of a magnet moves relatively to a closed circuit, a current is induced 
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in the circuit which sets up a mangetic field to oppose the motion of 
the magnet. Similarly, when a primary coil approaches the secondary 
an unlike current being induced in the secondary, there is a force 
of repulsion between the two. So in these experiments an amount of 
mechanical work is to be done in overcoming the opposition while 
producing induced currents, snd it is this mechanical energy which is 
transformed into the energy of the induced currents. 

In the case where the primary and secondary coils are fixed and 
the induced current is produced by making or breaking the primary 
current or by changing the strength of the current in the primary, 
the flux through the secondary changes due to which there is a 
change of electrical potential energy, of the secondary coils, which is 
converted into electrical kinetic energy, i.e. the energy of the induced 
current. 

Lenz's Law follows from the principle of Conservation of 
energy, a8 all laws ultimately must ; for if the direction of the in- 
@uced current were such that it helped the motion of the approaching 
coil or magnet, instead of opposing it, the motion of the approaching 

. coil or magnet would be increased. So in magnetic field it would 
be necessary to give a slight movement to a conductor, when its 
velocity, and hence its kinetic energy according to the above condi- 
tion, would go on increasing without receiving energy from any other 
source that is, electrical energy will be continuously generated with- 
out the expenditure of an equivalent energy of some other form or 
forms which is against the principle of conservation of energy. 


117. Fleming's Right-Hand Rule:—A simple rule, known as 
Fleming's right-hand rule, gives a 
convenient method of deducing the 
direction of the induced current (or 
E.M.F). 


Hold the thumb, the first fingers 
and the middle finger, of the right- 
hand mutually at right angles to 
dar each other. If the first finger 

AS points in the direction of the mag- 

Q netic lines of force and the thumb 

Fig. 103 in the direction of the motion, the 

middle finger will point in tha 

direction of the induced current or E.M.F. (cf. Fleming's Left-hand 
Rule in Art. 26/a)]. 


In Fig. 103 the rule has been illustrated. A straight horizontal 
conductor CD ia made to move vertioslly upwards at right angles to 
a uniform field. The fore-finger of the right-hand points in the 
direotion of the magnetic field and the thumb in the direction of 
motion of the conductor. The middle finger, which is directed at 
right angles to both the motion and the field, shows the direction of 
the E.M.F. induced in the conductor. 


Motion 


== 


ELECTRO-MAGNETIC INDUCTION 171 


118. Mutual Induction and Self-Induction :— 


(i) The phenomenon of production of induced current in a circuit 
by changing the magnetic field due to a current in another circuit is 
known as mutual induction. The experiments, described in Art. 
113 (i), are all instances of mutual induction. The circuit which 
carries the source of E.M.F. and in which the varying magnetic field 
is produced, is called the primary circuit, and the other cireuit which 
is wound on the primary, or near it, in which the induced E.M.F. is 
produced is called the secondary. To increase the inductive effect, 
the coils are often wound on a soft-ircn core and the secondary is 
given a large number of turns. 


The Coefficient of mutual Induction (or simply, mutual induct- 
ance) of two circuits may be defined as the magnetic flux linked up 
with the zecondary when a unit current (e.m.u.) flows in the primary, 
or as the Æ.M.F. acting round the secondary due to a unit rate of 
change of current in the primary. 


(ii) Induced current may also be developed in a circuit due to its 
own movement in a magnetic field, or by the change of flus through it- 
self dus to variations of its own current strength. The phenomenon is 
called self- induction. 

Thus when a current is started, or suddenly increased, in a coil 
of many turns, there is an increase in the magnetic lines of force 
passing through the coil, and so an inverse induced current is set up 
which opposes the growth of the current in the circuit and thus 
weakens temporarily the current in the circuit. (It shoud be noted 
that the growth of the current and so the growth of the magnetio 
lines of force is not instantaneous but takes a little time, though ib 
may be a fraction of a second). Again, when the current through the 
coil is suddenly stopped there is a decrease in the number of the 
magnetic lines of force in the coil, and 80 a direct induced current (i.e. 
in the same direction as the original current) is set up, which tends 
to prolong the steady current for a short time, and which frequently 
gives rise to a spark at the point where the circuit is opened. The 
induced current, thus prodnced a break is sometimes called the 
"extra current". This ia due to self induction. 

The coefficient of self induction (or self-inductance, or simply». 
inductance) of a circuit is defined as the magnetic flux associated 
with the circuit due to unit current (e m.u.) flowing in the circuit or 
as the extra E.M.F. produced in the circuit due to a unit rate of 
change of current in the circuit. 

The practical unit of inductance (mutual or self) is called the 
Henry. Itis the inductance which causes an E.M.F. of 1 volt to act 
round a circuit for a change of current of 1 amp. per 8ec. 


1volt _ 10° tj , 
B: sd — 10" —10? ¢.mu.'s of inductance. 
mry = 7 Bag" 10 10° e.m.u. s 


That is 1 he 
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Milli-henry (107? henry) or Micro henry (107° henry) are found 
convenient units for expressing inductances which are ordinarily used 
in the laboratory. 


Note.—It should be noticed that in order to avoid the effect of 
self-induction in the coils of resistance boxes, each silk-covered wire 
is doubled on itself and wound in a coil. In this case the direction of 
the current in one-half of the wire is opposite to that in the other 
half, and go the effect due to one is neutralised by the other. This is 
called non-inductive winding [see Fig. 65]. 


Demonstration of self-induction in a coil.—Faraday observed 
the effect of self-induction as follows: The coil CD is connected to 
the battery B and the galvanometer 
G as in Fig. 104. When the key K is 
pressed and the current is established, 
suppose the needle is defleoted to the 
position a'b' where it is retained by 
means of a stop. Then on breaking 
and again closing the circuit immedia~ 
tely, the needle is deflected momenta- 
rily beyond a'b'. This is due to selt- 
induotance of OD delaying the esta- 
blishment of ourrent through it, as a 
result of which the fraction of the total current of the cell, which 
traverses G, increases. If the needle is held in its normal position 
ab, a deflection in the opposite direction takes place on breaking the 
eirouit in this case, the self-induced current in CD is in the direction 
of the principal current i.¢.. it passes through the galvanometer G 
from right to left. 


Fig. 104 


119. Eddy Currents :—When a mass of metal, é.¢. a conductor 
is moved in a magnetic field, or the magnetic flux through a stationary 
mass of conductor changes, an induced current is produced within 
the mass of the conductor. These currents are known as Eddy 
Currents or Foucault Currents after the name of the discoverer. 
According to Lenz's law the direction of the induced currents within 
the conducting mass will be such as to oppose the relative motion 
between the conductor and the magnetic field. 


The eddy current is utilised in damping the oscillations of a mov- 
ing coil galvanometer to make the latter ‘dead beat’ when the coil is 
wound on a metal frame and it is also often utilised to provide the 
damping torque in many electrical measuring instruments. 


120. The Ruhmkorff's Coil:—This is also simply called an 
induction coil. It is a practical application of the principle of 
mutual induction. By this machine an induced E.M.F. of very 
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high voltage is produced between the ends of a secondary coil by 
rapidly making and breaking a primary current of low voltage. 


Parts.—This ma- 
chine essentially con- 
sists of the following 
parts— 

(D A Primary 
coil—It is a coil 
(PP') Fig. 105, of a 
few turns of thick 
insulated copper wire 
wound usually on a 
hollow tube of some 
good insulating mate- 
rial; in the hollow 
of the tube is placed Fig. 105— The Ruhmkorfi's Induction Coil. 
co-axially a core 
consisting of a bundle of soft-iron wires (or a lsminated core of soft- 
iron) which increases the magnetic flux produced by the primary ooil 
and it acts as an electro-magnet, 

(ii) A Secondary Coil—It is a coil SS’, of very large number 
of turns of very fine insulated copper wire wound on a wider, outer 
tube, made of s highly insulating material. Sometimes shellao, is 
used to insulate the turns from each other. In order that there 
may not be any sparking between the neighbouring turns, which 
are at high potential difference when the machine is in action, 
insulating separators (not shown in the figure) are also often used at 
regular intervals between the two ends S,S’. The terminals S,S' 
are connected to two adjustable conductors, M and N, which end in 
two knobs and which may be get apart leaving an air path in between. 

(ii) An Iron Hammer.—One end P' of the primary coil is, 
connected to a metallic spring B which supports at its top an iron 
hammer H provided with a platinum contact point p at its back. 


(iv) A Contact-Breaker—This consists of an adjustable 
metallic screw E with a platinum point p' in line with p fixed tos 
vertical metallic pillar A. The primary circuit is closed when the 
sorew Æ is so adjusted that its contact point p touches the hammer 
contact point p. By adjusting, the base screw W (made of an insulator) 
the spring oan be set at a desired position, i.e its stiffness can be 
regulated. . 


(v) A Condenser.—This is a fixed condenser of very large value. 
The condenser usually consists of a large number of tin foila separated 
from each other by pieces of paper soaked in paraffin. The condenser 
C is inserted with one of its two sets of foils connected to the hammer 
and the other to the adjustable screw, so as to be in parallel with 
the contact-breaker, as shown in the figure. 
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(vi) A Commutator.—By this the primary current csn be started, 
stopped, or reversed (not shown in the figure). It is connected at T, 
T’, which are the two leads from the primary. 


Action.—To start the action of the machine, a battery of low 
voltage (2 to 6 volts) is connected through the commutator to the two 
terminals T, T' of the primary coil, and the contact screw E is 
worked till the two platinum points p, p' touch each other, i.e, the 
primary circuit is closed. 

Action in the Primary.—As soon as the primary circuit is closed 
the current passing through the primary coil magnetises the soft-iron 
core which attracts towards it the soft-iron hammer H which is in 
front. As the hammer is drawn towards the core, the circuit is 
broken between p and p', peducing the primary current to zero and 
thereby the core is demagnetised. The spring B brings the hammer 
back to its original position by virtue of its elasticity, and again 
the circuit is made as before. By the automatic arrangement the 
primary current is alternately made and broken ata rapid rate. 


Action in the Secondary.—When the primary current is made, 
a strong magnetic flux suddenly increasing from zero value to a maxi- 
mum is produced by the iron-cored primary coil and this causes a 
large induced E.M.F., depending on the number of turns used, to act 
in the secondary coil in the reverse direction as the primary current 
grows. Next when the primary current is broken, the same flux 
linked up with the secondary will collapse from the maximum to zero 
value causing an induced E.M.F. to act in the secondary in the same 
direction as that of the primary, as long as the primary current 
decays. So, for a complete cycle comprising a make and the next 
break, it appears that two electro-motive forces of the same magnitude 
will act in the secondary in opposite directions, That is, an alternat- 
ing E.M.F. will be produced at the ends of the secondary terminals. 

But actually an intermittent unidirectional E.M.P. is obtained 
because the induced E.M.F. at break is much greater than that at 
make, which may be explained as follows :— 

(i) When a current in the primary is made, then due to the selt- 
induction of the primary eoil, an inverse induced E.M.F. acta in the 
primary, which opposes the growth of the current. So the flux gene- 
rated inereases less rapidly than its rate of rise when there is no self- 
induction. So, due to the effect of self-induction of the primary, the 
inverse induced E.M F. in the secondary is also correspondingly 
decreased. 

(ii) When the primary circuit is broken a very high resistance is 
introduced at the air-gap between the contact points p, p' and so the 
primary current tends to fall to a zero value instantaneously. Within 
the secondary the flux is therefore withdrawn at a much greater 
rapidity than its rate of growth at make. So the direct induced E.M.F. 
‘at break’ should be much greater than the fuverse EM.F. ‘at make’. 

This is, however, not the only aspect of the action. 
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The self-induction of the primary creates a direct induced E.M.F. 
in the primary when the circuit is broken, on account of which the 
primary current tends of persist, or, in other worda, it retards the 
cessation of the primary current. So the flux produced by the pri- 
mary current is withdrawn at a leseer rate than it should be when 
there is no self-induotion. Thus, due to the effect of self-induction of 
the primary, the secondary E M.F, ‘at break’ should be corresponding- 
ly diminished, but nevertheless, the direct E.M.F. produced ‘at 
break’ will be still much larger than the inverse E. M,F., produced ‘at 
make’ in the secondary coil. The direct E M.F, produced in the 
primary ‘at break’ is large enough to cause a spark at the air-gap 
between the contact pieces, where most of the resistance of the 
circuit is localised. The contact points though made of platinum in 
order that they may not wear out easily, are subjected to these 
sparks which tend to burn them away. 


Action of the Condenser.—A condenser O of large capacity is 
placed parallel to the air-gap between p, p' where the occurrence of 
sparks is reduced thereby and it increases the efficiency of the 
machine algo, 


The action of the condenser may be explained as follows. The 
self-induced E.M.F. ‘at break’ in the primary is imparted to the air- 
gap, t.e. to the coats of the condenser. As the capacity of the oon- 
denser is large, the plates are charged to a P.D. too small to lead a 
Bpark across the air-gap. So the sparking ia diminished. The tenden- 
cy of the primary current to persist being thus reduced, the rate of 
withdrawal of the flux during ‘break’ is considerably increased which 
helps to develop a large E.M.F. in the secondary ‘at break’. There 
is yet another aspect of the action of the condenser. During ‘break’, 
as socn as the condenser is charged, it discharges itself immediately 

wing to the low resistance of the primary circuit ; that ia the charge 
in the condenser rebounds and traverses the primary coil in the 
opposite direction and thus completely neutralises any residual 
magnetism of the iron core which may be retained in the core due to 
its retentivity, if any. This is equivalent to a removal of the flux 
through the secondary and their re-insertion in the opposite direc- 
tion. The charge of the flux is, thereby, almost doubled ; so the 
secondary induced E.M.F. produced during ‘break’ of the primary 
current is also mado almost double. In a complete cycle comprising 
‘a make and a break’ the direct induced E M.F. ‘at break will there: 
fore greatly predominate over the inverse induced E.M.. ‘at make 
resulting in a unidirectional secondary | discharge, but of the inter- 
mittent type, taking place only during ‘breaks’. 

Note: The current induced in the secondary depends, besides on 
the rate of change of the number of lines of force, upon the resistance 
of the circuit which is fairly high, whereas the induced E.M.F. 
depends on (a) the number of turns of the secondary, and (b) 
the rate of change of the number of lines of force, aud not on 


176 INTERMEDIATE PHYSIOS 


the resistance of the circuit ; so, though the voltage obtained in an 
induction coil is very high, the sctual cirrent (amperage) of the 
secondary circuit is very small. 


N.B. For a spark in air of 1 inch length, a pressure of about 
20,000 volts is required, The P.D. produced by an induction coil of 
medium size may vary from 10,000 to 30,000 volts. 


It should be noted that in power-stations, where we are concerned 
with very large current, switches of special design are used so that 
they may be pulled away very rapidly in order to prevent damage to 
the contacts where the circuit is broken. In domestic houses, swit- 
ches fitted similarly with a spring are used to serye the same 
purpose. 


By an induction coil, however, a greater quantity of electricity 
at high voltage is obtained than by a Wimeburst machine. 


121. Michael Faraday (1791-1867) :—In the whole range of 
physics, Faraday's life occupies a unique position as one whose ex- 
perimental researches have rendered the greatest benefit to mankind. 
The foundations of Modern Electrical Engineering have been laid by 
his discoveries in electromagnetism. We have a serially recorded 

H list of his researchee—a, legacy to 
posterity he has left—which shows 
his las& work bear the number, 
1€041. In the space of a life time 
how such a huge work is possible for 
one ig almost unimaginable. He rose, 
from a very low position in life to 
the highest scientific position of bis 
time by merit and perseverance—a 
history which provides fascinating 
reading to all readers. He was a 
blackemith's son and began life in 
a London Book-binder’s shop as 
apprentice—his father having mi- 
grated to London from Yorkshire. 

Michael Faraday Here he became attracted to books 
on Chemistry and Electricity which passed through his hands. 
Through the courtesy of a customer of the shop, who was a member 
of the Royal Institution, he at this time obtained an admission 
ticket for a series of lectures which were to be delivered at the Royal 
Institution by Sir Humphrey Davy, the celebrated chemist. He 
took note of his lectures. He rewrote them in a note book illustra- 
ting them with neatly drawn diagrams and sent them over to Davy 
requesting him for an employment in his laboratory. Davy was 
greatly moved, and asked the advice of a governor of the Insti- 


ELEOTRO-MAGNETIO INDUOTION 177 


tution if something could be done for the boy. “Leb him wash 
bottles," said the governor, “Jf he is any good he will sccept the 
work ; if he refuses, he is not good for anything.” So came Faraday 
to the Royal Institution in 1813 as Davy's assistant where later he 
became successor to Davy. Davy once said that his greater discovery 
was the discovery of Michael Faraday. ‘ 


Faraday's first important work was with Davy on the liquefaction 
of gases—liquefaction of chlorine, carbonic acid, ammonia, etc. His 
next important work, which he independently did, was the rotation of 
magnets about currents, and of current-carrying conductors about 
magnetic poles—steps which preludes to great discoveries which he 
made later. In the autumn of 1831 he discovered the phenomenon 
ot electro-magnetic induction—a principle which opened up the possi- 
bility of generation of electricity on & large scale and which is univer- 
sally utilised to-day by all practical concerns. A single discovery of 
this kind is enough for one to go down in history as immortal, re- 
membering the importance of electricity to-day and the extent to 
which electricity has contributed to economy and welfare of mankind. 
We owe to him the idea of the magnetic as well as the electric lines 
of foree which he introduced for the first time, The tubes of force 
which he imagined are referred to now-a-days as Faraday tubes. 
Another mighty discovery of his, which has produced far-reaching 
achievements, is the chemical effect of electrie currents, known to 
the world to-day as Faraday's laws of electrolysis. He introduced 
the terms, electrolysis, electrolyte, electrode, anode, cathode, etc. and also 
investigated the secondary chemical reaction, which are often found 
fo occur at the electrodes. The charge which flowing through an 
electrolyte deposits one gramme-equivalent of a substance has been 
named.a Faraday in recognition of his work, which later revealed the 
atomic nsure of electricity. The discovery of the magnetic rotation 
of the plane of polarisation of light is also due to him. The Faraday 
dark space has been named after him as a memory to his work in 
connection with electric discharge through gases at low pressures. 
The practical unit for capacity is called a Farad as à mark of honour 
to his talents and recognition to his work on dielectrics. 


He was an ideal man of science and always liked to be left to 
himself in his scientific thoughts, free for undivided attention. 8o, 
when the presidentship of the Royal Society was offered to him, he 
humbly refused to accept it. -Likewise he declined to accept a title. 
He remained a simple Michael Faraday. He hada profound respect 
for the beliefs of the Sandemanian Sect to which he belonged, and 
married a goldsmith's daugher with whom he lived a happy life. 
They left no children. To him the ideals of true man of science 
should be: ‘enthusiastic, but careful, linking experiment with 
analogies, mistrustful of preconceived ideas, regarding a fact as more 
valuable than a theory, not hasty in generation, and above all 
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prepared to test his own opinions at every step afresh both by consi- 
deration and observation. 


Questions 


i. What is an induced current? Describe typical experiments wherby the 
production of induced currents may be illustrated. 
(C. U. 1909, *13, "15, 716,18, '19, '26 ; Pat. 1918, *21, '28, '42 ; All. 1920, *23, 29) 


1. (a) What do you understand by induced current ? Describe experiments 
to show the production of such currents (b) by a magnet, (c) by a current. Upon 
what factors, and ia what manner, do the strength and direction of the induced 
current depend ? (Pat. 1948) 


2, Given (a) a coll of wire whose ends are connected to à sensitive galvano: 
meter, (b) a coil of wire whose ends are connected to a. battery, (c) a bar-magnet, 
devise experiments from which the laws of electro-magnetic induction can be 
deduced. (C. U. 1949) 


3. A coil is connected to a sensitive galvanometer. Another coil carrying à 
current is then (a) quickly introduced into the first, (b) while still there, the 
current in the second coil is reversed, and (c) finally withdrawn quickly. Explain 
the effect on the galvanometer. Can you produce à similar effect by some other 
means? If so, how? (Pat. 1928) 

[Bint».— Similar effect can be produced by a bar-magnet.] 

4. It is known that a current can be induced in a coil by moving à mangnet 
near it. What conditions determine (a) the direction, (b) the duration, and (c) the 
magnitude of the induced current? Glve experimental evidence in support of 
your answer. (C. 

5. Describe sone experiments to show that electric current. may be produced 
«ven without batteries. (Dac. 1932) 

6. Give a brief account of the principal phenomena of electro-magnetic 
induction. (C. U. 1931, 39 ; Pat. 1943) 

Give the chief facts relating to electro-magnetic induction. * (Utkal. 1951) 

7. What do you understand by induced current ? How may it be produced ? 
Upon what factors and in what manner, do (i) strength, and (d) the direction 
of the Induced current depend ? (Pat. 1940 ; R. U. 1952) 

8. State the laws of electro-magnetic induction and describe suitable experi- 
ments illustrating each of them. (C. 

9. State Lenz's law and apply it to explain the production of electrical 
currents by induction. Show that it follows from the principle of conservation of 
energy. (C. U. 1933, *36, cf. '47, 49 ; Pat. 1941, '48) 

10 State and explain Lerz's law. (Pat, 1948 , Utkal, 1948) 

11, Explain "Electro-megnetic induction with an example. State Lenz's 
Law. How is this law apphed for electro-magnetic damping in galvanometers ? 

(M. B, 1952) 

„12. Describe an induction coil and state the reasons for making the primary 
coil consist of a few turns of thick wire and the secondary of a very large number 
of turns of thin wire. What is the part played by the condenser ? What is the 
function of the soft iron core ? (C. U. 1936, Pat. 1938, '39, '45) 

12. Sketch the parts of a simple Ruhmkorff's coil and explain the action. 
Is there any difference between the high potential differences obtained with 


U. 1926; Bomb, 1932 ; Pat. 1949). 
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a Ruhmkorff's coil with an electro-static machine? If ro, account for it. 
(Pat. 1920, '30) 


14. Describe a sectional diagram of a Ruhmkorff's coil, with an index of 
parts, and explain its actions. (C. U. 1922, '25, '27, '36, 42, '44, '51, '52; 
G. U. 1949 , Pat. 1929, '32, 42,743 ; All. 1924, 30 '45 ; Dac. 1934 ; R. U. 1948) 
Mention some of its uses in the laboratory. (G. U. 1949) 


15. lain the construction and working of an. induction coil, pointing out 
the ways in which the different parts of it contribute to increase the lengths of 
the spark between the terminals of the secondary. Mention some uses to which 
It has been put in-a laboratory. (Pat. 1946) 

16. Name a few applications of the principle of electro-ma: netic Induction 
and describe one of them briefly. bus (Pat, 1949 1 A.B. 1952) 


17. Describe the construction and use of Ruhmkorff's induction coil. Explain 
the function of the condenser in it. (Utkal, 1950; R. U. 1950) 


OHAPTER VIII 
Technical Applications of Electricity 


122. Applications of Electricity :—Most of the commercial 
applications of electric current depend upon one or other of the 
following three properties.— 

(1) An electric current produces heat in a conductor when it flows 
through it. This heating effect has been utilised in electric lamps, 
furnaces, heaters, irons, ete. some of which have been described in 
this chapter. 

The principle of the incandescent electric lamp depends on the 
fact that when a current is passed through & wire—called the fila- 
ment—of high resistance, the wire may become so hot as to be 
rendered incandescent, if the material of the wire has a high melting 
point. 

(2) An electric current produces chemical changes when it 
passes through certain solutions. This effect is known a8 electrolysis, 
which is utilised in electro-plating, purification of metals, etc. (vide 
Chapter VI). 

3) An electric current produces magnetic fields surrounding it. 
Some of the applications of this effect have been given before and some 
are given in this chapter. 

123. Electric Lamps and their Progress (Fig. 106] :—8ir 
Humphrey Davy made the earliest attempt (1810) at lighting by pro- 
ducing an arc between two carbon rods. [vide Art. 193(2)). It could 
not be universally accepted for domestic use owing to its large power- 
consumption and difficulty of even and continugus operation, 
Jablochkoff devised a sort of carbon are, called "are candle” (1877), 
operated by alternating current. The two electrodes, being alternately 
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positive and negative wore out equally and the space between them 
could thus be kept constant, and so this arc ran more evenly than the 


My 
G 
Carbon Colled filament 
A. 


» : € H 
Joblochkoff Swan lamp Edison Nernst Vacuum Gasfilled Coiled coil 
candle 1876 1879 lamp lamp lomp 


_ Fig. 106—Development of Electric Lamps. 


Davy’s arc. It had, therefore, a greater measure of success ; but this 
as well had to be discarded owing to large consumption of power and 
shortness of life. 

(1) Filament Lamps—Grove and Moleyns (1840) first used a 
metallic wire (platinum) for lighting by heating it to incandescence by 
electric current. Such wires became brittle due to oxidation in air. 
Starr and King suggested (1845) metal or carbon filaments, in vacuum, 
to prevent oxidation. Springel introduced an efficient Vacuum pump 
in 1875, and this enabled Edison in America and Swan in England, 
during 1878-79, to make the first successful carbon filament lamps. 
Edison's carbonised bamboo filament lamps (1880) gave about 3 lumens 
per watt.* 


Carbon filament lamps have, however, many defects. Resistance 
of carbon decreases with rise of temperature. So more current is 
allowed through the filament when it is hot than when cold. This 
produces over-heating and much wastage of energy. Oarbon disinte- 
grates slowly causing a gradual blackening of the inside of the bulb. 
At about 1800°C., it volatilizes, whereas a higher temperature is 
necessary for a strong illumination. Again, carbon filament lamps 
consume relatively larger power than other lamps. So, now-a-days 
such lamps are mainly used as lamp resistances. Nernst devised a 
lamp where the filament was made of ‘rare earths, which became 
conducting at incandescence, no vacuum in this case being necessary 
to prolong life. The filament used in vacuum Iamps was up to this 
time in the form of a long open grid. Welsbach (1898-1902) used 
osmium wire which consumed less power but proved to be brittle. 
Von Bolton and Feuerlein (1905) used tantalum which grew soft when 
hot and required too many supports along its longth but was found 
suitable to be drawn into fine wires. Huntington (1884) first used 


xOne C. P. &4r lumens. 
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tungsten ag the material for the filament, but it came to be accepted as 

the standard material for the filament after Coolidge (1909) found a 

Paid for improving its ductility and enabling it to be drawn into 
e wires. 


Introduction of Gas-filled Lamps.—In vacuum lamps the 
filament can be raised to high temperatures about 2700°C no doubt 
(to increase efficiency), for little heat is lost by the filament through 
conduction, but the difficulty at such high temperatures is that the 
filament evaporates and blackens the bulb. It has been, however, recently 
discovered that this evaporation would stop if the bulb were filled with an 
inert gas, such as argon, nitrogen, or amixtureof argon and nitrogen etc. 
at a pressure of about three-fourthgofan atmosphereat room temperature 
after it is pumped clear of air. But high temperatures could not be 
reached in such bulbs owing to heat losses through conduction having 
increased due to the gas used. This difficulty was overcome by Lang- 
muir in 1913 by having the filament made in the form of a coil 
whereby heat losseshave been greatly reduced. In this way the running 
temperature has been raised in the gas-filled lamp to about 2700°0. 
Further improvement in this direction has been made recently (1984) 
by coiling the coiled filament. between two metal electrodes. Such 
lamps are known as “coiled coil lamps.” Gas-filled lamps (also known 
as half watt lamps) available in the marketare quite satisfactory from 
the stand-point of illumination, cost, and length of life. Such lamps 
are ordinarily nitrogen-filled and they consume about 0°5 watt(ie.hals 
watt) per candle when running at the specified voltage. Bulbs filled with 
argon emit a bluish light which is somewhat soothing to the eye, 
Extreme precision and rigid control in the art of filament-making are 
the trends towards improvement at the present times. A small change 
in the diameter of the filament may cause a great difference in the 
length of life of a bulb. 


Luminous Discharge Tubes.—In recent times luminous discharge 
tubes have begun to be also used for lighting purposes, Such tubes 
fall into two main categories. 


- Cold Cathode Lamps.—Theycontaina gas atlow pressure between 
two metallic electrods connected to a high voltage supply and produce 
a diffuse glow filling the tube which may be bent to any shape (vide 
Chapter X). The colour of the light depend on the gas used, thus,— 
neon, red ; argon, blue ; mercury vapour in crown glass, green; helium 
in yellow glass, yellow, etc. Such lamps are used frequently for adver. 
tisement purposes. Hot Cathode lamps, comparatively more recent, 
use cathodes in the form of cylinders (thoriated tungsten) with heating 
wires inside them. The cathode emits electrons on being heated and 
the discharge produced is more efficient. 


Fluorescent Lamp.—This-lamp is fast coming into use in the 
field of electric lighting. It is remarkably efficient as a source of 
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light and works both on D.O. and A.C. It is available in the form 
of sealed glass tubes of about 1 to 2 inches in diameter and in various 
lengths depending on the wattage. The glass tube is internally coated 
with a fluorescent powder like zinc silicate, cadmium silicate, calcium, 
tungsten, etc. The tube contains mercury vapour at low pressure and 
a little argon which helps in striking the tube, The fluorescent paint 
emits bright colours when irradiated with ultra-violet light. 


Fig. 107—Fluorescent Lamp. 


At each of the two ends of the tube T there is a tungsten 
filament F coated with electron-emitting material (Fig. 107). These 
two filaments have in series with them a starting switch K and 
a ballast iron-cored choke coil O and are finally connected to the 
mains (A and B), When the switch K is closed, the filaments are 
heated by the current and emit electrons which easily ionise the 
mercury vapour in presence of argon. An automatic device then cuts 
the filaments out of circuit and an electric discharge through the 
gas-mix at low pressure takes place between two other electrodes 
situated close to the filaments. The ballast choke O prevents such 
ecg from reaching dangerous intensity by cutting down the lamp 
voltage. = 


The ionised mercury vapour gives out ultra-violet light and some 
visible light. The ultra-violet light excites the fluorescent paint to 
give out visible light, mostly greenish. Thus the ultra-violet radiations 
which would otherwise affect the eyes and the tissues are turned, by 
sbeoreeiens to better account and increase the luminous efficiency of 

e lamp. 


Zine silicate ig a very effective fluorescent material being peouli- 
arly sensitive to the ultra-violet radiation from meroury. Such lights 
have a white light efficiency corresponding to a colour temperature 
of about 6500° absolute although the temperature of the tube seldom 
exeeds 120°F. It is thus a near approach to what may be called a 
‘cold light’. Fluorescent tubes of the above type have recorded effi- 
oiencies between 50 to 60 lumens per watt. Tubes running at high 
pressures have been noticed since 1925-86 having efficiencies as high 
as 80 lumens per watt. 
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Information of Electric Lamps 


(i) The rate of consumption, or the power absorbed, by an 
electric lamp is expressed in watts (watts = volte X amperes). 


(ii) Efficiency.—The power (in watte) absorbed by a lamp for 
each candle-power of luminous intensity is called the efficiency of the 
lamp. Thus, 


= Watts absorbed by lamp _ 
Efficiency "Ede es ol Dus Watts per candle power. 


The P. D. which should be applied to a lamp is stated on it by the 
maker. Ifa higher P. D. is applied, the current through the filament 
becomes too great and ite temperature higher than it should be. 
Though in this case the lamps give more light, the ‘life’ of the lamp 
may be shorter. On the other hand, if the applied P. D. is too low, the 
temperature will be lower, and the ‘life’ of the lamp in this case may 
be longer, but its efficiency will be lower. T 


If. a 15 candle-power carbon lamp, when run on a circuit which 
maintains a potential difference of 220 volts, consumes 0°25 ampere, 
the efficiency (the rate of consumption per eandle-power) of the 


lampe 0738. = 36 watts per c. p. 

Earlier types of tungsten filament lamps had an efficiency 1'4 to 
1" watts per c.p. The efficiency of the modern pares lamps is about 
1'1 to 1'4 watts per c.p. for small lamps, while for large lamps consum- 
ing more than 100 watts, the efficiency is 0'7 to 1°0 watt per c.p. 


(iii) We pay for Energy.—The bulb of a motor car light is often 
found to be marked "6V —24W", i.e. 6 volts 24 watts. So the lamp 
requires a current of 4 (=24/6) amperes whereas a common lamp used 
for lighting & room, which is often marked '**990— 60W" will require 
three-elevenths of an ampere. But the second lamp will give much 
more light than the small motor lamp. At firet sight the house lamp 
appears to be the cheaper source of light, but in fact it is not, because 
the number of accumulators required to be used for the motor lamps 
is only three, while the house-lamp will require no fewer than one 
hundred and ten. So it is evident that the cheapness does not depend 
only on the current used in the lamp but also on the voltage at which 
the current is drawn, i.e. on the total energy or power (ampere X volt), 
What the Electric Supply Company charges for is not the current, 
but the energy consumed. 


A consumer usually pays for electrical energy by the ‘kilowatt- 
hour’, i.e. energy equivalent to 1000. watts for 1 hour (vide Art. 81). 
Suppose the energy consumed by a lamp is 220X0'25=55 watte or 
0'055 kilowatt. One such lamp running for 20 hours will consume 
0'055 X 20=1'1 kilowatt-hours. 
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(2) Arc-Lamp.—It two carbon pencils, which are at a difference of 
poientialof about 60 to 70 volts, sre brought into contact and then 
slightly separated, current continues to pass forming a luminous ‘arc 
between them. The discharge is characterised by intense light and 
heat. This light is called the are-light. 


At the point of contact of the pencils, the resistance is very high 
Bo, when current passes, the temperature becomes very high and 
carbon  voltilizes. When they are 
Separated, the hot carbon particles 
pass from the positive to the nega- 
tive end. Hence the positive carbon 
becomes hollowed out and it de- 
velops a crater at its mouth and the 
negative one becomes pointed (Fig. 
108). The positive carbon is consumed 
twice as fast as the negative one. If 

e the distance between the carbons 

becomes too great, the arc goes out. 
DRE AOS rane Ste Tempus obtain steady illumination, the 
earbon pencils when worn away, are made to approach each other 
by some automatic arrangement, The approximate temperature 
between the arcing points is 3500'C. 


(8) Mercury Arc-Lamp.— The usual form of this lamp (Fig. 109) 
is a bent tube of quartz having two terminal 
bulbs containing mercury. An electrode sealed 
to each bulb is placed in communication with 
the mercury. The electrodes may be connected 
to the supply mains through an adjustable 
resistance. As the mercury in the two bulbs 
are not in touch, in order to start the aro, the 
tube has to be slightly tilted when mercury 
from one bulb runs into other producing the 
necessary metallic connection. The large our- 
rent that passes develops sufficientheat toturn 
Some mercury into vapour which afterwards 
forms the conducting link between the elec- 
trodes. As the current passes, the inside of 
the tube glows with a brilliant bluish light, 
an ec which is rich in ultra-violet 
ight, is widely used in ultra-violet speotrosoo Y 
and medical therapy. As vae light "s Fig. 109—The Mer- 
injurious to the eye, a worker should wear cury Arc-Lamp. 
colour-glass spectacles, as a protective device, which absorb the 
ultra-violet rays. 


OP 


Mercury 


(4) Electric Bulb.—An ordinary electric lamp consists of a 
completely evacuated glass bulb, the mouth of which is sealed, Now-a 
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daysthe bulb is filled with some inert gases at low pressures. Thereis 
a glass stem with two thick copper wires passing through it and 
projecting inside the bulb. A tungsten wire i8 connected with the two 
thick copper wires. This stretched tungsten wire spreads like the 
brarch of a tree from the stem and forms the filament of the Lamp. 


A brass cap, C is fitted at the mouth of the glass bulb. The upper 
circular flat end of the cap is sealed with some non-conducting 
material like pitch. The two copper wires projecting from the stem 
at the mouth of the bulb are sealed with two lead terminals on the 
top of the cap. There are two pins P, P at the side of the cap to hold 
the bulb in position in its socket. 

Working.—When the wires connected 
to the socket are joined to a H.T, battery 
or any other H.T. source, such as the 
supply mains, current flows through the 
tungsten filament of the bulb and thereby 
the temperature of the filament rises to 
about 2000°C. The filament being white 
hot emits bright light. 


(5) Electric Furnaces.—In small 
electric furnaces, spirals of high resistance 
wire, say nichrome (nickel 60, iron 25.and 
chromium 15 parts) or molybdenum, are 
wound round tubes of fireclay and heat is 
developed when a strong currentis passed. PUTMM 


(8) Eleetrie Stoves, Kettles, Irons, Fig. 110 
eto.—These are other applications of the ‘ 
“Joule effect,” and all of these are constructed on the same principle, 
In each of these contrivances high temperature is developed by 
passing a strong current through coils of wire of high resistance. 


Fig. 111 
(a) Electric iroh.—It is also only an electric heater fixed rigidly 
on & well-designed insulator and placed within & heavy flat-bottomed 


186 INTERMEDIATE PHYSICS 


leaf-looking rustless steel casing provided with a metallic handle 
threading through a highly insulating hand-grip pad [ Fig. 111 (a)). 
The heater is heavily insulated from the casing by insulating 
packing (asbestos, glass wool, magnesium oxide, mica dust, etc.) ; 
the leads from the two ends of the heater coil (ACB) end iu a 
two-pin socket [4, B, Fig. 111 (b)] and a two-wire flexible cord type 
connector ending in two plugs, one at each end, is used to connect 
the heater to thesupply mains. As diflerent temperatures are necessary 
for safe ironing of wool, cotton, rayon, textiles ete, irons are also 
fitted with regulating ewitches by turning the head of which coils of 
the right heat-rating may be included in the heating circuit. 


(7) Electric Welding.—It is a process by which two pieces of 
metals such as tram-rails, etc. are joined together, after melting them 
by the heat generated by utilising Joule’s effect. 


i 124. Fuses :—.A fuse (Fig. 112) is adevice for protecting spparatug or 
wiring from damage by overload. It acts as a cut out by fusion. It 
consists of a short piece of wire, 
ofsomemetal or alloy, connected in 
series with the apparatus or wiring 
to be protected ( Fig. 113). The 
design of the fuse and its holder is 
guided by the Wiring Regulations. 
Broadly speaking, there are two 
grades of fuses—those for ordinary 
duty and those for heavy duty. 

Fig. 112 The material for the wire is usually 

tin, lead or copper or a special 

tin-lead alloy (lead 75%, tin 25%) for house and general wiring ordinary 

duty fuses. The fuse is designed for a maximum safe working current 

and a fusing current. When the overlosd current reaches the fusing 

current value, the fuse melts first and puts the circuit out and the 
apparatus and the wiring in series are saved. 


TEOHNIOAL APPLICATIONS OF ELEOTRIOITY 187 


Lead-Tin Alloy Fuses in air 


Maximum safe 


Pierre pua p TE t sheer ee 

0:020 25 2 3 

0:022 24 23 35 
0:024 23 2:6 4 

0:028 22 33 5 

0032 21 

0:036 7 

0:048 10 

0:064 16 


j hee n An electric lamp bears the mark “220 V—60 W”. Explain this 
fully. 

Ans.: The iip is meant for 220 volts supply. A 60-watt lamp expands 
energy at the rateiof 60 joules per second, s. e. 60x107 ergs per second. 


The current taken by the lamp will be A w 0:27 amp. 


The resistance of the hot lamp is e ias ohms, 
2. How many joules of energy are consumed when a 40 watt lamp burns for 10 
minutes ? (C. U. 1933) 


Ans.: | watteljoule per sec. So a 40-watt lamp consumes 40 joules of 
energy per sec. .'. In 10 minutes or 600 seconds, the energy consumed 
240 x 600 — 24,000 joules. 

3. A railway carriage is lit up by thirteen lamps, each taking 1:2 amperes at 
16 volte, Find the resistance of a lamp, and also the total power used in lighting 
the compartment. “4 (Q. U. 1929) 


Ans.: Here the resistance of the lamp is, B= —-15 175 ohms. 


As there are 13 lamps the total power used is 

13x [E. M. F.(in volts) x current (in amperes)] = 13x 15x 1'2=234 voits. 

4. A university hostel has 360 lamps installed, The lamps consume 50 watte 
each and, are lighted for 6 hours daily 7 r 9 montha, The voltaye of supply is 220 
and the current costa 6 annas per kilowatt hour. Find the cost of the current as well 


as the maximum current used. (AH. 1930) 
Ans.: Each lamp consumes 50 watts. Therefore 360 lamps consume (360 
x50) watts. 


Hence the total power consumed in 9 months (each month being of 30 days) 
for 6 hours a day=360 x 50 x 30x 9x 6 watt-hours 


"360 x So R0 KONE (540x $4) kilowatt-hours (or B.O.T. units). 
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The cost at 6 as. per kilowatt- hour = 957 2 10,535 rupem. 
The voltage of the supply ls 220 d 3.34717 1717) 
x 


Now, wattte- volti. the lamps are io parallel and the 
P.D, is 220 volta, the current. 
(^. the current la the main eie OO aia ampere- 
5, Im a kous there orn I wott tack of 60 condlepower, the 
selpi of the cupply being 200, current weed by cack lamp, (b) 
CT ice A ene d RARO deka ee Loro d ome 
po 1 


Ant) (o) Electrical energy consumed by cach limp of 60 c.p. x 60-20 
watts, Watts volts x ampe. Current consumed by each lempo 36 =0 136 amp. 


M n teer soeneaned by 20 age pet hour 3 X M x (d x 6 joule. 
= 2,100,000 joules 

( Total power tossomes = E AW. eo W. 

^ Total con for 20 hour 20 x0 6 x 4 annar J'rupees. 


125. The Electric Bell :—This is an Sf priora 
electrical isto energy P contend whem 
detromagaat H ad e H connected 
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the current continues 


The essential ofa system are (i) Line. 
Mi mem cos noes et Red 
for receiving the s ' 


Transmitter.—Now-s-days the Morse Key ( 115) ia used as s 
transmitter. t consists of a brass lever AD ing a fulerum at 
the middle, which fe perma- 
nently connected to the line. 
The lever has gota serew at 
tha extreme end whieh touches 
a button below [tin ite natural 
posltlon. At the. other end 
thoro is a knob X which, when 
pressed, touches a button below Pe. i 
connected with the d 
pole of a battery, thus sends e current through the line-wire to 
the other station. How a Moree Key ls setually coanseted is 
In Pig. 117. The duration of the current depends upon the time 


for which the knob ts me When the le released, the 

Preise of tear EDDA serew ab the other end touch the button 

below in ite natural position whieh is eomsected with the reosiving 
instrument. 

Recelver.—The Morse Sounder (Fig. 116) is used now-a-days as 

s receiver. Tà conslate of «m electroomagnet M with » mins ii 

woltiron fixed on s 

ME PN D vated 

over the core of 

the electromagnet. As 

Mad 00 € gee tome 

pesse — round =the 

slesiro-magnet M. iè 


i 
hr 


n 
r 
ü 


ji 
p 


Fig. 116— The Moree Sounder. 
brought bask to ite original position by the 
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it strikes agalnat the scrow 'b at the top. Tho signals are based on 
the duration of the interval botween the striking of the sorew at ‘a 
and that at 'b, Thus by manipulating the key, long and short sounds 
corresponding to dashes and dots can be produced and transmitted to 
the receiving station. 


Principle of a Telegraph System.—Fig. 117 represents a simple 
telegraph system between two stations. On pressing the knob of the 
Morse Key in the sending station, the contact of the line wire is establi- 
shed with the positive pole of the battery, the negative pole being 


Fig. 117—Tho Telegraph Circuit. 


connected to the earth. A current goes slong the line-wire through 
the Morse Koy to the sounder of the receiving station and operates 
it, as explained before. When the knob of the transmitting key is 
released, contact of the lever is now made with the sounder, which 
is then ready to receive signale {rom the other transmitting key. It 
should be noted that, in this case, only one line-wire is necessary, the 
return path for the current being completed through the earth. 


127. Relay:—For a very distant station the line-wire may be 
extremely long and so the current may bo too feeble to operate the 
Morse sounder, In such a 
case, an appliance, known 
asa relay ie used in the 
circuit near the sounder in 
order to magnify the effect. 
It consists of an electro- 
magnet M and a light eoft- 
iron armature attachedto a 
lever L (Fig. 118) The 
electro-maguet is placed in 

Fig. 118—A Relay. tho line cireuit. When the 
weak current passing along the line wire is passed through the relay, 
the armature is attracted downward and touches a contact screw P, 
which puta into circuit & local battery B, and thas tho sounder S, 
whioh is in the same circuit as the battery, ie operated efficiently. 
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Telegraphic system with Relay,—Fig. 119 shows an arrangement 
of the lines, batteries, Morse keys, relays and sounders between two 
distant stations, S, and S, which are to communicate with each other. 


Fig. 119 


Suppose a message is to be sent to the station, Sa by pressing the 
Morse-key of the station, 3,. The current from battery, B reaches the 
Morse-key of Sy through the key, X, apd the line wire. As is shown 
in the figure, this current returns to the earth through the coil of the 
eloctro-magnet of the relay Ra. The electrical cirouit beling complete, 
this feeble current will make the electro-magnet, strong enough to 
attract the light soft iron rod, Ra downwards and the rod toyches the 
contact screw. This pate into circuit the local battery, D" and thus 
the sounder Da, whichis in the samecirouitas the battery,is operated 
efficiently 

Until the lover of the relay E, is pressed downwards, the battery 
cirouit through the sounder, D, is not complete and thus no current 
passes through the electro-magnet of the sounder. 


N.B.—It is to bo noted that in the simple system described above, 
messages oan be transmitted over the line in ono irection only at 
a time. In the more improved system, called the Dapleix system 
which is mostly used, messages can be transmitted and received at the 
same time at the same station. 


Dupleix Telegraphy,—In this system, resistances, Lm Qy R, and 
L are 80 arranged as to form the four arms ol a Wheatatone s bridge 
in one station, Suppose, in the first station S,, tbe battery circuit is 
closed by pressing the key, k,.. If the above rosistances are bo chosen 
that tbo bridge is balanced, then 

P.lQi 7 L| Bs. 

In this condition, there is no deflection in the galvanomoter,@, but 


the current flowing through the line wire, L will produce a deflection 
in the galvanometer G, of the other station, 8, and S, will receive the 
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message. In the same way, if S, presses its own key, X, by this time 
the galvanometer, G, will have no deflection, because, 


P,/Q,=D/Ry, 


, Fig. 120 


But the galvanometer, G, in the first station Sz, will show a 
deflection and S, will receive the message. 

In this system of telegraphy, the signals, thus, can be sent and 
received simultaneously through a single wire at both stations. The 
galvanometers should be very sensitive. 

128. The Telephone :— This is an electricalarrangement by which 
speech can be transmitted from one station to another. The telephona 
was invented by Graham Bell in 1875, and the instrument Bell's 
Telephone, goes by his name. It consistsof along bar-magnet M(Fig. 121), 
round one end of which there is a flat coil C of insulated copper wire. 
The two ends of the coil are connectéd to the two binding screwe:T,T. 
In front of the coil O there is a thin iron diaphragm D held firmly jin — 
^ wooden cap and almost touch- : 


ing the ond of the magnet. T 
The conical opening in front 
of the diaphragm converges T 


ihe sound waves directed to 
-» Se: teed terminals 

» T, are connec to two lephone. 
line-wires at the distant ends Pe 121-The Te y 
of which a similar apparatus is connected, 

Action.—The disphragm, being just in front of the magnet, - 
becomes magnetised by induction, and when the diaphragm is spoken 
into, it vibrates to-and-fro by the sound waves which fall on it, and 
so the number of lines of force passing through the coil is changed. 
Induced currents are thus set up in the coil, These current travelling 
through the line-wires, change tbe strength of the field in which 
the iron diaphragm of the distant telephone is situated and throw it 
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into the same kind of vibration es the (irit disphregm. ‘Thus, the 
gem vs reproduces the round which oaneed the first one 
vibra 
Bell's Telephone (Fig. 192) may be neod both at a transmitter ant 
a receiver, It la Indepondert of any battery, but the induced current 


Fig. 122 


ererated is no week that it io not successful for long distances. 
ecopdly, the quality of the gourd received ia also poor. 

A battery connected in the line will improve matters a littl no 
doubt, but for proper reception an improved receiver ja necessary, 
Buch a modern receiver consista of a U-shaped magnet having one 
coil round each pole, the two colle being connected in series and the 
terminals finally joined to the line-wires, Both the poles are placed 
close to each otber behind the diapbragm so that the line current 
will now traverse both the coils and the electro-magvetic action on 
the diaphragm will be almost doubled, 

129. The Telephone Circuit :—The essential parta of a telephone 
circuit are (a) a Transmitter (b) a Recelver, and (o) a line. 

Bell's Telaphone is not used an & transmitter ; but a transmitter 
working on a different principle, called the Carbon Microphone 
transmitter (Fig, 193) is need, Again, in modern practice, an impro- 
ved type of Bell's Telephone, using a horse-shoe magnet, provided 
with double coils over the two poles, as described above, is need as a 

The microphone transmitter con- 
sista of a shallow «chamber, loosely 
filled with granules of carbon, bav- 
ing two thin carbon plates, one C, 
at the front and the other C, at the 
back. Tho centre of a steel dis- 
phragm D ie rigidly fixed to tho 
middle of the front carbon plate, In 
front of the diaphragm ia the conical 
mouth-pieoe Æ which econverecs 
tho sound-waves directed to it 
during a tsik or speech. Tbe dis- 
phragm is connected to one of 
tho terminals T, T, tho otber ter- 
minal being connected to the back osrbon plato, "Usually 
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the plates C, and O, are separated at the edges by cotton wool pads 
P. The principle of this transmitter is that when the pressure ab 
the surface of contact of the carbon particles varies, a large varia- 
tion in the electric resistance of the contact takes place. 

Action.—In Fig. 124 it has been shown how two stations can be 
connected by a telephone system using s microphone transmitter M 
and s suitable receiver T at each station. The two stations have 
been shown, for convenience of drawing the figure, as upper station 
and lower atation, 

The primary of a transformer or induction coil C ig used in serica 


with the transmitter ard battery, in order that the resistance of the 
microphone circuit 


may be kept low so 
that any variation of 
resistance of the car- 
bon granules may bs 
as large a proportion 
of the total resistance 
as possible and would 
thus produce large 
(a) variations in the cur- 
rent. The secondary, 
of many turns, is in 
series with the line 
and the receiver at 
the other station. In 
the position shown 
the receiver T of the 
lower etation is sup- 
posed to be in ucte. 
When rot in use, iè 
is to be bung up cn 
5 the key Kı, when 
7 the induction coil 
Fig. 124—The Complete Telephone Circuit. will ba thrown out of 
è cireuit. In the figure, 
the receiver of the upper station has boon shown hung up on tbe 
key Ky which thua joins the line to the key Ke and the distant 
station then gan call up, since the line is in series with the electric 
hell B. To call up the distant station, the key X, must be pressed, 
This pute the battery in series with the line and the electric bell of 
the distant station. In the figure, the key Ka of the upper station 
has been shown pressed. 
Owing to the disturbing effects of stray currents which often pass 
through the earth, the earth, in this case, cannot be used for the 


return oircuit as in telegraphy. Hence two line-wires are necessary 
for a telephone circuit. 


i ae a a MU hae a ec ES 
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130. Alexander Graham Bell (1847—1922) :—He was born in 
Edinburgh, and educated at the Edinburgh and london Universities, 
He accompanied his fasher to Canada where he became a teacher in a 
deaf and dumb school. Afterwards he became professor of Physio- 
logy at the Boston University. To make vocal sound audible to the 
deaf, he concentrated on designing an electrical apparatus. In 1876 
he astonished the whole 
world by demonstrating for the 
first time that the sound of 
the human voice could be 
transmitted electrically. Tne 
essential pars of his apparatus 
was the Bell-receiver, which in 
his early experiment he used 
algo as transmitter. The car- 
bon microphone transmitter 
of Edison has now taken up its 
position as a transmitter. He 
was awarded the honorary 
degree of M.D. by the Haidel- 
burg University for invention 
of some important physiologi- 
cal apparatus. He has left rich 
endowments for the education 
of the deaf. 


131. Thomas A, Edison 
{1847—1931) :— He is a prolife 
American inventor and master 
of a large number of first-rate s 
patents. He is the inventor of the phonograph, talking pictures, the 
carbon filament lamp, the carbon microphone tranamitter, the 
Edison cell, etc. 


Thomas A. Edison 


Questions 


1. A railway carriage is lit up from a 15 volt battery by 12 lamps each taking 
15 amps, and arranged in parallel. Find the resistance of a lamp and the total 
power used, in lighting the compartment. (Dac. 1974) 

[Ans. : 10 ohms ; 270 watts.] 

2. Describe an electric glow-lamp. (a) Why does the filament of the lamp 
become hot while the wires leading to it remain comparatively cold? (b) An 
electric lamp is marked ‘40 watts, 200 volts’. Explain these terms. What will 
be the strength of the current passing through its filament? (c) ‘The current 
consumption of such a lamp is One unit in 25 hours.’ Comment on the statement. 

(C. U. 1932) 

(Hints.—(a) This is because Hocr. (b) The marking on the lamp means 
that wheo the lamp is run on a circuit which maintains a P.D. of 200 volts, the 
electrical energy is consumed at the rate of 40 joules every second, or 40x 107 ergs 
per second. Current, C—0'2 amp. 
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(c) The lamp burning for 25 hours would consume (40x25) watt-hours 
- rel kilowatt-hour. This is the Board of Trade (B.O.T) Unit of 


current consumption and hence the above statement.] 
3. Why is an electric bulb made air-tight and free from air? Account for 
the rise of temperature in the bulo whea the current is turned on. (All. 1922) 


4. What is a fuse wire? Why isit inserted in practical electrical circuits ? 
(Pat. 1941) 


number of units (kilowatt-hours) consumed in a month of 30 days if the lamps 
burn 5 hours a day. (Al. 1929) 
{Ans.: 375 kilowatt-hours] 
6. Describe in detail with neat skstches the component parts of the electric 


bell. 
(C. U. 1925, "28, 30, '43, '45 ; Pat. 1921, *31, 40, 47; All. 1920, '24) 
What kind of cell will you use for working such bells ? 
7. Briefly describe and explain the working of a calling bell. (C.U. 1951) 
8. Describe, with the aid of a diagram. the construction and mode of action 
of an electric bell, State the type of call you would use with a bell circuit and 
give reasons for your choice. (Utkal, 1951) 
9, Inacertain factory, steel was once used by mistake instead of soft-iron 
to make tbe cores of an eiectro-magaet for some bells. What should be the matter 
with the bells ? (Pat. 1924) 
[Hints.—As the steel core will not readily demagnetise itself after the current 
is e'opped, the armature will be held up by thè magaetised steel core and will not 
easily move to-aad-fro, and so the bell will not work properly.) 
10. Explain the principle of the electric tepani 
) (C. U. 1915, '30 ; Pat, 1932, *44, 46) 
Draw a diagram of the Morse's Sounder. (C. U. 1925) 
11. Carefully explain the use of the microphone and telephone in the 
transmission of speech by electricity along wires. 
(Utkal, 1948 ; Pat. 1920, 25, 27, '42 , of. U.P.B. 1947) 
12. Explain the action of the telephone with the help of a diagram. 
(C.U. 1920, *21,°24, *25,26,'28,30 ; Pat. 1931, '44 ; All. 1922, '24, '28) 
13, Describe the construction of a telephone and. a carbon microphone and 
explain how they should be used for talking across a distance. (C. U. 1952) 
14. Explain the construction aad working of a B:ll’s telephone and draw a 
plan of simple telephone connections between two station S. (Pat. 1930, '39) 
15. Explain, giving neat dia:rams, a telephone system and state the function 
of each part. -(Pat. 1937 ; cf. C. U. 1940) 
16. Describe, with a neat sketch and index of paris, a telephone and expiain 
its action. (R. U. 1952) 
Why do you use a permanent magnet for the construction of the receiver ? 
= U. 1950 
17. Write short notes on the following :— j ) 
(a) telephone, (5) microphone, (C.U. 1958, cf. 1942) 
18. Explain the principle of action of any two of the following :—(a) a calling 
bell; (b) a relay ; (c) a carbon microphone transmitter. (Pat. 1944) 
19. D scribe and explain with the aid of neat sketches how scund can be 


transmi:ted from one place to aaother taroush a metallic wire electrically. 
(Otkal, 1947) 


CHAPTER IX 


Electrical Machines : Alternating Current: Transmission 
and Distribution of Electrical Power 


132. The Dynamo*:—It is a machine for producing electric 
energy at the expense of mechanical energy- 


If a coil of wire is made to rotate in a permanent magnetic field so 
that there is a change of the number of magnetic lines of force pasaing 
through it, an induced E.M.F. ia generated in the coil. This takes 
place according to the laws of electro-magnetic induction as explained 
in Art. 114. The principle of the dynamo depends on this. The 
magnitude of the induced E.M.F. depends upon the rate of change of 
the lines of force linked with the circuit—that is, it depends on the 
number of turns of wire, the strength of the magnet, and the rate of 
rotation of the coil. 


Suppose a coil of wire ABCD is rotated between the poles N, S of 
a strong permanent magnet or a powerful electro-magnet (Fig. 125). 
Lust the coil be rotated from the horizontal position in the clockwise 
direction. When AB rises and OD falls, the direction of the induced 
e.m.f, according to Fleming's right-hand 
rule, will be as indicated in Fig. 125, 
fe. from Ato B, and C to D. Now 
consider the second half of the revolu- 
tion, i.e. when the coil is again hori- 
zontal. This time the side DC will be 
in the position now occupied by AB, 
and so DO begins to rise and 4B 
begins to fall. Hencethe induced e.m.t. 
will be directed along DOBA i-e. oppo- 
site to the former direction. This Fig. 125 
shows that for a complete rotation £. 
of the coil the induced e.m.f. changes or alternates its direction ab 
each half revolution. The magnitude of this e-m.f. continuously increa- 
ses from » zero value to a maximum one and then gradu»lly diminishes 
to zero value again, during the firat half revolution, after which the 
direction of the e.m.f. is reversed, reaches negative maximum value 
and then comes to the zero value again during the other half revolu- 
tion. The e.m.f. going through this series of changes during one re- 
volution of tha coil is said to have completed one cycle and the number 
of cycles completed per second ie called the frequency of the em.f. 
The current produced in a closed cirouit by an alternating e.m.f. also 


D 
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+The word dynamo is a contraction of ‘dynamo-electric machine’. This may 
mean a machine converting mechanical into electrical energy (generator) or 
electrical into mechanical energy (motor). Common usage, however, takes the 
dynamo to mean only a generator. 
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alternates in direction, though it is not necessarily of the same waye- 
form as that of the e.m.f. Such currents are called alternating 
current ( A.C.) and the mechine producing alternating currentsia called 
an alternating current (4.C.) dynamo, or simply an Alternator. This 
is also called an A. C. Generator. 


Parts of an Alternator.—(i) The armature—it consista of the 
core and winding. (ii) Tbe field—the magnetic field in a dynamo ia 
produced by & strong electro-magnet, called the field magnet. 

The armature winding consists of a very large number of turns of 
wire wound on a laminated core-iron—iron being magnetic provides 
a path of low resistance to the magnetic lines of force and the core 
is laminated to reduce the induced eddy currents to the minimum. 
Either of the two component parts may be rotated and the other kept 
stationary for generation of induced e.m.f. in the armature windings. 
The one which ig rotated is called the rotor, and the fixed one is 
called the stator, The rotor is rotated on a horizontal axle by a 
prime mover, such as Steam engine, Oil engine, Steam turbine, 
Water turbine, etc. 

Besides the above two essential parts of a dynamo, te., the arme- 
ture and the field-magnet, the following two parts'are also neceatary— 

(iii) Slip-ringg.— Tbere are two metal rings (Fig. 126) to which 
the ends of the armature coil are connected. These are rigidly 

mounted on the main shaft but 
are insulated from it, and they 
External rotate with the armature, 
„circuit. — which is also properly 
insulated from the 
ir shaft. 
(iv) Brushes.—These (Fig. 
196) are made of carbon rods 
and are kept lightly pressed 
[: Fig. 126 against the slip-rings by means 
of springs, and have leads to 

the external circuit. 

The current produced by the rotation of the coil (as explained 
above) is collected by means of the brushes bearing on the two slip- 
rings and conveyed to the external circuit. 


133. E. M. F. induced by Earth's Magnetism: the Earth 
Inductor :—Faraday discovered that an e.m. f. is generated in a 
conductor if moved in the earth's field. The phenomenon ie due to 

. electro-magnetic induction and illustrates the truth in thie principle. 
The conductors so used are called Earth inductors. Their action is 
well shown by the following apparatus known as 'Delezenne's circle" 
(Fig. 127). 

Tt consists of a wooden ring RT having a groove on it, which 
contains a coil of some turns of silkeovered copper wire. The two 
ends of the coil are connected to a spring commutator (vide Art- 


Brushes. 


Slip rings 
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148) by which the current induced in the coil, although it will 
change in direction in the coil at every half revolution is made uni- 
directional through 
the gslvanometer G. 
The ring can be 
rotabed on the axis 
EF by the handle 
AM. while the asia 
EF ia itseli fixed in 
arectangular wocden 
frame JK. movable 
about a horizontal 
azie. A pointer on 
the dial S, shows 
theinclination of the 
axis EF while Ss 
indicates the angular 
displacement of the 
ring as it is rotated. Fig. 127—The Earth Inductor. 


In using the apparatus the plane of the ring is placed at right 
angles to the line of the magnetic dip and the axis HF normal to the 
magnetic meridian at the place of the experiment ; the plane of the 
coil is thus placed perpendicular to the earth's field, shown by the 
dotted line N.S. S 


The coil is then rapidly rotated by tbe handle M. The current 
due to the induced e. m. f. in the coil reversing in direction twice in 
every revolution (vide Art. 132), being made continuous by the com- 
mutator E, produces a steady deflection in the galvanometer G., On 
reversal of the direotion of rotation, the direction of the deflection is 
also reversed. 


Note: Thee. m. f. generated by the earth inductor, as explained 
above, ig essentially sn alternating one. Itis an illustration of the 
simple A.C. generator. The above coil may also be used to generata 
ane.m.f, by cutting the vertical component of the earth's field, instead 
of the horizontal field. 


134. An Alternating Quantity (E. M. F., Current, etc.)— 
s one which aote in opposite directions alternately and whore 
N magnitude undergoes a definite 
cycle of changes in a definite period 
^ of time. Graphically, sucha quantity 
is represented asin Fig. 128, where 
=e fme the abscissa represents time and 
Fig. 128 the ordinate the magnitude of the 
quantity. The traces above the 

ve the magnitude in one direction (+ve) and the traces 


It 


nee 


of quantity 
pss 


Magmtude 


abscissa gi 
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below the abscissa give the magnitude in the opposite direction (— va). 
Note that the graph repeats after a regular interval T of time. Oae 
repeat is called a completa cycle and the interval T of time of one cycle 
is called the periodic time. The number of cycles per second is called 
the frequency of alternation or simply frequency and is denoted by f. 


Hence T-5 or fats 

185. The Nature of Variation of the alternating E. M. F. 
generated in a coil rotated in a uniform field with constant 
angular velocity :— 

To produce an alternating current (s. e.) we must firet require to 
generate an alternating E.M.F. It has bsen described already how 
the E.M.F. generated in the coil in Fig. 125, Art. 132 is sl:ernating 
in nature, and how such an E.M.F. generated in an earth inductor 
(Art. 133) can drive a current in an external circuit, though in 
the experiment deseribed (Fig. 127) the ourrent was made unidirec- 
tionsl. 

The nature of the variation of the E.M.F. induced in a coil of 
single turn rotated uniformiy in a homogeneous unidirectional 
magnetic field, may ba mathematically deduced as follows. 


Fig. 129 (ii) 


Suppose coil ABCD consisting of a single turn enclosing an 
area d is uniformly rotated with an angular velocity w (radians per 
Bec.) in a homogeneous unidirectional field of intensity H such that 
the axis of rotation EF of the coil is perpendicular to the field 
[Fig. 129 (i). Imagine two rectangular axes X, X, and Y, Y, in the 
plane of the field, X,X being along the direction of the field and 
Y,Y, perpendicular to this. Lat twc successive positions of the 
coil at two instanta of time differing by a very short interval t second 
be denoted by Bı C, and B, Cg, the angular displacement of the 
plane of the coil from the Y, Y, reference line at the two instants 
being 9, and 0, [Fig. 129 (i;)]. ] 

The instantaneous magnetic flux passing through the aoil when at 
an angle 0,—aH 053 0,, and similarly, the instantaneous flux 
through the coil when at angle 0, —aH cos 94, 
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Hence, by Art. 114, the induced E.M, E, a= — {4200802 aHoos0,) 
t 
sin fis gin Ca — 4a 


ae SLES” ae ara aa 
n+, 


Now 9,=9, approximately, t being very small, so that sin g 


= gin 0, —8in 0, — sin 0, say. 


LUE AS = 3 
Again, sin ‘aos = CoO radians, because 8a a is a very 
small angle, ¢ being very small. 
Therefore e=(24H)X sin 0X hs lieante ts sin 0. 
E i 
Bus ba ; 1 =w, the angular velocity of rotation of the coil. 
That is, e=a%H ain 0 foe 3s (1) 


where 9 is in radians. 

When a, 9 and Hare constant, awH is a constant. = Eo, say. 

So, e— E, sin 8 dv "doe Wii) 

Suppose a coil consisting of n turns enclosing an aroa a ig at 
right-angles to a homogenecus unidirectional magnetic field cf inten- 
sity, H. If it ia rotated with an angular velocity 9, such that the 
axis of rotation of the coil is perpendicular to the field, it will come 
to a position, say OQ s any instant of timo, t. 

The effective area of OQ in this position=na cos 0, 

., the number of lines of 
force passing through this area, is 


N-naH cos 6. i Q 
The induced E.M.F., ¢ H if 
REL SS EE on APN eae 
= ON. d aH sos 6. ise 


dt ü DAR ME UD 
es age en 


=naH sin 8. 2, 


> 
Sena Hz aiu 6; p o=% H 
at Fig. 130 


Of, 676g sin 0 ; where e977naoH. 
It the resistance of the coil is R, then 
e 


8 = 40 ; TEM 
RB sin 0 ; or, 4— io sin 9, 
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Amplitude.—The maximum value of the E.M.F., eg (or the 
current io) is called its amplitude. 

7T 37 

= LETT 

Now when 020, gg 
27 radians, we - have corres- 
pondingly, e —0,E,,0, — E,.0. 
The complete variation 
of e with Ó is depicted in 
Fig. 131. So for. a complete 
i revolution of the coil (with 
Angular displacement (8) reference to the Y,Ys position 


in radians of the coil) the induced E.M.F. 
Fig. 131 (e), rises continuously from 


è : Lu f 
a zero value to a maximum value (Eg) on 3 radians rotation of the 


coil and then gradually dies away to the zero value again on 7 radians 
rotation of the coil when at crossing this Position it reverses in direction 
rising continuously to the maximum value in this direction (i,e, — Eo) at 


S radians rotation of the coil and then gradually dies down to 


zero value again during the last H radians rotation of 


the coil. 
2n radians » 
EI S Sere A 


and if, as a general expression, we Say that the coil rotates through 
6 radihns in time t, we have, =f. Therefore, from equation (1) 
above, we have, 


Now w= 


87 Eo sin 9=H, ein wt= Eg sin HA trom (3) 


— E, sin 97ft ane eee (4) 


Since the induced e.m.f. as proved in the above case follows a 
simple harmonic law, such an e.m.f. is often referred to sa a simple 
harmonic e.m.f. 


136. Phase Difference :—Suppose two alternating quantities e, 
and és are represented at a given instant of time by two vectors OP 
and OQ (Fig. 132) The angle ¢ between them is called the phase 
angle between them or the phase difference between the two quantities. 
If the direction of rotation of the vectors ia anti-clockwise, as shown 
in the figure, OP is in front of OQ, and OP is said to lead OQ and 
OQ is said to lag behind OP. It the vectors represent two alternating 
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e.m.fa., and the leading vector is represented by e, — OP sin. wt, then 
the lagging veotor will be represented by es =0Q 
sin (vo£—4). Note that the lag or lead depends PIG 
upon the assumed direotion of rotation of the n 
vectors. | 
I 
| 
| 


137. Effective [or virtual, or root-mean- 
Square, abbreviated (r.m.s.)) value of an alter- 
nating current or e m.f. :— 

“The effective value of an alternating e.m.f. er 
(or current)is given by that direct é.m.f. (or $ 
current) which, when applied to a given circuit 
for a given time, produces the same expenditare 
of energy as when the alternating e.m.f. (or Ó 
current) is applied to the same circuit for the 
same time.” The effective value of a simple Fig, 132 


harmonic e.m.f. of current ig given by -times the maximum value 


of the alternating quantity concerned. Thus, if the instantaneous 
value e of a simple harmonic e.m.f. is given by e= Eo sin 9t, where 
E, is its maximum value, the effective value E will be given by 


E- EY Similarly, the effective value I of a simple harmonic 


current of maximum value Io will be given by, Tol V2. 


The instantaneous current in s circuit driven by an alternating 
e.m.f., may be in phase with the impressed e.m.f., or it may lag behind 
or lead the impreesed e.m.f. depending upon the circuit components 
(resistance, inductance and capacitance) and their combination. If 
they are in phase, the power consumed in the cirouit is given by ET, 
where E and J are effective values of the simple harmonic e.m.f. and 
current waves. Ifthey are not in phase, the cosine of the angle of 
lag (or lead) of the current is called the power factor. By this factor 
the apparent power EI must be multiplied to determine the true 
power consumed. Thusifó be the phase difference between the 
current and an alternating e.m.f. the power consumed- EI cos $, 
where Æ and I are the effective values of the e.m.f, and the current 
true watts 


Toce: fi = sae 
espeoivalss Thus, power factor=cos $ RTT 


The quantity I sin $ is called the wattlese component of the 
current. 


138. Some Terms connected with A.C. = 


(1) Instantaneous Value.—As is evident from Fig. 181, the value 
of the alternatiug current or E.M.F. changes continuously with time 
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in a complete cycle, So, the value of the current or E.M.F, at any 
instant during the aycle is ealled its instantaneous value, This may be 
represented by the equation, E— E, sin 0 ;or I-—I, sin 8. 


(2) Maximum Value.— Twice in a complete cycle, the current or 
the E. M.F. attains the maximum value. This is called ita amplitude, 
The maximum values of the current and E.M.F, are denoted by Zo 
and E, respectively. Another name for the maximum value is the 
peak value. 


(3) Average Value.— Since the average value of an alternating 
current or E. M.F. is zero, let us calculate the average value for a 
half cyole. 


(8) Average Value in the first (positive) halt eyele.— When the 
alternator rotates a halt cycle, we may gay that it rotates from 0° to 
180° (i.e., 7 radians J 


Since the instantaneous value of the current, I=, sin 0, the 


m 
average value for a half cycle— fT, sin 0. do. 


(b) Average Value in the second (negative) half cycle.— 
TA ne second half cycle, the alternator rotates from 180° (2) to 


27 
^". the average value for the second half cycle=/ Io sin 0. dO. 
a n 


Qn 
=1,| =998 *]- rs [sos cde 2a] =Ze 1-1] 
x 


= ~2fo E NS valne- 
m m 


Remember :—{1) The valuss of current ia the first and the 
aeeond half cycles are equal but they are in opposite directions. 


“a 
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(2) The total average value= “22-279 =0, So, an smmeter 


(which measures by means of an effect which is proportional to the 
average value of (i) connected in series in an s.c. circuit will give zero 
reading. But we know that when a current passes through a regis- 
tance, heat is developed which is proportional to the square of the 
current (Hcoi*), irrespective of the direction of the current. So, we 
oan measure a current by its heating effect. Ifthe amount of heat 
developed in a conduotor by a known direct current (d.c.) for a certain 
interval of time is equal to that developed in the same conductor by 
an alternating current (a-c.), flowing for the same interval of time, 
then the value of the s.c. is equal to that of the d.c. The value of an 
a.o. which is thus equal to that of the d.o. is its virtual or effective 
value. 

(2) The Root Mean Square (R.M.S.) value (or, effective value, 
or, virtual value) :— The £.M.S. value of an alternating quantity is 
the square root of the mean value of the square of the quantity for a 
complete cycle. Let us consider the mean value of the square of the 
instantaneous value I* of a current which varies purely sinusoidally 
with time for a complete cycle, 


Since, I=Zo, sin 9; I7=Io*. siu? 0, 


ar 
.", For a complete oyole, the mean value of [7= f Io". sin" 9.de 
o 


$T 


lf ia 
Dx f 0. a8 


sT 
o E 208 [t cos 20=1- 2 sin* 0] 
on J 2 3 


aT aT 
=žorf - sin 20 =le g —fin 20 | 
2% (2 4 4n 2 1 

9 


al Solal. 
dn d ] 2 y 
. B.M.S. value of I, for a complete cycle, Zrm-s. OF Loy 


Remember :—The maximum value of a current, Io= V2, r.m.s. 
value, Similarly, the E.M.S. value of an E. M.F. is given by Eres Or, 


206 INTERMEDIATE PHYSICS 
y= Eo sin Ó,which is equal to the maximum value Eo ofthe H.M.F. 
divided by N2, ie. Ern De ; or, Eo= V2. Brims 


.'. For a purely sinusoidally alternating quantity (say a current, 
or, an e.m.f.), we have, 


average value for a half eycle=2-x peak value ; 
x 


r.m.s value for 'a' complete eyole=—, x peak value- 


[ The form factor ot an alternating quantity is defined as the 


ratio r.m.8 value, the mean value being taken over a half cycle. 
mean value 


So the form factor of a sinusoidal current (or, e.m.t.) 


arma, value... (1/ /2)x peak valna — n 2914. yy ] 
mean value  (2[7)Xpeak value 22 489 i 


139. Virtual Ampere :—An alternating current which flowing 
through a resistance for a certain interval of time, produces an 
amount of heat equal to that produced in the same resistance by a 
direct current of 1 ampere strength, flowing for the game interval of 
time, is called one virtual ampere. 


140. Virtual Volt :—An alternating e.m.f. which when applied 
across the two terminals of a resistance for a certain interval of time, 
produces an amount of heat equal to that produced in the same resig- 
tance by a direct current of e.m f. 1 volt for the same interval of 
time is called one virtual volt. : 


141. The circuit elements and their effects in a. c. circuits :— 
An electric circuit may contain some or all of the following three 
properties namely, resistance, inductance, and capacitance. The 
elements in the cirouit having the above properties are often referred 
to as resistors inductors and capacitors respectively. I must not, 
however be thought that these properties are isolated properties 
possessed by the different elements, i.e, a resistor must have resis- 
tance only, an inductor inductance only, ete. The same element may 
have even all the three properties existing together in it. For ins- 
tance a coil has always some resistance and inductance, and also 
some inter-turn capaciiiance. An element is called resistive, inductive 
or capacitative when the property by which it ia named ig its main 
property, the other two properties being negligibly small. But the 
three properties have separate effects in an electrical cirouit whether 
they exist together or not. S5 in considering any electrical circuit, 
these three properties (resistanes, inductance aad capacitance) are 
considered as if they exist eeparately in the circuit. 
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In ad. circuit we are ordinarily concerned only with the resis- 
tance, inductance or capacitance, if any, some into consideration 
only when a current is started or stopped, But in an a.c. circuit 
where the driving e.m.f. and the current which are alternating are 
constantly on the change, all the three properties, namely, resistance, 
inductance and capacitance are in continuous effect, the latter two 
by setting up back ¢.m.f.’s. 

. We shall consider below the effect of each one of these properties 
in an a.a. circuit. 
A. C. Series Circuits 

(A) An a.c. circuit with resistance alone.—Let us consider a 
simplescircuit in which a source of sinusoidal e.m f. (e— Eo sin pi) is 
externally connected by resistance (72) alone, i.e. inductance and 
capacitance assumed absent, Here the e.m.f. will have to overcome 
the ohmic resistanee only. It, then? is the instantaneous current, 
we have the instantaneous em-f., 


e=ri= E, sin pt ie mox) 
or, iet sin pt, ex (2) 


where p is angular velocity or pulsatance (in radians per sec.) 
given by atm anf T, being the time'period for a complete eycle 


and f, the trequency- 
From equ. (2) the maximum value of i is Eolr( Ig say) 


S. i=], sin pt A (3) 

From equations (1) and (3), it is clear that the emf. and the 
current are always in the same É 
phase. Fig. 133 shows how | 
the em.f.e and the current $ ej) 
vary with time in such a case. 

(a) The p.d. across r ia ri— 1 
rXI, sin pt and is in phase 
with the current. 

(b) The instantaneous 
power in the cireuit=e Xz 
=Hy sin pl XI, ein pt EoIo 
sin” pt. 

(c) The average power in 
the cireuit for one complete 


cycle Fig. 133 
7 |1 — aos 9. 
=r Es, sin* pt ace Eg f B IAE Pt) dt= 
o 
Eolo 
2 


aoe x J = virtual em.f. X virtual current. 


208 INTERMEDIATE PHYSICS 


The power. supplied by the souree at the above rate ie expended 
in heating up the resistance r. In other words, the rate of heat 
production in the resistor is equal to virtual e.m.f. multiplied by 
virtual value of the current only. 


(B) An ae. eireuit with inductance alone—Let us consider a 
circuit in which a source of sinusoidal e.m.f. having instantaneous 
emf. e Eo sin pt is externally conneatad by a pure inductance X) 
i.e. it ig assumed here that the inductor has no resistance or capaci- 
tance. Though the oase is purely hyposhetioal, it is worth investi- 


gating. ' When a current i flows, a back e.m.f. equal to- 14 acts 
across the inductor and so the applied e.m.f. bas to overcome this 
back e.m.f. only. In other words, 


= Es sin pt; or ai=Ze sin pl. dt [ue sides, 


x Ze 


cos pit+K= 35 sin (pt- 90°)+E, 


sin pt.dt- - zi» 


where K is the TEC sd 
When pi=90", i=0; hence K=0; 
p i-re in (pt —909) we CHEN) 


From equation (4), the maxi- 
mum value of iis Ho/ip=I (ey), 
and the current lags behind the 
e.m f. by 90" the current being also 
Binusoidal in character. The quan- 
tity Ip(—1X9zf) in equation (4) 
playsthe part of effective resistance 
acd ia called inductive reactance. 
The point to note here is that the 
inductive reactance, unlike reris- 
tance depends on the frequency f 
and incresges linearly with f at 
constar:t value of l. Indactive reac- 


Fig, 134 


tance, like resistance, is expressed in ohms when! is in henries. It 
is usually denoted by Xj, i.e. 


Xj=Ip =2nft E E (8) 


Fig. 134 shows how the e.m.f. and current varies in a „purely 
inductive a.c. circuit ; the current lags behind tho e.m f. by 90°. 


T—M 
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(a) P.D. across 7 i-i 


mo ENS s er an 
" P sin (pt — 90 J] 


= CE) Xp oos (pi —90?) 
7 Eo cos (90? —pt)— E, sin pt. 


That is, the p.d. across the inductance is 90? ahead of the current 
(vide eqn. 4). 


(b) Instantaneous power in the circuit 


=6Xi= Es sin pix pe sin (pt— 90?) 


7 Eo sin pt X I; sin (pt —90?) 
= — EoI, sin pt cog pie. -FoTo sin pi (e (6) 


(c) Average power for a complete cycle is zero, since aversge 
value of sin 2pt (equation 6) 
for a complete cycle is 
zero. 

How the e.m.f. (e), current 
(i) and powdr (P) vary during 
a complete cycle have been 
shown in Fig. 135. The power 
in the first quarter cycle (T/4) 
ig negative, which means that 
the energy stored in the mag- 
netic field of the inductor is 
being returned at this time to Fig. 135 
the source instead of the / 
latter supplying energy to the inductor, the current decreasing and 
go also the flux. 


During the next quarter period (7/4 to 7/2), the source ia 
tupplying power to the inductor where energy is being atored in the 
form of current increasing and so also the magnetic flux increasing. 
The power supplied is, therefore, positive in this quarter 
cycle. 

The phenomena are repeated in every two quarter cycles as 
explained above. The area of each power loop (for a quarter oycle), 
positive or negative, is equal and so the average power for each 
complete cycle is. zero. That is, in the above ideal case, the 


VOL. II (C. E )—14 


210 INTERMEDIATE PHYSICS 


power surges between the source and the inductor in every quarter cycle 
alter, and there is no net power loss during a cycle. 


(C) Anac, circuit with capacitance only.—Let us consider a 
cirenit in which a source of sinusoidal e.m./. having instantaneous | 
em. «E, sin pt is externally connected through a tapping key 

K (Big. 136) to the two plates of an ideal 
capacitor of capacitance O. Here it is 
assumed that due to the method of connec- 
s tion any inductance involved ig negligible, 
and since the capacitor is an ideal one, it 
[4 has no dielectric or other losses. If then 
the charge In the condenser at any time ¢ 
x seos, altor the key K is closed is g, 
Fig. 136 then, 


q|O — E, sin pt ans LU) 
or, q=E,0 sin 1t su CB) 


.'. i-instantaneous current = T e T. (Eo sin pt) 


=E% (ein pt), since Eo & C are 


E B o 
Mw =o = Eo T 
constenta=Z,0p cos pt ice *** pt icp sin (pt-+£0°):-(9) 
The conolusione from «qn. 9 are— 
(a) The current leads the p.d. across the capacitor 


(-$=z. sin ») by 90? ; 


(b) The maximum value of. the current is Eo J F (=Ia aay); 


1 1 
(e) Op or mjg Plays the same part as resistance plays in a 


d o. circuit. This is called capacitative reactance. Ibis expressed 
in ohms and is usually denoted by X,. Capsoitative reactance is 
obviously inversely proportional to the frequency f. 


The most important thing here to note is that while a capacitor 
does not allow a steady current b) pass through it, it allows a paseage 


EAS This effective resis- 


tance being inversely proportional to the ca 

pacitance C and also to 
the frequency f, the eff:otive resistance of a capacitor of fixed 
capacitance is progressively leas and less for higher and higher 


to a o, offering an effective resistance of 
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frequencies, and at the same frequency the effective roslstanoo is 
smaller the greater the capacitance C. 


In Fig. 137, graphs marked 
e and i show how the instanta- 
neous emf, and current vary 
during a complete cycle of 
periodic time 7. The current, 
as is shown in the figure, leads 
the e.m.f. by quarter of a 
cyole of periodic time (7/4), 
i.e. 90°, 

(a) Instantaneous power 
in the circuit 


f E, 
xi=H, x 
=6Xi= E, sin pt ilop 


X sin (pt--90?) Fig. 137 
= jo E, = = 
BoX TIo sin pt. sin (pt--90?), ( sneer, maximum current =I. o) 


= EoI, sin pt cos pt 


Bolg 
= P sin 2pt ds (10) 


(b) Average power in the circuit during a complete cycle 
2 ? 
=if Bele sin apt dt= Helo f sin opt dt=0, since the integral 
o o 


of sin 2pt for a complete cycle is zero. 


The graph marked P in Fig. 137 shows how the power P varies 

with time during one complete oyole of periodic time T, Daring the 
first quarter cycle the source feeds energy to the capacitor when the 
electric field of the capacitor is built up while during the next quar- 
ter oycle the capacitor returns the whole energy to the source, i.e. 
the two power loops, positive and negative, during two successive 
quarter oycles being equal in area, the average power during each of 
these quarter cyoles is equal, And the phenomena repeat themaelvos 
for each two successive quarter cycles. That is why, the average 
power during & complete period is zero, 
* That is, in the above case of an ideal capacitor, the energy surges 
between the source and the capacitor every quarter cycle after, and 
there is no net loss of power in such a case during a completa 
cycle. 
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142. An a.c. circuit with resistance and inductance in series 3 
— Buppose a source of sinusoidal e.m.f., having instantaneous value 
e= E, sin pt is impressed between the ends of a combination of a 
resistance, r and sn inductance, / in series and we want to find the 
instantaneous ¢.m.f.,¢. As the current is constantly changing with 
time, the applied p.d. will have to supply the ohmic drop, ri and 


overcome fhe induced back e.m.f. e= e developed across J= Ri. 
So, by Ohm's law, 
-Ü I. ania s» 
é "t vi; or, e n, (1) 
It í— I, sin pt; then d Lp cos pt 


Substituting the value of i and 


E in equation (1); we get, 


67 &.Io sin pt+pll, cos pt 
=I,(r sin pt--Pi. cos pt) 


Multiplying both sides of the above equation by wr? Fpl’ we got 


-IVpigp| --——- overs 
e Io Y, +p Fae sin pid Vp cos pi) 
Duden f I 
Let us suppose that, cos 0= Vr Fp and sin ary PT 


Then tan 0=2and it z= V73-Ep*]* ; then 


67 Io.2. (aos 0, ain pt+sin 0. cos pt)—Io.z. (ain pi--0) 
Again if, Ie. 2— E, ; we geb 


e= Eo sin (pt--0) m 9) 
Similarly, the value of the instantaneous current, 
ise sin (pt — 6) mu (8) 


Equations (2) and (8) give & very convenient form of the equa- 
tion of em.f. and current respeotively in the circuit and it also 


shows that (a) the maximum value of the current is equal ar 
2 T Tp 

7 Ie (say) and (b) that the current lags behind the :em.f. by an angle 

0, where 0—tan^* a. 


Special Case: When 1—0, ife sin pt and the’ current, $ 
then ia in phase with the e.m.f. 


-— — 
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Impedeance, z :—From equation (3), i= v sin (pt-0) 
r tpl 

which shows that the current is alternating and sinusoidal and the 
maximum value of i is Eo/ Wr*+p7]?, So it ia seen that the value of 
this current is not determined by the resistance r alone as in d.o. 
eircuits, but by the quantity Vip in the case of r, J circuit. 
The quantity V;3--p%] which plays here the part of the effective 
resistance of the circuit is called the impedance of the cirouit. It ia 
expressed in ohms and is denoted by the symbol z. The impedance 
here consists of two parts, one the resistance 7 and the other pl, 


called the inductive reactance, both bei; 
at right-angles to each other. "Apod devais aie 


Remember—I, and Eo are the maximum values (amplitudes) of 
current and ef. respectively and ¿and e are their corresponding 
instantaneous values, According to Ohm's laws, 


Eo=Ioz and e=iz. 
The current iis not in 
phase with the e.m.f. e, the 


former lagging behind the 
latter by an angle 9, where 


tan onl, The relation 


between 6 pl and r is 
shown in Fig. 188, 
Impedance Triangle— 
If the impedance z, the 1 
reactance pl, and the resis- Fig, 138 
tance 7 be represented by the sides AB, BC and CA respectively of 
oe triangle ABC, then the triangle is called an impedance triangle 
where, 


Impedance = Resistance" +Reactance” 
or, 27=r?+p7l%, 


148. Power in an a.c. circuit :—Power is measured by the rate 
of work done. The average power in a d.o. circuit ia equal to the 
instantaneous power and is obtained by the product of load current 
and p.d. across the load because the current and the p.d. are always 
in the same phase (P=iXe). But in an sc. circuit the values of e 
end 7 are constantly changing with time. So the average power fora 
complete cycle is obtained by tbe instantaneous power. 


(a Power in a circuit containing resistance.—In an a.c. oironit 
with a pure resistive load, the power is given by the produot of 
virtual load current and the virtual value of the load p.d. since the 
load current is in phase with the load p.d. 
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The instantaneous value of the e.m.f. e Eo sin pt. 
andthe ,, " " surrent i—Z, sin pt. 
So, the instantaneous power — E, sin pt X Io sin pt. 


T 
the average power- T. f Eo sin pt X I, sin pt.dt. 
x o 


lo Bre erae Bolo (T. pint. 
UT f sin? pt.dte ^r, jf sin” tdi 


[ where »-7] 


Hori mg po 
VASE Qr. GNE Ad ani e 


(b) Power in a circuit containing resistance and inductance.— 
In the osse of an s.o, cirouit with inductive load, i.e. when the circuit 
comprises a resistance (r) and also an inductance (J) and a purely 
Sinusoidal alternating ¢.m.f. given by s=Eo sin pt is impressed to 
drive a oyrrent through them, the ourrent is also an alternating one 
with the same frequency and purely sinusoidal in character, but it 


lags behind the e.m.f. by a constant phase 9, given by tan ont, i.e. 


the current i will be given by i—Io sin (pí—8) where Io =maximum 
value of the current. In such a caso, the instantaneous power is 


ei E, sin pt X I; sin (n— 0). 
7: EI, sin pt. (oin pt. cos 0 — cos pt. sin 0). 
7 EcL, (sin? pt. cos 9—sin pt. cos pt. sin 0). 
— EI, (sin pt. cos 0—$ sin 2 pi. sin 6). 


The mean power will be the average of this value over a complete 
eyole (T=27/p). Since the average value of sin? (or coa?) term for s 
complete cyole is $ and that for a sin (or oos) term is zero, we get, 


average power, P=} Hol, cog o= Fe, X To X oos 8 


= Es, Iv cos 8 
=virtual e.m.f. X virtual current X cog 0, 


The product, virtual e.m.t. X virtual current, is often referred to au 
the apparent power, and the factor cos @ by which the apparent power 
$s to be multiplied to get the real power is called the power factor of the 
toad, In practical units we can therefore write, 
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P= Power in Watts=virtual volts X virtual ampere X power factor. 


Note :—An a c. wattmeter may be used to measure the real average power in 
watts while an a.c. voltmeter used across the load (i.e. r and ! combination) will 


give the virtual volts and an a.c. ammeter used in series with the load will give 
the virtual amperes. 


Watümeter readin 


Then power facto 
power faci icem reading)X (ammeter reading) 


Special Case: When the load ig purely resistive, i.e. =O 


oos 0— Lu eb aing 4.6. the power factor is unity, true power 
[ET 


E I 
= = So x=, 
apparent power, and is given by VI V9 


144. Idle or wattless current :—Since the current is a vector 
quantity we can resolve it in two mutually perpendicular directions. 
In an inductive a.c. oirouit, the load current I lags behind the e.m.f. 


) the instentaneous value ofthe 


E by the single 0| —c057* ———— 
y single e( 008 Tap 
two being also vectorially shown by the 
directions of I and E as in Fig. 139. 
Lt us resolve Z along E and perp. to E. 
Ite component ia phase with E is then 
I cos 0 and the component at right 
angleato E is I sinô. I cos 0 working in 
phase with E gives a rate of working 
(power)=Ho sin ptXIo cos. sin pt, 
whose mean value for complete cycle ia 
$ Eo Io cos 0— EI cos 0, which is the 
true power conjumed in an r and / in- 
ductive circuit. Sb 7 cos Fis often called T 

the working or active component. Fig. 139 


The rate of working (power) due to the other component I gin6 
which lage 90° behind Æ is Eo sin pt X Io sin @ sin (pt — 90°). 


— —E.I, sin. sinpt. cos pí— —$ EI, sin 9. sin 2pt. The 
average value of this quantity for a complete cycle is zero. A watt- 
meter connected in the circuit will indicate the value of the power to 
be zero. Hence the total average rate of working (power) is $ Eolo 
cos 0, the same value as already deduced. 


Since the component I sin a( =z vm does not contribute 
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to the true power consumed by the load, it ic called the ideal wattless 
component. What ig its effect in the circuit then ? Its effect ig, 
however, very significant. Ifa given powér is to be supplied ata 
stated voltege to a load for which @ is large, i.e., the power factor oos 
6 small, i.e. I Sin 6 large, it will require a larger supply current, For, 


E =o xIo x : 20 V 2 con: 
P=}3EoIocos 60 va Wa cos 0 ; or, Nj cos Eva tnt 


tant. When cos 9 ig small, 5. i.e., virtual current to be supplied 


is large. So a supply station generating a given constant power will be 
able to supply fewer loads, if tne P.F.e of the loads are: small, i.o., 
their wattless component large. Several methods are however, sval- 
lable in practice to improve the P.F. of the loads and so, in effect, to 
increase the power distributing capacity of the generating stations. 


The wattless current is utilised practically in the construction Sof 
chokes. 


145. A Choking Coil or Choke :—In a d.c.. cirouit when a voltage 
is required at value lower than that of the supply, it is simply done 
by using a suitable resistance in series with the supply, when the 
required voltage drop takes place over the resistance and the lower 
voltage required at the load may be obtained. In so doing, however, 
a power equal to i*r, where r=the series resistance, is wasted and it 
is dissipated as heat, In an a.c. circuit the voltage can be reduced by 
using in series a choking coil or choke which is nothing but a highly 
inductive coil [ie. in which the inductive reactance (ip) ia large, i.e. 
inductance large at constant value of p (=2nf} in relation to the 
resistance] where the special advantage is that the power wasted in 
getting the voltage reduced is comparatively much smaller, 4 prao" 
tical coil of this type may be simply a thick coil of many turns wound 
on a laminated iron-core, 


When connected to an a.c, circuit self-induced emf. moróss the 
choke ( =) opposes the applied e.m.f. and thus reduces the effec- 


tive e.m. f. in the cirenit. The power consumed by the choke is very 
small, since Ip for it being largein relation to 7, the phase angle 0 ig 
large i.e. its power factor very small. The small loss that occurs there 
is due to the resistance of the choke coil which is rather small and 
Partly due to the hysteresis of the iron Gore, the eddy loss being 
made small by having the ovre in a laminated for: 


If in an a.c. circuit, the average current is I, and the average 
value of the impressed a.m f. ia Hy, then the average power in the 
eireuib — E, I, cos, where the power factor, cos 8r] V Fp, 
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The choking coil is made of thick copper wire, so the resistance is 
almost zero, i5. eos 60, The average power consumed is thus 
nearly equal to garo. Bo, the power lron-core 

wasted in the choke is negligibly small 
unless the choke itself has an appreoi- 
able resistance, 


146. Eddy currents (or Foucault 
currents ):—When the magnetic flux 
through a conducting mass changes, 
currents are induced in the conduct- 
ing mass and these currents flow in 
closed paths (i.e. in the form of eddies) 
within the conducting mass around the 
inducing flux as shown in Fig. 141. 
These currents are called eddy or Foucault currents. The conduot- 
ing material may be considered as equivalent to a large number of 
close coriduoting paths, each of which behave like the short-circuited 


Fig, 140 


Eddy current 


Increasing 
Flux 


Eddy current 


Decreasing 
Flux 


Fig. 141 


winding of a transformer of which the changing magnetic fieldis the 
working flax. For increasing flux the direotion of the eddy currents 
will be opposite to that for decreasing flux, the direction in each cage, 
by Lenz’s law, will be such as to oppose the flux to which the induced 
currents are due. When the conducting mass is that ofa metal, the 
path resistance being small, these currents may acquire large valueg. 
The energy of the currents is usually a loss and is dissipated in heat- 
ing up the conductor. This loss(=Z*r) due to eddy currents in 
a conductor is termed the eddy current loss. Such losses are always 
present in the iron core of the armature of a dynamo or motor and in 
iron core of a transformer being subject to constant changes of mag- 
netic flux. The phenomenon is of great consequential importance in 
electrical machines. If the varying flux is an alternating flux, the loss 
is proportional to the square of the frequency and so the pheno- 
menon poses a great problem in high frequency circuits. 
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In practice the eddy current loss in an iron core is considersbly 
reduced by laminating it. Thats, instead of making if as a single 
piece solid core of iron, it is constructed of thin insulated sheets 
(i.é. laminae) of iron which are pressed together to form the core, 
the laminations being placed parallel to the flux, i.e. perpendicularly 
to the e.m.f. induced in them. Fig. 142 (a) shows a single core with the 
eddy currents 
induced in it, 
the latter also 
showing the 
direction of 
the induced 
em.f. Fig. 
142 (b) shows 
how the lami- 

Fig. 142 nated core is 
fo be placed with respect to the induced e.7.f. The insulations being 
transverse to the eddye.m.f., the increasing path resietance decreases 
the strength of the eddy current. Theoxide costings formed on the 
thin sheets often serve as adequate insulation. When the sheets ara 
sufficiently thin for ‘ekin effect’ to be negligible, the eddy current logs 
(W) per c.c. of the material is found to be given by, 


W,—K'K,;*f'i*Bgaas* watta. 


where f—trequenoy, ¢=thickness of the sheet, Bags mesximum flux 
density or induction, K;-—Torm factor for the alternating wave flux 
depending upon the shape of the wave, and K', a constant for the 
material. 


147. Uses of eddy currents :—The eddy currents are not always 
sn evil, they have useful applications too. The action of eddy current 
is employed in the induction motor, induction type energy meters, and 
induction furnaces used for molting metals using high frequency 
current. The following two examples sleo will bear testimony to 
their usefulness. ` 


(i) Eddy Current Brake —If a metallio disc is rotated between 
the poles of a horse-shoe maguet and the magnet is held stationary, 
the eddy currents produced in the disc due to flax change through it 
will oppose sscording to Lenz's law the relative motion between ib 
and the magnet and thus. a broaking action will act on the disc. This - 
principle is commonly utilised in eddy current brakes. 


(ti) Speedometer of a motor ear.—In it a magnet is rotated ab 
a speed proportional to the speed of the osr by the help of one of the 
rotating axles of the car wheels. An sluminium drum resting on a 
pivot is heid in position around the magnet by the help of a hair 
spring. The drum is subjected to a torque arising from the eddy 
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currents induced in the drum and the torque so produced is propor- 
tional to the speed of the rotating magnet and hence also to the speed 
ofthe car. A pointer fixed to the drum sweeps over a calibrated 
scale as the car moves end indicates the speed of the car. 


148. The Direct Current (D.C.) Generator :—All commercial 
generation of electric currents ig essentially alternating current, but 
the alternating current produced in 


the generator can be made to fiow in N T 
one direction only through the A A Ac 
external circuit by a special device, d [n 
called the commutator. Án alternator c 
modified in this way by a commuta- S v 


tor is a direct current (D.C.) gene- 
rator. The process of conversion is Fig. 143 

called rectification. The principle 
of construction of a D.C. generator is the same as that of an A.C. 
dynamo except that the two ends of the armature are connected to 
two halves C,O' of a metal cylinder [insulated from each other (Fig. 
143)] called the commutator instead of the ‘slip-rings’. These two: 
halt-cylinders are fixed round the main shaft, bub insulated from it, 
and also insulated from each other, and it is so arranged that during: 
a half revolution of the coil, each half-oylinder (say, O) makes contact 
with a particular fixed brush and, when the current is reversed dur- 
ing the other half revolution, the same half-eylinder C is in contact 
with the other fixed brush. Referring to Fig. 143 during the first. 
half of the revolution (say 
anticlockwise as shown by 
arrow), theeurrent flows from: 
Q'to C in the coil AA’ and 
from the positive to the nega- 
180 2 : tive brush through the exter- 
Ope revolution nal cirouit ; during the other 
Fig. 144 (a) half revolution, when the 
direction of the current is 
reversed, the current flows from C to Q' in the coil, but during this 
time the positions of O and O' are algo interchanged, and no now [od 
makes contact with the positive brush, and O with the negative. 
brush. Hence in the externsl circuit the direction of the current 

remains the same as before, 

The E.M.F. generated by a single coil connected to two split-rings: 
(commutator), rotating between two poles, a8 described in the D.C. 
generator above, will be unidirectional no doubt. but will fluctuate 
between a maximum and zero vslües, ag shown in Fig. 144 (a). To 
make such a pulsating E.M.F. sensibly constant, a large number of 
coils in series are spread over the armature, eaoh coil being displaced 
from the next by a regular interval, with double thé number of 
segments on the commutator to which the'coils sre connected, The 
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effect is increased by the use of a multi-polar magnet. The E.M.F. 
produced by each coil will be of 
the same type as in Fig. 144 (a), 
but at any instanteach will differ 
in phese from the next by the 
Same constant angle. The E.M.F, 
obtained at the brushes will be 
the resultant effect of superposi- 
tion of these separate E.M.Fs. 
Fig. 144 (b) which are slightly, but regularly, 
varying in phase in succession. 
The resultant E.M.F. will be sensibly constant as shown in 
Fig. 144 (b). 


Maximum E.M.F. in a Dynamo.—The maximum E... produced 
by a dynamo is directly proportional to (a) the area of the armature 
coils, (b) the number of turns in the coils, (c) the intensity of the 
field produced by the field-magnet, and (å) the number of revolutions 
per second. 

149. Construction of D.C, Generators :—The three essential 
elements for setting vp a dynamically induced e.m.f. in such a 
machine aro, (1) steady magnetic field produced by what is called 
the field magnet which is an electro-magnet with a suitable number of 
ampere-turns, (2) an armature consisting of a number of suitably 
connected conductors placed, at a regular spacing arrangement, 
longitudinally on the periphery of a drum made of magnetic material, 
and (3) the motion of the armature. within the magnetic field so that 
the conductors cut the magnetic field preferably at right angles. 


(e) Field Magnet.—Practically all modern d.o. machines have a 
multipolar field system. The 
field magnet usually consists of 
a circular yoke with poles 
projecting inwards fromit, the 
polarities being alternately 
north and south. Fig. 144(c) 
Shows a typical field magnet 
frame with four poles. The 
main magnetic flux paths haye 
been indicated by dotted lines 
and leakage paths by fine full 
lines. The flax per pole bifur- 
categ such that the  cross- 
section of the yoke carries only 
one halt of the flux per pole. Fig. 144 (o) 

The yoke is ueually made of ‘fabricated steel and the poles may be 
cast steal, cast integral with the yoke, or wrought iron, or made of 
laminated steel, 


^ 
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(b) Armature.—The core and the conductor winding together 
constitutes the armature. In order to make the path to the lines of 
force of low reactance the core is made of magnetic material (iron). 
A solid iron core rotated in a strong magnetic field would develop 
strong eddy currents resulting in 
considerable expenditure of energy 
as heat. Though it isnot possible 
to eliminate this effect completely 
since iron is a conductor of electri- 
city, it can be well kept down by 
making it of thin disos lightly 
insulated from each other and 
compressed between two end 
flanges. The dises are mounted 
on a cast iron hub which is keyed 
to a shaft which is rotated by a 
prime mover, The core discs have 
parallel-sided slots notohed out 
from their peripheries at regular 4 
spacings [Fig- 144(d)] and, in the Fig. 144(d) 
completed core, therefore, a series of longitudinal slots (parallel to 
the shaft) is formed in which the armature conductors are berthed. 


(c) Armature windings.—All modern windings are either lap 
or wave windings. The difference between these two types of wind- 
ings is merely in the arrangement of the end connections of the 
conductors at the front of the armature. The character of the two 
types of windings is shown in (Fig. 144(e)]. It will be seen that the 
connections of consecutive conductors in both types of windings 


Fig. 144(e) 


point alternately right and left. Remembering this, we have to 
distinguish between the following ‘pitohes’ regarding what is called 
the winding pitch. The length ofthe end connection at the back 
reckoned in armature conductors, is called the back pitch, yB. The 
length of the front connection (side of the commutator segments), 
reckoned in armature conductors, is called the front pitch, yF. The 
two conductors which join commutator segments, consecutive in the 
winding scheme, comprise & winding element. The distance between 
the first and last conductors in & winding element is called the. 
resultant pitch, y. 
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Hence, for lap winding, (Fig. 144e (a)], y=yB -yF oo (0D 
lor wave winding, [Fig. 144e (b)] y -YB--»F Ac HE 


Observe shat both yB and yF must be odd numbers while y will 
be always even. In wave winding the number of parallel paths ja 
always two irrespective of the number of poles while in lap winding 
the number of parallel paths is equal to the number of poles. 


E.M.F. equation for a d.c. generator.— 


It d=magnetic flux per pole, Z=total number of armature 
*onduotorg, N=speed in r.p.m., P=number of poles and A=number 
of parallel paths in the winding scheme, it can be proved that the 
e.m.f, E will be given by, 


Be EN x? gs volts (for lap winding A=P; for wave 


A 
winding A=2), 


Armature reaction.—Tho effect of the magnetic field set-up by 
the armature currents produced on the magnitude and distribution of 
the flux under the poles of the field is called armature reaction. The 
effect causes a partial demagnetisation as well as some distortion of 
the flux distribution. . Depending on the magnitude of the armature 
current, the magnetic neutral plane (which coincides with the geo- 
metrical neutral plane between two poles in the absence of arma- 
ture current) is osused by this effect to shift round in the direction 
of rotation of armature. 

Position of collecting brushes.—Brushes are placed on the 
commutator segmenta at the positions of magnetic neutral planes 
where the meeting and separation of two e.m.f."a occur. 

Types of. d.c. generators and their operational characteristics. — 
Those generators ere usually named according to the manner in which 
the excitation of the field is made (excepting in case of permanent 
magnet type generators like magnetos). Usually there are four types 


Separate 
Supply Shunt 
Field Field Field 
re Arme- 
ture 
E T | 
(a) te) 
Fig. 144(/) 


viz. (a) separately excited,(b) series wound, (c) shunt wound, ani (d) 
compound wound, illustrated rospeotively in (a),(5), (c) and (d) ot Fig. 
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144(f) In the separately excited generator the field current is 
supplied from an independent source, In the serios generator, the 
field winding consists of a few turns (relatively small) of heavy cable 
connected in series with the armature and the external load line. In 
the shunt generator the field winding is connected across the arma- 
ture terminals. In the compound generator, the field winding bas 
two windings, a series winding connected in series with the armature 
and a parallel winding connected in parallel to the armature and tho 
series winding together oslled the long shunt arrangement as shown 
by a in Fig. 144fid) or connected in parallel to the armattre only 
oallod the short shunt arrangement as shown by b in Fig. 144/(d). 

Operational characteristics.— 

(a) Separately excited field.—In this case there is s slight 
decrease in the terminal voltage of the generator as the load ourrent 
increases. This decrease can be prevented by increasing the field 
excitation current up to the required extent. It is easy to do it, the 
source of excitation being an independent.one. 

(b) Series field.—Here the same current flows through the 
armature and the field winding. As the current taken from the 


taken. 

It a large current passes through the external load line, the value 
of the magnetic field will increase and the maximum value of the 
e.m.f. will alao increase, 


The dynamo is suitable for a fixed load in the line, such as car 
lamps, lighthouses eto. é 

(c) Shunt field :—In the shunt generator the field winding 
consists of a faw turns of thin copper wire and is connected across 
the armature terminals in parallel, A maximum portion of the arma- 
ture current passes through the load. The current through the field 
coll will deer as the load increases. So the magnetic field will 
decrease and aa a result of which the induced e.m.f. will also decrease. 

This type of dynamo is utilised for charging accumulators eto. 

If the terminal voltage on load is plotted against current taken 
from the machine, the voltage gradually drops more and more and 
finally turns back, If the armature is short-circuited finally, the 
voltage line cuts the current axis at some point. 

(d) Compound field.—The short shunt is the more usual arrange" 
ment, It gives a somewhat higher voltage beesuse of the shunt feld 
having the full armature voltage across it. Inthe long shunt arrange- 
ment the voltage across the shunt ia less thao the armature voltage by 
the voltage dropin the series field. The terminal voltage versus ourront 
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charaotoristic Is a compound of the series and the shunt charaote- 
ristios. If the series excitation satisfies the requirement that the 
terminal voltage at the rated foll load current is the same as that on 
no load, the generator shows a level compounded behaviour. It the 
serios field ie overexciting, the terminal voltage rises with load current 
and the generator behaves as overcompounded. 


The serles field winding consists of a fewer turns of wire whoreas 
that of the parallel field has a larger number. 


The resistances to the field colls are so chosen that when the load 
in the external ciroult increases, the increase in the induord emt. 
due to the increased field in the series winding is compensated by the 
deorense in the field dye to the parallel wound coil. 

Bo the induced e.m.f. is independent of the external load. 

This type of generators are used in Power Houses. 

150. The Electric Motor.—It és a machine by which mechanical 
energy is obtained at the expense of electrical energy. Bo an electric 
motor may be oalled a reversed dynamo. Only the principle of D.C. 
motors je considered here. A.O. motors have wide industrial appli- 
ostions no doubt, but their princiople of action is not so simple as 
that of D.O. motors for the beginners, therefore they, are left out. 

It an electric current (d.c.) from an external source be sent 
through the armature of & D.O. generator, it will begin to rotate 
between the pole piecos of the field magnet like a Barlow's Wheel. 
The field-magoet may be either a permanent magnet or an electro- 
magnet. Wherever a large power is required an electro-magnet is 
used. Tho electro-magnet may be excited by ourrent from a separate 
battery or from the line from whioh the current for the armature is 
drawn, the latter method being the most common practice now-a 
days. |The supply of current to the coil of the field-m agnet be made 
In different wayr. 


Construction :—(1) Field-Magnet. 
—A very powerful permanent mag- 
not with oylindrical pole pieo.s, NS 
(now-a-days electro-magnot) is used. 
The coil of wire wound round the 
soft iron core of the electro-msagnet 
is called the field coil. 
[7 (3) Armature.—This consists of 
Ò a coll of insulated copper wire wound 
round a soft iron core. The rectan- 
h” gular ooil ABOD in Fig. 145 repro- 
senis a armature, which is mounted 
Fig. 145 on an rotor so that ib can rotate 
easily within the sbrong magnetic field. 
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(3) Commutator.—The ends of the armature coll A and D are 
joined to the two halves C, and C, of « motal aplit-ring, the halves 
being ineulated from the spindle and from one another as shown ia 
Fig. 149. The split metal ring is called a commutator, 

(4) Brushes.—Theso are made of oarbon rods and are so arranged 
that each of them is lightly prossed against each of the two halves of 
the commutator at any instant of time, during rotation. The current 
reaches the armature throvgh these brushes, 


Action.—A source of em.f. (here the battery, B’) fa connected to 
the brushes through a key (not shown in the figure) in series. When 
the key ia clceed, a current passes through the coil in the direction 
ABCD. According to Fleming's left-hand rule, a couple of force will 
act on the sides AB end OD which will rotate the coil through 90" 
and will place ib at right angles to the magnotio field. The brushes, 
in this position, come io contact with the Insulated portions of the 
comroutator, The coil ABCD rotates further in the same direction 
due to inertia and C, and Cs come in contact with B, and D, respec. 
tively. Thereby the direction of the current through ABCD is 
reverted and the coil continues its rotation in the same direction, 
The only requirement ia that when the coil comes from a horizontal 
to the vertical position, the direction of the current flow sboold be 
reversed and thie js fulfilled by the commutator. 


In a Series-wound motor, the coll of the olectro-magnet je in 
series with the armature, whereas in the Parallel-wound motor, it 
ia in parallel to tbe armature, In the Compound wound motor, 
there are two coils round the pole-pices of the field-megnet: one 
with a small number of turns ie placed In series with the armature, 
while the other having a comparatively large number of turne le 
connected in parallel to the armature. Thus the field here le dus to 
the combination of a series and a parallel currents, Tho e| 
characteristica of these different types cf motors are different 
each type of motor bes its own field of applications, By joining the 
axle of the armature with any other machine, mechanical work oan 
be obtained [rom the electric motor. Often times, the main shaft 
ia provided with s pulley having a belting arrangomont bearing on ib, 
which trenemite the rotatory motion to other shafts, 


Tho b Indes of an electric fan are medeto rotate by fitting them 
on the axle of the armature of s motor placed insido the outer ease. 
Beeider thie, an electric motor has various other applications, such ae 
in printing machines, tram cars, cloema machinot, water-pumps, obo, 


151. D.C, Motor : General Principles :—The d.g. motor converte 
electrical power into meebanical power, That ts, ite actions fe the 
roverso of that of the generator, The essential construction of both 
ot them fs identical, Electrical power ta fed ipto the armature eondue- 
tora through the brushes, The conductora carrying current being 
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placed transversely to the field of the magnet are subjected to a forae 
tangential to the armature, the armature rotates about the axle like 
a Barlow's wheel. The axle acts as the shaft which supplies rot ating 
power to external bodies either directly or by gearing or belting. 


Fig. 146(a) depicts on the armature two neighbouring slots having 
conductors placed in them, the slots being separated from each other 
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Fig. 146 


by a tooth on either side, under a N-pole of the field magnet. Lot the 
current through the conductors be inwards, shown by--sigü on the 
cross-section of a conductor, The flux due to the field magnet ia shown 
concentrated into tufts passing into the topa of the teeth, the arrow 
marks on the full lines showing the direction of the flux. The magnetic 
flux produced by the current in the armature conductors is shown by 
the dotted flax around them. The effect of the latter flux is that it 
increases the density of the flux in the left-hand halves while it 
decreases the density of the flux in the right-hand halves of the teeth. 
So the effeot of the armature current is that the distribution of the 
flux density across a tooth section does not remain uniform. Secondly, 
it inelines the direction of the magnetic force [ Fig. 146 (b)] in the air- 
gap between the pole-face and the armature top and the tufts of the 
lines of force do not remain radial. As the lines of force are in a state 
of tenelon, the tangential component of the tension produces a torque 
on the armature. Thetorque in the present oase ia obviously counter- 
clockwise, as shown by the two arrow marks. So the operative torque 
on a d.c. motor armature may be said to be due to the tangential 
component of the magnetic pulls on the teeth of the armature slots, 


Back e.m.f. of a d.c. motor.—When the moto 
conductors on the armature out the magnetic lines of see b 
and an emf, is induced in each individual conduetor according to 
Flemiog's right-hand rule. This e.m.f., referring to the conditions in 
Fig. 146 (b), will be directed outwards i.e. opposed to the direction of 
the current to which the motion of the armature is due. It is therefore 
called the back e.m f. of the motor. The supply voltage applied to ths 
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motor terminal drives the current through the armature oonductors 
against this back e.m.f. and does work. In short, when the induced 
e-m.f. and the current in the armature are in the same direction the 
machine is a generator and when the former is opposed to the latter, 
it ia a motor. The expression for the back e.m.f, (Ey) is the samo as 
that for the generator (vide Art. 149). 


ZN P -6 
E= Xx-x 5 
b 60 4 10^" volt 


Speed of the Motor.— The speed of the motor adjuste itself auto- 
matically according to the load it has to hear such that the electrical 
power needed to drive the current through the armature at that 
speed equals the mechanical power (including the losses) required to 
drive the load. 


LET LB) eod y 108 
The speed of a d.e. motor, N iZ 605 x 10 r.p.m., 
where  E-applied voltage, Ia=armature current (amp.) and 
Ra=armature resistance (ohm). Obviously, the rpm. N of the 
motor is inversely proportional to the flux per pole (4) and directly 
proportional to the armature yoltage, (E-I.Bs. Farther, a motor 
develops the maximum mechanical power when the armature ourrent 
ia such that the back e.m.f. is equal to halt of the applied voltage. 


152. Motor Starters *—Excepting in the case of very small 
power motors, eg. fractional horse-power motors, an adjustable 
resistance (called the motor starter) is always required to be placed 
externally in series with the armature circuit ab the moment of start- 
ing, as the resistance of a motor armature winding is small. If the 
motor is direotly connected to the full supply voltage, a very large 
current will flow at the start, because there is no back e.m.f. since 
the armature is stationary at the moment of starting. To limit the 
current to a safe value the voltage to be spplied acrosa the armature 
should be reduced. This is achieved by using a suitable starting 
resistance in series with the armature. The value of this resistance 
is so arranged that on closing the circuit the required current ia 
sufficient to develop the necessary starting torque, As the motor 
speeds up, a back e.m,f. is generated and the current falla and the 
resistance is gradually reduced aa the Bpeed and back ¢.m.f, increase, 
When speed and back e.m. f. have attained normal values the resis- 
fanoe is cut out altogether and tho motor is connected directly to 
supply. The starter to a d.c. motor consists of a number of resistance 
coils connected to contact studs and controllid byarotary ewitcharm, 


Example.— We koow C=H/R, where C in the current, flowing 
through the coil of resistance 7? across which the applied em f. is E. 
Suppose, H=40 volts and R=0'5 ohms, then the current flowing 
through the ooil is C=80 amperes. This heavy current will damage 
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the armature winding. Let us suppose that the current through the 
| 

armature should not exceed 2 amps. Then Pc „where r=19'5 


ohms=the resistance to be applied in series with the motor. 


Fig. 147 shows a starter for a series motor- When the lever L is 
in contact with the starter head at P, current flows through the 
e Resistance motor and it starts to rotate. 
As the motor gradually speeds 
up, the electro-magnet M attracts 
the lever Z more and more to- 
wards itself and thus the resis- 
tance of the starter also gradu- 
ally decreases. Finally when 
the motor speed has attained its 
maximum value, the lever comes 
in contact with point Q and thus 
Fig. 147 the resistance of the starter is 
cut out altogether, At this 
stage the back emf e ig nearly equal to the impressed e.m.f. E and 
the current is also nearly equal to zero. The motor now requires a 
small current because it continues its motion due to the rotational 
inertia. 

153. The Tram Car :—Zram cars are run by motors. Fig. 148 
shows a typical street tram car. The current from a dynamo situated 
ab the power station is conveyed along an overhead line, called the 
trolley wire, to which is touched a small metal wheel fixed at the end 
of a long flexible pole on the roof of the car, The current from the 
overhead line is conveyed along a wire attached to the pole to the 
motors placed underneath the car. The current then goes through 
the wheels of the car to tho rails which are embedded in earth and 
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Fig. 148—The Tram Car. 


returns to the power station, The car stops whenever the wheel of 
the pole is separate from the overhead wire, i.e. a break is made in 
the electric circuit of the motor. 

154. The Transformer :—Electrici&y, as & means of power, has 
the widest application mainly because of its economical aspect besides 
the saving of manpower and the sanitary advantages. The economic 
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advantage rests on the fact that electricity can be generated at an 
economic site in the form of an alternating current, stepped up to s 
high voltage, transmitted even over large distances at minimum loss, 
and finally be easily stepped down again to a suitable low voltage at 
the place of consumption through the use of a very effisient device 
called tha transformer, Herein lies tha great importance of a trang- 
former. 

A transformer is an a.o, machine which works silently without the 
use of moving parts. On a common maguetic coro having a closed 
circuit, two coila—ingulated from each other and from the core, are 
wound. During working the Byatem is heated and it is necessary to 
keep the temperature. within preseribed limits by proper design and 
cooling. Small transformers are often air-cooled, while bigger ones are 
kept immersed in a special kind of high insulating oil contained 
ina steel jacket fitted with pipes through which the oil circulates 
when the traneformor ia in action, The coil whose ends are joined 
to the supply side is called in the primary aud the other whose ends 
are connected to the delivery side is called the secondary. Tho machine 
works on tho principle of mutual induction at constant frequency. A 
transformer may be either (i) step-up transformer, or (iż) step-down 
transformer. In the step-up transformer, the voltage on the delivery 
side ie raised and the current diminished while in a step-down trans- 
former the voltage on the delivery side is lowered and the current 
increased. The low voltage ooil consists of a small number of turns 
of thick copper wire while the high voltage coil comprises a large 
number of turns of thin copper wire. 

Difference between an Induction Coil and a step-up Trans- 
former.— 

Like the induction coil the transformer also develops an induced 
e.m.f.in the secondary by the action of a varying flux set up by the 
primary coil, but the action differs otherwise almost fundamentally. 
The magnetic cirauit of an induction coil is nob a closed iron path. So 
in its case there is a rapid deasy of the flux from the maximum value 
to near zero giving rise to high induced e.m.f, The flax in the core of 
a traneformer is produced by an alternating e.m.f. impressed on tha 
primary coil and it varies harmonically and not abruptly. Tho object 
here is not to obtain the highest possible induced voltage but to 
obtain the electrical output transformed in voltags and current ag 
efficlently as possible. So the aim is to produce the maximum flux 
produced with a minimum current and minimum magnetic leakago. 
This is achieved with a continuous iron esre wound with both 
primary and secondary coils, 

Two Types of Transformer Cores.— 

There are in general two types of core desiga, (¢) the core-type 
and (ii) the shell-type. The chief difference between them is thatin 
the core-type the windings aro wound over the cores while in the 
shell-type the cores are placed round the winding to form a shell, 
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Fig. 149 depicts in principle two core-type transformer of which (a) 
illustrate a step-up core-type transformer, and (b) a step-down one. 


Secondary 


Primary | Primary , 
STEP-UP STEP - DOWN 
(a) (b) 


Fig. 149—Core-type transformer. 
Fig. 150 shows the principle of a shell-&ype current transformer used 
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Fig. 150—Shell-type transformer. 


in a power circuit. "The low voltage coil is wound nearest the core 
the high voltage coil on the top of this coil. 


Theory of a simple transformer.— 


The theory is based on the assumption that a harmonically vary- 
ing flux interlinks both the coils—the primary and the secondary. 
This flux induces an e.m.f. E' in the primary, and a secondary e.m.f. 
Es in the secondary, the direction of these induced voltages being 
opposite to the primary impressed voltage. Assuming the whole flux 
to interlink both the coils, these voltages are to each other as the 
ratio of the number of turns N, and N, of the primary and the 
secondary respectively, or E'[Es — N,/N;. 
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The impressed primary voltage E; must be larger than E' in 
order to produce the current to which the flux is due. Ina trans 
former with the seeondary unloaded, the excess is very small and we 
may use the appreximate relation, 


B,/E,=N,/Nz "n; mou) 


This relation is not exact when the secordary is loaded, but 
even then it may be used as a first approximation. Transformera are 
remarkably efficient, the efficiency of small ones being as high as 
95-96% while large ones may even be 99% efficient. In rough 
calculations we may take the efficiency as 100%. In other words, the 
power input=the power output. That is #,XI,=HyXIy .. (2) 
where I, and J, are respectively the currents in the primary and 
secondary. Combining this with equation (1), we have, 


I|Iy;—N;N, ue Aa (3) 


Thus the ratio of the primary to the secondary current ofa loaded 
transformer equals the inverse ratioof the number of turns in the 
coils, This means that small currents are associated with high vol- 
tage and vice versa. This is the aim of a transformer. 


155. Energy Losses in Transformers and the means to reduce 
them :— 


In the above considerations the transformer was assumed ideal, 
i.&, there are no losses when the energy is transformed from the 
primary to the secondary. In actual transformera losses are liable 
to be present and steps are taken to reduce them to the minimum. 
The losses are accounted for as follows— 


(i) There is some loss of energy due to a leakage of magnetic flux. 
The lines of induction due to the current in the primary do not pass 
entirely through the iron-core but some of them are completed 
through shorter paths in air. 


(ii) Eddy currents are produced in the iron-core. This produces 
some loss of energy. This is reduced in practice by using a laminated 
core instead of a solid core. The core is built up from thin steel 
sheets (stalloy) laid together and insulated from each other. Tho 
effect of thia is to cause the eddy currents to flow in high resistance 
paths so that the eddy current in each sheet is small. Moreover, 
the temperature of the core does not rise much when these eddy 
currents are thus reduced, 


(iii) During each alternating cycle of the primary currents the 
core is taken through a complete cycle of magnetisation. This entails 
a loes of energy proportional to the area of ths hysteresis loop. To 
keep down thia loss a form of steel alloy, called stalloy (a form of 
silicon steel), is used. The ares of the hysteresis loop for this mate- 
rial ia small. Stalloy has high permeability at the eame time which 
ig a desirable property. 
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(iv) The coils possess resistance so that there is always loss of 
Some energy according to Joule's law (¿° Xr Joules per sec.). The 
thicker the wire, the smaller the loss on this account. 


155 (a). Auto-transformer :—An auto-transformer has only one 
single winding, which is used for the input and output voltages, the 
secondary voltage being obtained from a tapping at any desired point. 
So, the input and output voltages are not electrically insulated from 
each other. However, a certain portion of the winding being 
common to both primary and secondary, results in a great economy 
of material. Like an ordinary two-winding transformer, the auto- 
transformer can be.used as a step-down or a step-up transformer as 
well according as the tapping is from a point within the primary 
winding [Fig. 151(a)] or the primary winding bsing extended [Fig. 
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151(b)]. But the auto-transformer differs from an ordinary one in 
its uses and applications. The suto-trensformer should not be used 
in a high-tension line where a very high voltage is to be transformed 
to a lower voltage; in which case an ordinary transformer where 
the two sides are electrically insulated from each other is preferable. 
Auto-transformers are therefore extensively used as regulating trana- 
formers. They are algo used as voltage boosters in a power supply 
to raise the voltage in an alternating current feeder, but their main 
application is to give a reduced voltage for the starting of induation 
and synchronous motors with squirrel-cage windings. 


a It can be shown that an auto-transformer with a turns ratio, a ia 
equivalent to an ordinary two-winding transformer with a ratio of 
& —1, so far as transformation is consumed. In the ordinary one, ali 
the power is electro-magnotically transferred from the primary to the 
secondary whereas only a fraction is obtained in an auto-transformer. 
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However, they have better regulation, better efficiency and lees 
exciting current. The percentage of voltage drops zre also much less 
and the parcenta ge of the other losses are almost negligible for an 
auto-transformer than for sn ordinary one with the same output. 
Auto-transformers are cheaper than ordinary transformers of the 
same capacity, 

Since L2nz’s La w applies in this osse also, as in the oase of the 
doubls-wound tran sformer, the directions of the two currents must 
be ia opposition, as is shown in Fig. 151, 

156. Transmi ssion of electrical energy in the form of alter- 
nating current.— Supose the generating station is situated ab G 
(Fig. 152) from where the energy is to be carried to the town T 
which is at a distance. Let R be the resistance of the line-wires 
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from Œ to T aud back. Suppose the generator voltage is V and I 
the current to be delivered, i.e. the generated energy is VI (=W) 
watts. The loss in the transmission lines due to Joule produotion of 
heat is I*^E watts. Hence power available at T is VI-I^R-I 
(V-IR)=w watts, say. From this it is evident that w will ba 
practically equal to VI if I"R is small This can be achieved in one 
way by making the transmission lines of cables of large diameter, In 
this cage the cost of the outlay will be almost prohibitive. Another 
mothod of making I °R loss small is to make I small. If this method 
i3 adopted, the voltage must bə raised in order that the wattags 
supplied may be still equal to W. To make V large means that the 
insulationsin the generator have to be almost perfeot which is not 
possible. Moreover, it is not permissible to supply current at high 
voltage in view of the dangers from shocks eto. It is the transformer 
which solves these problems. Currents may be produced at a relati- 
vely low voltage, stepped-up by a traneformer for purposes of 
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traasnission, and then stepaed-down by a transformer again for the 
é2niumer to use it aba safe voltage, 230 volts being the standard 
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voltage in India. The energy is transmitted at as high as 132,000 
volts in India at present. A simple scheme of transmission is showa 
in Fig. 159(a) to illustrate the principle only, the transmission 
voltage shown in the figure being 33KV which is common in ordinary 
practice, 

At the Naigara Falls, the current is generated by water-power at 
a voltage of 2,000 to 12,000 volts, which is then raised to about 
100,000 volta and tranemitted to distant stations, where it is reduced 
to the voltage which is safe for domestic use. At Sierra Nevada in 
California, a high voltage power—even above 220,000 volts—has been 
possible to be gsnerated by alternating current which is transmitted 
to a dietance of about 250 miles at Los Angeles. 


For supplying electricity for domestic and other similar purposes 
to a small locality, the energy can be generated by Direct Current 
Generator or by an Alternator. The alternating current oan be 
rectified into a direct current by motor generator set or otherwise 
too. Ia the case of alternating current supply, the current reverses 
ita direction alternately and so there is no fixed positive aud nogative 
wire in the supply lines, each wire being alternately at a higher and 
lower potential with respect to the other. The change of direction of 
the current pər second is called the frequency of the supply. The 
common frequency of AO, supply in India is 50 cycles ner seco id and 
the supply is often described as "230 volts, 50 cycles’. In wireless 
cirouits the frequencies we have to desl with are very many times 
greater, and frequencies of several million cyclea per second are also 
possible. It should be noted here as a word of caution that an 
alternating current is more dangerous than a direct current at the 
same voltage. 

Woen an A.C. supply is described as ''230 volts, 50 cycles”, the 
effective voltage changes from 0 to sbout 300 volts, one hundred 
times per second ; so it is really more dangerous than the voltage 
described, i.e, 230 volts. 

157. The Advantage of AC. Supply :—An alternating current 
can ba transformed by a suitable transformer (Art. 154) to a smaller 
current at a higher voltage, or vice versa, with a very little lose of 
energy, which ia not possible for direct current (D.C.). For example, 
a2 A.C. can be transformad down to run a 6 volt lamp and again it 
can be raised up to 100,000 volts. Most power-stations use A.C. 
supply because electric power can be transmitted at high voltage with 
far less losa of energy than at low ones, and can be transformed to 
convenient and safe voltages to be used anywhere. 

The disadvantage of A.C. ia that it cannot be used in electrolysis 
or in charging batteries though is ia ag good as D.C, for heating and 
lighting purposes. 


158. Danger from Electricity :—A largs number of fires are vory 
often due to defective insulation ia electric light wirings, when the 
Insulation of an electric fixture wire, as, for example, a lamp cord, has 
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been damaged, the two bare wires may come together, which may seb 
many materials on fire in an instant. Bodily harm also very fre- 
quently occurs from electricity, which may produce fatal resulte. A 
bare wire oarrying currents ab 110 volts or 220 volta pressure may 
sometimes be handled safely if the skin, where the wire touches, is 
perfectly dry or if the paraon'a shoes are dry (or have rubber goles), 
Bu’ it the hand b» wet, or if the person stands on s damp floor, the 
result may be fatal, as enough carrent may pass through the heart to 
paralyse it. The resistance of the human body is about 30,000 ohms, 
but most of it lies on the skin, which, again, may be as low as only 
£00 and 300 ohms when the skin is wet, and under such circumstances 
fatal shoeks have been known to be caused even by 100 volts. 


Generally, currente a& 220 volts (or still higher) preesure are 
always dangerous. Birds are very often seen to be on the street 
trolly wires and then fly away safely because they have made no 
connection to the earth. Similarly, you can safely hang from the 
same wire without establishing any path for the current to pass on 
to the earth through your body which would prove fatal. 


159. System of Distribution :—In any publio distribution sys- 
tem, the supply of eleotrio power is carried oub by a net-work of 
oables which are named differently under the following three oate- 
gories :—(i) the feeders—these are cables supplying power in bulk 
to a specially selected number of pointa, called the feeding points ; (ii) 
distributors—those are the main osblos, usually run through the 
main routes, and from them current is tapped for the various consu- 
mers, and (iii) the service mains—these are small cables teed off 
from the distributors and taken into the premises of the consumere. 


In Fig. 153 an elementary scheme of distribution employing one 
feeder (f, f), one distribution (d, d), and a number of service mains 
(s, 5), the feeding points being (F, F), has been shown in order to 
illustrate the principle. Such simple schemes may apply to the case 
of a small town, but in the case of a large city where the consump- 
tion of energy is large the generating station (G) mentioned in the 
scheme of the figure may be a substation. 


160. D.C. Two-wire and Three-wire Distributors :— 


Fig. 153 shows, by the way, a d.c. two-wire distribution system. 
One of the lines which is connected to the +ve of the generator 
terminals constituto the +ve lines or the live line ; the negative 
terminal of the generator is earthed, and the second line of the two- 
wire system is connected to this terminal and is, therefore, called the 
neutral or dead wire. Nowina dc. system it is not possible to 
change the voltage between the feeders and distributors with the use 
of rotating machinery, and so the feeders and distributors are usually 
worked at the eame voltage. That is, the consumer a voltsge is, the 
game as that at the feeding points, 220 volts being the highest suitable 
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voltage for a domestic consumer, the feeders must work at this vol- 


di id 
Fig. 153 


in series maintaining a 
between the two free onter 
terminals, +ve and — ve. The 
midpoint O of the connector 
joining G,G in series is earthed, 
The three distributor wires (d) 
are connected thrqugh thethree 
feeder wires (f) to the supply 
station, the two outer distribu- 
tors joined to the +ve and the 
—ve terminals of the supply 
are respectively called the +ve 
outer and the —ve cuter and 
are often referred to as the live 
wires, while the middle wire 
conneoted to the earthed point 
O is called the neutral wire or 
dead wire. The service mains 
(s, s) to any consumer's house 
consists of one of the live wires 
and the neutral wire. Thus the 


tage. This voltage is rather very 
low for a large power to be dis- 
tributed, ‘particularly when the 
feeders are long ones, bearing in 
mind the cost involved in the lay- 
out and the efficiency of trans- 
mission beoxuse the cables have 
to be thick. 

The above difficulty is consi- 
defably overcome by adopting a 
three-wire supply system (Fig. 
154), In this system two d.c. 
generators (G,G) of equal power 
output at 220 volts are joined 


constant potential difference of 440 volts 


/— S.S 
h 
~ Earthed 
middle 
wire 
oi Outer 


Fig. 154 


voltage between the outer or live wires is twice that at the consumer's 


terminals. 


This results in a considerable increase in efficiency of 


transmission, and economy in copper for cables. The middle wire or 
neutral wire has half the cross-sechion of either outer. 


In order to achieve a balanced sharing of load between the two 
connected generators, the load currents (I, and Tz) in the two live 
wires are soughtto be made equal by, either connecting alternate houses 
with the positive distributor and the intervening houses with the nega- 
tive distributor, or by connecting all houses on'one side of a street to 
the positive distributor, and the houses on the opposite side of thestreet 
to the negative distributor as shown in Fig. 154. Such a supply 
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is called a balanced supply. As a matter of fact the balancing will be 
only approximate at best. The out of balance current (I—II) will 
flow through the middle wire. Balancing boosters are in practice used 
in the power house to bring about as best a balancing as possible. 
161. D. C. House- Wiring :—Fig. 155 illustratea the simple prin- 
ciple adopted in d.c. house-wiring. Two cables from the service mains 
(one live line, and another, neutral line) are first connected to an 
energy meter installed by the Electric Supply Company ab the pre- 
mises of the consumer for recording the consumption of caergy. The 


Z 
Liveiline 
Neutral wire Sah ote 
Neutra! wire 
W | wW 
20) 
k N P? L 


Fig. 155—D.C. House-wiring Principle. 
Z—fuse ; M.S.—main switch ; H.D.B.—house distribution box. ; W—off-an-on 
switch ; L—lamp ; N—fan ; PP—plug: points. 


meter is preceded by a fuse Z on the live line and followed bya main 
switch (M. S.) which is fitted with a fuse on the livs line and this 
arrangement is usually enclosed in a box B called the meter-box. The 
live line from the meter-box is then connected to a distribution box 
(H.D.B.) on which in the figure, six distribution lines, 1, 2, 3, 4 etc. 
have been shown. 

Each such diatribution line has a separate fuso Z fitted to it. This 
saves the other distribution line when any psrbicular line blows off 
due to over-load. When the total load in the houae exceeds the maxi- 
mum (5 amps., 15 amps., or more as the case may ba) for which tha 
meter has been installed, the fuse Z fitted with the main switoh (M.8.) 
blows first and saves the meter. Any of the power distribution lines, 
1, 2 or 3 etc. and the neutral line constituta a distribution line in aay 
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floor or row of rooms. A load which may be a lamp, L, a fan N eto. 
is to be always joined in parallel between these two lines through a 
separate switch W fitted on the live wire. Thus each load is supplied 
at the same constant voltage, namely the voltags ofthe service mains, 
220 volts. The advantages of parallel connection are (i) the remainder 
of the net work is not affected if any of the loads (lamp, fan, eto.) is 
fused or switched out, (ii) each load is run at the same constant 
voltage. 220 volte, and (ii) the addition of more loads in the circuit 
‘does not affect the current strength in any particular load, because 
the voltage of the mains is maintained at 220 volts (2-495) by the 
Supply Concern according to Electricity Supply Acts enacted by the 
‘Government. 

Example—1500 kilowatts are transmitted at 60,000 volts through a cable of 
resistance 0:10 ohm per mile. The diam.ter of the cable is 0'455 inch. Find loss 
of power per mile of the cable, 

What would be the diameter of the cable required if the same power were 
transmitted at 200 volts in order that the pouer lost per mile should no! change. 

Ans. Power lost=H+O*r watt. Hence = 150000025 amps. 


For transmitting this power at 200 volts, the current required= 1500000 21,50 


amps. If r in. be the radius of the zeabired cable, its area of cross-section is 
feri sq. in. ; and that of the old one is "(CE sq. in. 


i 


So the resistance of the new cablo- [rix (0455)? . o 10)]ohms. 
4xsr? 


.. Power loste.(7500)* [5025 «o10) | watts. 
Xar? 


‘whence r=6'8 in. or diameter of the required cable=(68x2) in.=136 in. 
=1ft.1'6 in. (Of course a cable of this diameter is RA ones 


Questions 
l. Describe the construction and action of a dynamo. 
x = (All. 1920, *21, 29 ; Pat. 1944 ; R. U. 1945 
2. Describe a simple method of obtaining an alternating current. How voad 
you proceed to change the alternating current to a direct current? (C. U. 1947) 
__ 3. Explain how the phenomenon of electromagnetic induction has been utilised 
in transforming mechanical energy into electrical energy. - (Pat. 1936) 
4. (a) Describe how to „move a wire forming part of a closed circuit in the 
earth’s magnetic field so as to induce a current along the wire, and how to move 
is ru eret may vae induced current along the wire. : 
it be moved the same distance but twice as f; i 
another, what is the relation between the currents iore ied eg ie 
[Hints.—(a) No current will be induced along the wire, if it is ucl 
, ^ =; h : e, moved along the 
pines et ei s total intensity. (b) The current in the second case will be 
Write a brief essay on electricity in the service of 
Pils cobb baan erue to show that a mechanical force acts RR 
situated in a magneti " i i 
moal 5s a gea current motor. Bena BORRON thie fore Ü 1949) 
ie LU H » r ^ 
rite à short note on “electric motor”, (C. U. 1938, '42; U.P. 1943) 
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CHAPTER X 
MODERN PHYSICS 


Cathode Rays : X-rays, Radio-activity : Atomic Structure 


162. Electric discharge through Gases :—With an induction 
coil the sparks pass between the terminals of the secondary, only 
when the two terminals are very close, For example, a difference of 
potential of about 100,000 volts between the terminals is necessary 
for sparks to pass through a length, or spark gap as it is called, of 
1 cm. of air between the terminals, The sparking potential should be 
increased with the length of the gap. This is because air and other 
gases are good insultatore under ordinary conditions ; and so high 
electrical pressures (which can be obtained by an induction coil or an 
induction machine, such as a Wimshurst machine, etc.) are required 
for the production of discharges. 


108. The Discharge Tube Phenomena :—If air, or any other gas, 
ig enclosed in a glass 
tube having two 
aluminium electrodes 
attached with plati- 
num wires sealed in 
through its end [Fig. 
156(2)} which are 
joined to the two 
terminals E and F 
of a powerful indue- 
tion coil, no dis- 
charge will pass 


hrough the gas, at - 2 

the ordinary pre- (iii) Ef C iN’ F DES 
ssure, If however, Penta 

the tube is gradually Fig. 156 

exhausted through z 

the side tube 7 by means of an air pump, the insulating power of the 


enclosed gas will be gradually more and more reduced and the 
following phenomena will be observed successively — 


(1) With the reduction of pressure in the tube, when the pressure 
falls to about a millimeter of mercury and the voltage across the 
electrodes is juss able to maintain a current, there will be no visible 
discharge within the tube, but there will be a luminosity confined to 
each electrode. This phenomenon is known as the dark discharge. 

(2) With further reduction in pressure, a brilliant discharge will” 
fill the whole of the tube stretching from the anode A (electrode con- 
nected to the positive terminal F of the induction coil) almost up to 
the cathode K (electrode connected to the negative terminal E). This is 
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called the positive column [vide Fig. 156 (i). The colour of the 
discharge will depend on the nature of the gas enclosed. With sir 
the colour is red. 

(3). When the pressure is reduced to about half a millimetre, the 
luminosity of the gas diminishes, and the positive column breaks dewn 
into a number of luminous dises (S) called striations, disconnected 
from each other by regular dark intervals. At this time, a bluish 
patch of light appears around the cathode, which is called the 
Negative glow (N). i l 

The negative glow appears distinotly separated from the stria- 
tions by an ill-defined dark space F, which is called the Faraday 
dark space [vide Fig. 156, (i)]. 

(4) With further reduction in pressure, the whole series consist" 
ing of the striations, the Faraday dark space, and the negative glow 
proceeds towards the anode, and gradually a stage comes when the 
negative glow gets detached from the cathode leaving another dark 
space C in between [Fig. 156, (iiċ)] ; this dark space is referred to as 
the Crooke's dark space. At this stage the cathode itself is left 
covered up with a pale velvety glow G, called the cathode glow. The 
number of striations at this stage is quite small. 


(5) With further reduction in pressure, when, gay, the pressure 

falls to 10^? to 10-* mm. of mercury, the Crookes dark space fills up 
the whole of the tube and the inside surface of the giass-tube becomes 
fluorescent, the colour of fluorescence depending on the composition 
of the glass. It appears bright green with soda-glass and blue with 
lead-glass. At this stage of vacuum, a beam of invisible rays is shot 
out normally from the cathode proceeding towards the anode. These 
rays have been carefully studied and they have been found to be 
nothing but a beam of electrons (negatively charged fundamental 
particles), which are constituents of all chemical elemente. These 
have been called Cathode rays. The path of the rays may, however, 
appear lightly violet due to the fluorescence of the residual gas 
molecules caused by collision with the rays. 
» When the tube is rendered almost a comple vacuum, no P.D., 
however great, can cause a discharge to pass from one electrode to 
the other through the inside of the tube. The discharge will then 
tend to pass along the wall of the tube. 

The phenomena connected with the discharge through gases were 
first investigated by Sir W. Grooke, and afterwards by Sir J. J. 
Thomson, and other workers also have made various contributions 
to the subject. As a result of their investigations the properties of 
cathode rays have heen thoroughly revealed and may be summed up 
as follows— 


Cathode Rays. — When the pressure within a discharge tube is of 
tha order of 10? to 107* mm, of mercury, ard a current is maintained 
by the P.D. applied bstweon the anode and the cathode, the whole ofthe 
tube appesrsdark except at the walls on which a fluorescenceis visible 
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whose colour varies with the composition of the glass of the tube. On 
testing the origin of this fluorescence, Crookes, Thomson, and others 
have come to the conclusion that this fluorescence is caused by an 
invisible beam of negatively charged particles which are shot out 
normally from the cathode. Such beams ere called cathode rays. The 
average mass of each particle is 9X 107*° gm., or roughly Ibro of a 
H-atom, carrying a charge of 4'802X1072° e.s. units. No smaller 
charge, or a smaller mass, has been isolated even today. The nature 
of these particles has been found to be exactly the same, whatever 
gas is used in the discharge tube. So itis believed that these parti- 
cles are one: of the fundamental particles with which all matter is 
composed. They are called electrons. 


164. Properties of Cathode Rays :— 


(i) The rays consist of an invisible stream of minute particles 
each carrying @ charge of negative electricity. This property can be 
proved by placing inside a discharge tube (having say. anode A and 
cathode K) a hollow A: 
metallic vessel B connec- : $ 
ted to an eleotroscope, reri e 
placed outside, by ger 
of a platinum wire fuse 
in the tube (Fig. 157) B DENT 
When the tube is worked, the leaves of the electroscope will be 
found to diverge with negative electricity. These negatively charged 
particles are termed electrons (wide Art. 7, Part VI), which have 
been shown to be an ultimated constituent of all matters. The 
charge on an electron has been found to be 4°802X1077° es. 
units. 

(ii) These negatively charged particles travel in straight lines 
from the cathode with high speed varying from 10? to 107° ams. per 
sec., i.e. from yth to ird the velocity of light. This may be demon- 
strated by placing a metallic obstacle (aluminium cross, Fig. 158) in 
the path of the rays when a well-defined shadow is thrown on the 
glass behind it. 

(iii) The particles striking 
the inner surface of the glass 
tube cause it to glow witha 
greenish fluorescent light. 

(iv) The cathode rays al- 
ways heat the material upon 
which they fall. It the rays 
which are emitted normally 
from a cathode K of spherical 
shape are concentrated upon 

. thin sheet of platinum P placed 
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at the centre of curvature (Fig. 159), the platinum may be heated to 
redness, 


(v) The cathode rays falling on the upper portion 
of a paddle wheel W of mica placed in a vacuous tube 
provided with glass rail G will osuse it to roll along 
the rails showing that they exert mechanical pressure 
by virtue of their kinetic energy (Fig. 160). 


Fig. 160 


(vi) They are deflected by a magnetic as well as 
Fig. 159 by an electrostatic field, 


The rays from the cathode are allowed to pass through a hole in 
a brass plate in the same discharge tube. Ifa strong magnet is 
brought nearthe tube, the 
bright patoh of light pass- 
ing through the hole is 
seen to be deflected, the 
pencil of rays behaving as 
if it were a flexible wire 
carrying an electric current 
flowing towards the oath. 
ode, the direction of deflec- 
tion being that in whioh a 
Fig. 161 stream of negatively ohar- 

ged particles would be deflected (Fig. 161). 


The ray» can alao be deflected by allowing them to paes through 
a abrong electrostatio field. 


(vii) The mxss of an electron has been found by recent experi- 
ments to be rzy of the maes of & hydrogen atom, and the charge on 
an electron ia 4802 X 107*? o.g.g. electrostatic unite, 


(viii) The rays can ionise a gas.— When these rays pass through 
^ gas, the gas molecules break up into positively “and negatively 
charged ions. Whon an eleotrio field is applied, the ions move to 
opposite electrodes apd thus render the gas conducting, 


Gz) Lenard has shown that the cathode rays can pasa through 
very thin sheets of aluminium, gold, silver, etc. 
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(z), Sometimes these rays are found to behave as waves also 
ae has been shown by Davisson and Germer, 


165. Applications of the Discharge Phenomena :— 


Geissler Tubes.—Those tubes work on the principle of the 
positive column. Heinrich Geissler, a German expert glaas-blower, 
firat constructed discharge tube of various shapes filled with different 
gases at a pressure of about 5 mm. When a discharge is passed 
through such tubes, beautiful colours are produced due to the positive 
column formed. The colour depends on the nature of the gas enclo- 
sed and the composition of the glass. Such unbroken bands of light 
in a positive column are commonly used now-a-days in evening 
advertisement. The neon signs, so popular now-a-days and so 
commonly used in evening displays in modern cities, belong to this 
class. In these cases, a long glass tube is bent into desired shapes 
and is provided with terminals at the ends. The air is exhausted 
from within and the tube is filled with neon at a pressure of about 5 
to 15 mm. The A.O. Maing Supply Voltage is raised to several 
thousands by using a transformer and then used at the terminals of 
the discharge tube. A few milliamps. of current pass through the 
tube. The tubs glows with a distinct bright orange-red colour. By 
using different gases or gas mixture, or by using glasecs of different 
compositions, different colours may bo obtained. A mixture of neon 
and argon (with a trace of mercury) gives blue light. If the tube is 
of amber or uranium glass, the same mixture will give green light. 
Blue light is ala» given by argon in clear glass. Helium gives yellow 
light when used in a tube of amber gless- Krypton, when used in a 
‘tube of clear glass, gives a deep blue light. 


The Plucker Tubes, ore form of which has been shown in Fig. 
169, and which are used in the jaboratery for the study of spectra are 
nothing but Geissler tubes. 

The central part of such a f ————— 
tube is capillary and the two ES a 
ends of the tube are provided 

with two aluminium eleotro- Fig. 162—A Plucker Tube. 

des. The tube is filled with 

the gas (whose light is to be studied) at a few millimetres of meroury. 
The emitted light is most intense in the capillary part and the bright- 
ness ia increased further if the ‘end on’ view is utilised. 


The Neon Lamp.—The lamp works on the prinoiple of the Cathode 
glow, It is a lamp of very small power, and is frequently used in the 
laboratory for testing purpose, and is economic for use at night at the 
bed-side. It is simply a small glaes bulb containing neon st a pressure 
of a fraction of a millimetre of meroury. The electrodes are of iron 
coated with barium. For use with direot current the anode is smaller 
in area than the cathode, whereas with A.C., both the electrodes are 
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ef equal area. An extra resistance is always required for use along 
with this lamp and this is ordinarily 
incorporated in the base of the lamp 
itself. Its brightness is only a fraction 
of one c.p.; and its consumption is about 
15 watts per op. The colour is pink- 
orange. 
166. Determination of e/m of 
Cathode ray particles (i.e. electrons) : 
In 1897, Sir J. J. Thomson first identi- 
) fied the cathode rays as electrons. It was 
i Thomson who for the first time success- 
[i fully determined the ratio of the charge 
= of an electron to its mass, i.e. elm, 
C commonly known asthe specific charge 


j 

Pie gi of an electron. 
y In Thomson's method, the movement 

DES Neon Lampes Blao trons nader the joint action of 
an electric field and s perpendicular magnetic field was conveni- 
ently studied by an appa- 
ratus known as the Braun 
iube or the Thomson 
apparatus. This method 
is also commonly known 
as the cross-field method. 
The apparatus consists of 
an evacuated glass tube of 
the form shown in Fig. 
eR wherein is introdu- 
ced acircular diso, K, of i 
sluminium or platinum to "set 
form the cathode. The anode A is an aluminium cylinder with a 
narrow hole bored along its axis. Two parallel metal plates P, and 
P, are introduced inside this tube behind the anode and the zine 
sulphide screen S ig placed at the end of the tube as shown in the 
figure. The Pressure inside the tube should be reduced to about 
10^" to 107* mm. before finally gealing the tube. By applying a high 
voltage from an induction coil an electric discharge is maintained 
between the cathode and the anode. Moat of the cathode rays 
coming from K will strike the anode, of which a portion will pass 
through the hole of the anode and strike the soreen S directly pro- 
ducing a well-defined and bright fluorescent spot. Now applying a 
putabo electric field between the plates P, and Pa and a magnetic 
d ^t right angles to both the electric field and the direction of 
M dps of the cathode ray particles (as shown by the circular dotted 
ine), the behaviour of the negatively charged cathode ray particles 


l 
ae as they are commonly called, can be observed on the 
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In Thomson’s method, the electric and magnetic fields are applied 
from mutually perpendicular directiors, each of which are again 
perpendicular to the direction of movement of the electrons. Lat us, 
therefore, first consider effects of each of these fields on the electrons 
separately and then their joint action. Lət the electric field E (Fig. 
165) be applied in a direction (say, along the Z-axis) at right angles 


—m 


v 


Fig. 165 


to the direstion of movement of the electron AO (aay, along the X- 
axis). Since the charge on each electron is e, the force experienced 
by i6 towards;the positive plate P, will be He. This force acts on 
the electron only within the region occupied by the plates P, and P, 
of length z. The time required by an elestron, moving with a speed 
v, to traverse this distance will be i-z[v. During this-time ¢ the 
electron will be accelerated towards P, and the magnitude of this 


acceleration fis given by the relation, mf-— Ee ; or, =Z, where m 


is the mass of an electron. So at the end of interval.t, the distance 
traversed by an electron along the Z-axis (i.e. towards P,)is given by 


3 
s=hft? yee 35 E (1) 
s. 2m? 
Hence we get, 2 — 7 448 we ite (2) 


This represents the equation of a parabola symmetrical about 
the Z-axis, whose latus rectum is given by 2mv*/eE. Thus we seo 
that the trajectory of an electron in a perpendicular electric 
field is & parabola, But since the extension of the electric field 
is small, this trajectory may be well supposed to form only a 
small portion of the parabola near its apex and as such it may 
be taken to be circular. The radius of curvature of this circular 
path may be taken to be equal to half the latus rectum of the 
parabola. 
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.'. We get that the radius of curvature of the circular path is 


mv" 

= E es 3) 

bs eE f 
(Note: Here if e be taken in &.s.u., E also should be taken in the 

same units and if the measurement of E be directly made in e.m. 

units, e must also be converted into ¢.m.u. 


Again le us consider the effect of a magnetic field applied inthe 
direction of Y-axis on the same electron moving along the X-axis 
with a velocity v. 


This moving electron carrying a charge of e e.m.u. may be con- 
sidered to be equivalent to a current of strength ev. Due to the 
magnetic field of strength H Oersteds applied along Y-axis, this 
electron’ will experience a force Hev acting in the X-Z plane which 
will be at the same time at right angles to the direction of movement 
of the electrons (i.e. direction of current). Under this condition, the 
trajectory of the electron will be a circle of radius, r, which can be 
found by equating the centrifugal force on the electron with the 
magnetic force, 

+. om " _ m N 
sen Hev; or, r hr du (4) 


When both E and H act on the same electron from mutually perpen- 
dicular directions the actual orbit will be:rather complicated. But 
for all practical purposes we cen arrive at the correct result by 
acsuming both the fields to be acting separately- 


To determine +- and the velocity of an electron, a Thomson 


apparatus is taken and the electron beam produced therein is defleated 


by a known electric field E (where z=", V andd respectively be- 


ing tho p.d and the distance between P, and P,) The defleotion 
produced on the fluorégcent screen ia noted. Let it be 8—0Q. Now 
applying a suitably directed magnotic field of proper strength in s 
perpendicular direction, the spot of light is once again brought back 
from Q to O. Under this condition, the forces acting on the electron 
due to the electric and magnetic fields muat he equal in magnitude 
but oppositely directed, provided both these fields are uniform and 
extend over the same space. 


., Heo Ee (when E, e are both taken $n e.m. units). 


r E 
oe Ens uc ste te 
z (8) 
Thus v can be determined provided E and H are accurately known 
from auxiliary experiments. When the electric and magnetic forces are 


/ 
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identical the two radii of curvature p and r are also the same. So 
applying this value of v from (5) in relation (3) we get, 


f= = a d 


from which e/m can be calculated from the simple geometry of the ~ 
apparatus and the knowledge 
of 8, E ard H. As is evident 
from Fig. 166, AT representa 
the trajectory of the ele- 
ctron, whose radius ofeurva- 
turep=AC. wx is the extent 
of the eleotric field and TQ is 
the direction of the deflected 
electron beam which is tar- 
gential to AT. QT, when 
produced, meets the axis of 
apparatus at O' which is the NIS 
eentre of the field. Let D be PPG PE Gergen ghana 
the distance O'O. Now from f 


similar As ACB and 00'Q, Fig 166 
we get, 
p__AB, =D% ES 1 
00 $ or, P 3 ( ) 
Hence putting in (6), we get, 
E 
Ih "T one (8) 


Thus from relation (8), FL an electron can be determined 
because all the quantities on the right hand side are accurately 
determinable. The value of = as determined by Thomson by this 


method was not so accurate. But later experiments gave & conébant 


value of = whioh is found to be 1°759%10" ¢.m.u. of charge per gm. 


Dunnington in 1939 determined efor electrons emitted by a hot 
filament (therme-slectrons) by the magnetic deflection method. This 
is supposed to be one of the beat methods for determining = and bhe 


result of his experiment actually tallies with the above within the 
limits of experimental errors. 
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Eleetron as a common constituent of matter.—The determina 


tions of : for the cathode ray particles taking different gases in the 


discharge tube reveal that this ratio remains constant irrespective 
of the nature of the gas. Moreover, the negatively charged particles 
that are emitted by metallic surfaces when irradiated by light (gene- 
rally ultra-violet or X-rays) and those emitted by heated filaments are 
also found to possess the same specific charge. Even in radio-active 
disintegration the negatively charged B-parbicles arefound to have the 
same value of the specific charge. Those facts indicate that the elec- 
trons, whether they are originated as a result of electric discharge or 
during the photo-electric, thermionic, or radio-active emissions, are 
all identical inapite of their diverse origin. This shows decisively that 
the electrons form one of the universal constituents of all matter. 


167. Determination of the electronic charge :—The charge on 

an electron was first determined by Thomsonsnd Ratherford in 1898. 

Wilson also determined the electronic charge by the cloud chamber 

method in 1903. But all these determinations had various types of 

defects inherent in the experiments themselyes and the results 

eo were far below the standard value as is obtained from other 
ats. 


Robert Andrews Millikan successfully determined (between 1909— 
1917) the electronic charge with s high degree.of accuracy by a direet 
method known as the Oil drop method. His apparatus consists 
essentially of two optically flat brass plates M and N about 22 ome. 
in diameter and about 1'5 omg. apart as shown in Fig. 167. These 
two plates form a parallel plate condenser, the lower plate N of which 
is connected to earth and the upper plate M be given a negative or 
positive potential upto about 6000 volts. Tho plates are placed in a 
large metal box C-to avoid air currents. The box C is again placed 

: inside an oil bath 
maintained at a oons- 
tant temperature. To 


+f meme start with no p.d. is 
cmt. B= A applied between M ard 

i Ni : fe spray of a 

à relatively non-volatile 

:0 w wi Boan oil (e.g. watch oil) is 
blown into the space 


: above the plate M by 

means ofan atomiger 4. 

sy i e a " The oil-drops pass thr- 
a number of small holes in the middle of the upper plate. In th 

process of atomisation or during thoir passage redi iba holes, the 

oll-dropa become charged by friction. In the space between M and N 
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these drops are subjected to a vertioally downward force mg due to 
gravity only when no p.d. is applied between M and N. The drops are 
illuminated by a strong beam of aro light (properly water-cooled) and 
are observed from a perpendicular direction by a small telescope in 
the eye-piece of which the crose-wire has been replaced by a graduated 
transparent scale, A single drop can be easily viewed as a luminous 
point which moves with a terminal velocity in the viscous air medium. 
This velocity is caloulated by observing the time and distance of fall 
of a particular luminous point. 

Let v, be the terminal velocity of free fall in the absence of 
electric field. Then by Stokes’ law, we have, 

mg = 627204 E e" (1) 
where m is the mass of the oil-drop, g the acceleration due to gravity, 
a the radius of the drop and ņ the ooefficient of viscosity of the 
medium. 

Next an electric field E is applied in the condenser space to oppose 
the force of gravity by a suitable commutating device (not shown), 
The space is further ionised by X-rays entering through a window 
W, and as a result the oil-drops are in a position to pick up more 
than one ionic charges by steps. 1 

It a, be the charge acquired by a drop, it experiences an upward 
electrical force equal to €; E over and above the downward force mg. 
It e, E be greater than mg, the drop would acquire an upward termi- 
nal velocity v, in the viscous medium under the joint apa 

9 


these force where e, E — mg 672av, E oF 
i MeteBome, or, tate, 
"teg mg 1 Ua mg 
$ aMits y mo xs 3 
«te^ Yt EA 7 am (8) 


But the mass of a drop is given by m-$7a' (a-p) where o= 
density of the oil and p= that of air. 
^. From (1), #7a"(o—p) g= 672v; : 
97". 
29(¢—p) 
Hence, relation (3) oan be rewritten as, 
d Ta* (o — p)g , v4 vs 
EITA CA 
BELA n 2] n [ 977, Ex viv. 
E 9gle — p) M 
9n $i jute Tur 4 
=i% [zal xt Et a (4) 
All the quantities on the right hand side of relation (4) being 
known, é, can be evaluated. The values of e; for different drops 


or, a*= 


Lr 
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under observation are, however, not always the same. As, in course 
of its motion, an oil-drop picks up one or more ionic charges, its 
velocity v, abruptly changes. So in relation (4), the value of (vi v) 
changes with the number of ionic charges acquired by the drops. 
Thus the calculated values of e; correspond to the number of ionia 
charges picked up by the drop under observation. It e be the charge 
on a single ion or the electronic charge, then e, cor responds to me 
where is the number of ions acquired. From actual experimental 
data it is found that n varies from 3 to 20. Millikan calculated e, for 
a great number of drops and from those values of e, the highest 
common factor was taken to be the charge cn a single ion or the 
electronic charge e- 


Since the size of oil-drops was of comparable dimension with 
the molecular mean free path, a correction was introduced 


A 
in Stokes’ formula, wherein 672 was: replaced by 6572 / 144°) 


where A ig a constant and å the mean free path. A was caloulated 
from the knowledge of pressure as deduced from the kinetic theory 
and A was evaluated from the measurements of e with drops of 
' different sizes, 


The value of the electronic charge as calculated by Millikan was 
4'174X 10719 esu. of charge. Later accurate experimental evidences 
showed that Millikan’s value is slightly lower. The cause of this 
discrepancy was pointed out by the Japanese scientist Shiba in 1932 
to be due to sn error in the accepted value of 7. So 7 for air was 
re-determined accurately by Bearden, Kellstrom and others. When 
this revised value of 7 is substituted in Mallikan's results, the value 
of e comes to 4'81 X 107? e.s.u. of charge. In 1941 Hopper & Laby 
modified the Millikan experiment by arranging a single oil drop to 
move in a combined electrical and gravitational field at a time. The 
movement of the drop was photographed for subsequent measure- 
ments, The method gives a very reliable result of e. The accepted 
value of the electronic charge at present is e=4'803 x 10°*° e.s.u. of 
charge. 


168. Positive Rays :—During the discharge in a cathode ray tube 
another types of rays has been discovered travelling towards the 
cathode, that is, in a direction opposite to that of the cathode rays. 
These rays were first detected as streams of reddish rays coming out 
through a perforated cathode by Goldstein in 1885. They weré first 
called canal rays (Kanal strahlen) and subsequently named as 
positive rays. 


These rays were first carefully studied by Sir J.J. Thomson. They 
are observed to be deflected, though to a smaller extent, by s magnetic 
as well as by electric field, and from the nature of the deflection it is 
found that they consist of positively charged particles. The mass of 
these particles is found to be almost equal to the mass of the atoms 
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of the gas molecules enclosed in the tube. They are positively charged 
gaseous ions formed by the atoms losing one or more electrons. 
Thomson studied the properties of positive rays by simultaneously 
subjecting them to parallel electrostatic and magnetic fields. The 
positive ray particles having the same value of the ratio, elm, were 
found to be distributed along distinct parabolic paths, where e and m 
respectively refer to the charge and mass of the particle. By mixing 
a gas like hydrogen of known e| m, with the experimental gas, the 
value of e/m of the latter was determined from the etudy of their 
parabolas. Hence m wae also accurately determined. The accuracy 
of such determination was far more greater than that of the ordinary 
chemical methods. 


169. Production of Positive Rays :—The construction of the 
positive ray tube is similar to that of the cathode ray discharge tube. 
I5 consists of an anode A a cathode C with a hole at the contre and 
a fluorescent screen S. The tube T is partially evacuated. When 
» p.d. is applied between A and C, electrons from the cathode will 
move sowards the anode. On the way to the anode the electrons 
collide with the remaining gas particles and remove the electrons 


Anode Cathode Rays Positive Rays 


Csthode 


Fig. 168 


from the atoms of the particles. Thereby the gas within the tube is 

,lonised. The positive ions are attracted by the cathode and fall on 
the screen S through the hole in the cathode. These are called 
positive rays. 

Properties :—(1) Positive rays are deflected by a magnetic ag 
well as by an electric field and from the nature of the deflection it is 
found that they consist of positively charged particles. 

(9) The value of e/mis much less than that of the cathode rays. 

(3) The rays travel in straight lines. 

(4) They affect photographic plates, 

(5) They can produce fluorescence. 

(6) Positive rays can pass through thin sheets of metal like 

aluminium. 

170. Isotopes :— While investigating on the masses of the posi- 
tive particles Sir J. J. Thomson found that in the case of neon 
(atomic weight 202) there are two kinda of stoms, one of atomic mass 


j 
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90 and the other of 22. The two types of atoms could not be diatin- 
guished by any chemical method, ar these have identical chemical 
properties. Such substances, which have identical chemical proper- 
ties, avd therefore the rame atomic number, but different stomic 
weights, are called isotopes. Thus, neon has two isotopes having 
atomic weights 20 and 22, Tho atomic woight that we determine by 
chemical methods is the average weight of the isotopic atoms present 
*3 an apparatus, called the mass 
spectrograph by which the masses of the isotopes of different sub- 
atances can be conveniently determined, All elements whose stomio 
weights determined by chemical methode differ (rom whole numbers 
have been found to be only mixtures of isotopes having integral 
masses. Thus, Hydrogen contains sbout 0'003 per oent. of an iso- 
tope of mas 2, This "heavy" hydrogen has been isolated expori- 
mentally by continued fractional electrolysis of water. Oxygen has 
0'03 per cent of an isotope of mass 17, and 0°16 per cent of another 
isotope of mass 18. Helium and Flourine so far could not be shown 
to have any isotope. 

The isotope of Hydrogen has been given the name of deuterium 
and the symbol D. "Heavy water" is an oxide of ‘heavy hydrogen’ 
and is thus D,O. The name diplogen has been suggested for heavy 
hydrogen, but it seems not to be generally adopted. Corresponding 
to the name proton for the ordinary hydrogen, nucleus, the name 
deuteron has boon better accepted for it. 

The mass of an isotope of some element may have an equal mass 
with an isotope of difforent element. In that case they will have 
samo atomic mass, but different ohemiosl properties Such sub- 
‘stances are osllod isobars. 

171. Packing Fraction and Mass defect :—Aston expressod the 
resulta of measurements on the atomic masses of isotopes by con- 
sidering the deviations of these masses (M) ftom their mass numbera 
(A), which represent the integers nearest the value of the atomic 
masses. This deviation. is known as the Mass defect, à whero 
$=@M~A, Aston ascribed this mass defect as due to the packing 
affect of the particles In the nucleus and introduced a new term pack- ` 


ing fraction defined by she relation, pat MA, whore the 


psoklng fraction P represents the mass dofoot por unit particle in the 
nucleons. P fethus a measure of the stability of the Eades. IP 
ja negative the nucleus should be stable and if P is positive there 
may be s tendency to instability particularly for heavy elements. 

172. Nuclear binding energy :—Aston's original idea of the 
mass defect and the packing fraction are not practically of any impor- 
tanao now-a-days. Bab an actual survey of date reveala the faob that 
actual mass of the nucleus of an atom is always different from the 
sum of the masses of its constituent units. Tho difference between 
these two masses measures the stability of the nuclous. 
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" From Einstein's principle of equivalence of mass and energy we 
now, 
E mec", where om velocity of light. 
Hence if a mass Am disappears, when a number of nuclear cons- 
tituents combine to form a stable nuoleus, then the corresponding 
energy that goes to bind up the constituents together is given by, 


AE Amc* 

This energy represents the binding energy of tho nucleus under 
consideration. The more ia this binding energy, the more stable will 
be the nucleus in general. On calculating the binding energy per 
nucleon (or constituent particle in nucleus), it has been found that 
elements of masa numbers between 20 and 180, have binding energy 
per nucleon equal to 8 Afev or slightly more. All these elements aro 
stable. Of the lighter elements having mass numbers less than 20, 
Oxygen, Carbon and Helium are particularly stable. Elementa having 
mass numbers above 180, and binding energy per nucleon less than 
7'5 mev. are unstable and this unstability increases as this energy 
gradually decreases. 


178. Atomic Energy Units:—In the measurement of atomic 
energy, few convenient units have been chosen by the scientists of 
which electron-volt (e.v.) and million electron-volt (m.e.v.) aro very 
eommon. An eleobron-volt is the energy acquired by an electron 
when it moves through a potential difference of 1 volt. 

.'. Le. = mv" = Vem abn X 48x 107° = L'6x 107** erga, 


Hence 1 me.v.=1'6 X 107 orga, 
Kilo eleotron volt, 1 Kev™10* ev. 
Moga olectron volt, 1 Mev= 10° ev. 
Giga electron volt, 1 Gev= 10° ev, 
Billion electron volt. 1Bev™ 10° e.v, (used In Amorioa), 
Another unit which is also frequently used in measuring atomla 
energy is the atomic mass unit (a.m w.). This is the enorgy equi- 
valent of 1 mass unit taking the mass of an oxygen atom to bo 16. 
Since the weight of 1 gm. atom of oxygen is 16 gms. and the 
Avogadro number 60231 x 10**, : 
Mie: Mate. A n 
1 mu iggi com! 8 
E a.m. cos x 107** x (8x 10**)* 2149 x 10°" orgs. 
QI49Xx107* , 
Henoo 1 a.m.u. rox1o * "9M 8 m.ev. 
174. X-rays :—Prof. W. Röntgen of Wurburg discovered in 1895 
that when cathode rays proceeding with enormous speed strike tho 
glass wall of an almost completely vacuous discharge tube, it emits 
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another kind of rays baving remarkable properties. These are called 
X-rays, because their nature was unknown in the beginning, or 
Röntgen rays, after the name of the discoverer. 


Action.—In an X-ray tube (Fig. 169), the cathode rays in an 
evacuated bulb proceeding from the surface of a concave cathode are 
concentrated on a target, eslled the anti-cathode, of avery hard metal, 
such as tungsten, which has a high melting point. The anti-cathode 
is uevally placed at an angle of 45° to the axis of the incident cathode 
rays. The cathode rays (electrons) strike the anti-cathode which there- 

p by turns into a source of X- 
rays. The X-rays consist of 
electro-magnetic waves, or 
pulses, each resembling a wave 

— of light radiatfng outwards and 
passing undeflected through 
the glaas walls of the tube. 


(i) X-ray Tube.—There may 
be divided into two classes: 
(a) Gas Tubes, and (b) Electron 


P — ; : Tubes or Coolidge T'ubes. 
x Sate ES (a) Gas Tubes.—It is an 
Fig. 169—An X-ray tube evacuated spherical glass tube 


provided with three projecting side tubes (as shown in Fig. 169), 
each of which has got a metallic eleo;rode sesled into it. Ono elec- 
trode which serves as the cathode consists of an aluminium diso, just 
opposite to which there is the anode. Between the cathode and the 
anode there is another electrode, called the anti-cathode, which is 
made of some heavy metal, usually of platinum or tungsten, 80 that 
it may not be fused by the heat generated by the impact of the 
cathode particles. In some tubes, which are used continuously, there 
is an arrangement for cooling the anti-cathode by circulating water 
round it. 


(b) Coolidge Tube.—In this tube the electrons are not genera- 
ted by the cathode as such, but by a filament C of tungsten wire 
(Fig. 170) which forma 
the cathode, and which 
ig maintained at red- 
heat by passing a our- 
rent through it. When 
a potential is applied 
between the cathode C 
and the anti-cathode A Fig. 170—A Coolidge tube 
the electrons emitted by 
the red-hot tungstea loop impinge on the anti-cathode and thereby 
X-rays are produced. The cathode stream thus produced can be 
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focussed to a fine stop on the anti-cathode by surrounding the 
cathode with a molybdenum shield M. The tube is exhausted ag 
completely as poszible, 

The hardness of the tube can be adjusted by adjusting the anplied 
voltage. One advantage of this tube is that no cooling arrange- 
ment is necessary in this tube, as tungeten has got a very high melt- 
ing point and the entij-cathode is made very massive. The P.D. 
applied between the electrodes being always greatly in excess of what 
is called the Saturation Potential, the current through the tube 
depends only on the electrons emitted by the flament, which again 
is governed by the temperature of the filament. This can be controlled 
by means of a rheostat placed in the cireuit of the filament. Thus 
the current in the circuit can be regulated independently of the P.D. 
across it. That is, the intensity of the beam can be varied without 
altering the hardness of the rays. Besides this, due to its simplicity 
of construction this tube is preterred to the gas tube. 


(ii) Nature of X-rays. — X-rays are of a nature similar to ordi- 
nary light, both consisting of electro-magnetic waves, but in the case 
of X-rays, the wavea are of exceedingly short wavelength, far down 
the range of the ultrs-violeb rays. Tbe range of tha wavelength ot 
visible radiation is from 4000 to 8000 A.U., whilst that for ordinary 
X-rays varies from 1 t0 3 Á.U. The rays having a very high pene- 
trating power are called hard X-rays, while those posssssing leas 
penetrating power are called soft X-rays [hard X-rays, 1—0 01 À.U., 
soft X-rays, 3-100 A U.] The hardness or softress of an X-ray 
tube depends on the wavelength generated. 

(e) Properties of X-rays — 

(i) Like the cathode, rays, X-rays are also invisible ts the human 
eye, but unlike the cathode rays they consist of waves, the wave- 
Tength of which is very small about zog of that of visible light, 

(ii) X-rays penetrate easily through most of the solid substances 
which are opaque to ordinary light, such as aluminium, flesh, leather, 
wood, paper ; but substances like bone, and dense metals are Opaque 
to X-rays which are not vory bard. So it is possible to obtain a 
picture of the bones with the help of X-rays passing through the flesh on 
an X-ray plate. 3 

The distance to which they can penetrate a substance apparently 
depends on the density of the substance, but it depends actually, more 
accurately speaking, on the atomic numbers of the elemeuts in the 
substanco., For this reason, even fairly thin layers of such elementa 
as lead, bariam, and bismuth, or their compownds, are opaque to X- 
rays, Soda glass is transparent but lead glass is opaque to X-rays. 

(iii) They affect the photographic plates (silver salt), and certain 
other chemical compounds—especially barium  platino-cyanide— 
which becomes fluorescent. A photographic plate is also affected by 
ordinary light ; but, in the case of X-rays, the plates will be equally 
affected even if it is kept in an envelope of thick black paper. 
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A screen, prepared by painting barium platino-cyanide on a thick 
sheet of paper, held in the path of X-rays with the painted side to- 
wards the observer, glows with a 
bluish phosphorescence. Ifa hand 
be placed between the source of X- 
rays and the screen, a well-defined 
shadow showing the details of 
bones will be visible on the screen 
(Fig. 171). Similarly, if purse with 
coins in if be held between the X- 
ray bulb and the zoreen, the coins 
will be visible through the purae. 
If a covered photographie plate be 
substituted for the barium platinc- 
cyanide screen, a photograph is 
obtained in the usual manner on 
developing the plate. Such a 
photograph is called a radiograph. 
Fig. 171 shows the X-ray plate of 
3 the hand of s person with a copper 

Fig. 171 piece under it. 
i (iv) X-rays passing through 
air or any other gas have the property of rendering it a conductor of 
eleotricity, i.e. they can ionise a gas through which they pass. 


A small portion of the molecules of a gas gains or loses electrons 
by collison or otherwise under ordinary conditions. These charged 
molecules are called ions the number of which can be greatly inorea- 
sed when the gas is exposed to X-rays. The gas then becomes a good 
conductor of electricity, This proosss is known as ionisation. 


(v) X-rays are not deflected by electric or magnetic fields proving 
that they are not charged particles ; so they are not of the same 
nature as cathode rays. 


(vi) They cannot be reflected or refracted by ordinary means, 
but reflection and diffraction have been proved possible by passing 
the rays through crystals wherein the arrangement of atoms is far 
closer and the surface far smoother than that can be produced 
artificially. 


(d) Application of X-rays.—There are various applications of 
X-rays of which only a few given below— 


In Medical Seience,—In medical science, X-rays have been of greab 
value in locating broken bones,or fractures, foreign bodies, patches in 
the lungs, etc. Occasional exposures to X-rays are sometimes used 
for cure of Cancer and other malignent growths. They aretalso used in 
watching the beating of the heart. in followiog food through the 
digestive tract, and also in detecting ulcera of the roots of the teeth. 


| 
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In Industry.— They sre used for discovering flaws in metal 
osstinga and other metal preparations, in defective weldings, hidden 
oerrosion, ete. They are used in the examination of erystal stracture, 
and they help jewellers in distinguishing true from falae gems. 


In Detective Department.— They 
detecting smuggling. Any banned ma 
baggsges are detected by passing X-ra: 


175. Ionisation Current :— 


are usually very small compared 
ordinary electrical circuits, and 
cannot be measured by an ordi- 
nary galvanometer. Usually a 
quedrant type of electrometer 
ia used for this purpose. The 
method is beyond the scope of 
this treatise. It is interesting, 
however, to follow the relation 
between the P.D., between two 
plates placed in a gas, and the 
current produced by ionising the 
gas by some ionising agent. It 
can be represented aa in Fig. 
172. At first the current in- 
creases rapidly with potential, 


are used by customs-offioialg in 


terial kept in metal or wooden 
ys through them. 

The currents through ionised gages 
to those met with in electrolysis or 


M. 


M.F. é 
Fig. 172—Ionisation current, 


but reaches a steady value at and after 4, This maximum value ig 


celled the saturation current, 


It is evident that the current does 


not follow Ohms law. It it obeyed Ohm's law, the curve OAB would 


have been a straight line. 


The reason for a saturation current is rather simple. The ionising 
gent, say, the radiations from an X-ray tube, produces pər second, 
between the plates, a definite number of ions. Had there been no 
field between the plates, these ions would accumulate until the 
recombination of the oppositely charged ions just balanced the ratio 
of production of ions by the ionising rays. When an electrio field is 
increasingly applied the ions are drifted to the Plates in greater and 
greater numbers until, they are removed at the same rate at which 
they are produced. At this stage, the ionisation current bacomeg 
maximum and any further increase of p.d. byond B energises the 
ions so much that new ions are formed by direct collision and the 


current rises rapidly, 


VOL. II. (O. E-)—17 


INTERMEDIATE PHYSICS 


176, Cathode and X-rays compared :— 


Oathode rays 


1, The rays are lovisible- 
2. Produce 
on plates of barium-platiao 


T and raree arth 
ta. 
3. Travol in straight lines 


and produce shadow of a 
metallic obstacle placed in 
the 


path. 
4. Oan loolson gas through 
whioh thoy pase. 
5. Peneira'e thin sheets 
of motala like aluminium, 
gold, silver ote, 


6. Produce X-raye when 
they strike a very hard 


X. “rays 


1. The rays are invisible. 

2. Produce fluorescence 
on plates of barium-platino 
cyanide, cadmium tungstate, 
sine sulphide ete. 

9. A deep shadow of an 
obstacle proves that they 
travel io straight lines. 


4. Oan lonise a gas thro- 


i ugh whioh thoy pasa, 


5. Penetrating powər is 
much greater and oin pass 
through solid substanose 
like aluminium, skin, flesh, 
wood, paper oto., but subs- 
tances like bone and thick 
motal shoots are opaque to 
X-rays. 

6. Produce secondary 
X-rays on striking a metal 
plato. 


9. Havo no mana. 
| 10. Have no chargo 
11. Magnetic and elestric 


fields bavo no influence on 
X-rays. 
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177. Radio-activity :—In 1815 Hoar! Beequerel, a French 
Chemist, found that a photographie plate 
wrapped in black paper was by the 
minera! Uranium placed over tho plate aod left 
for some time In the dark. This property was 
soon $o be common to all the uranium com- 
pounds, This is due to some kind of radiation 
omitted by the uranium. A substance which 
emite such radiations spontaneously is said to 
be radio-activs, and the phenomenon la called 
Radio-aetivity, Shortly affer this, Madame 
Ourio discovered a substance (which she named 
radium), which exhibits the  radio-active 
properties to a remarkable degree, Since 
then various types of radio-sctive compounds 
have been discovered. 


It was shown by Prof. Rathorford, in 1899, thet the radiationa 
emitted from radio-sctive substances are of three typos (Fig. 173). 
The radlo-active substance is taken in a thick-walled lead chamber 
provided with a amall opening ab the top, When a magnetie fleld is 
applied at right anglas to the direotion of the rays, some of the rays 
are found to coms out undefleoted and other rays are deflected either 
towards the right or left of the undefleoted components. These 
undeflected raya are called y-rays and the other rays are found to 
carry either +y or —ve charge as la concluded from their directions 
of deflection, Those are respectively named «-rays and B-raya. 

(1) Alpha-rays («-rays).—These are positively charged pariiclos 
and are deflected by a magnotic as woll as by an electric field. Such 
Particlos have been identified to be nothing but doubly lonised helium 
stoma. The charge on an <-partiole is about 9'6X 10^"? esu. The 
<particlos are attended with a tromendous velocity. Though the 
volocity is smaller compared to that of the B-partioles it may be as 
high as 1°5X10° ams./soo. So the attending momentum and the 
kinatia energy la waffisiently high due to the comparatively large masa 
of the «-particle. This high energy enables the particles to act as a 
vory strong lonising agent. They can produce a large number of ion- 
pairs in a gas through wolch they paas. Duo to their large mass, the 
penetrability ia sufficiently small. They ean be stopped by a very 
thin shoot of metal or absorbed by a fow oontimetron of alr ab N.T.P. 
Whon tho «-rays pase through an atmosphore of auporsaturated water 
vapour, the vapour coplously condenses along the tracks of the parti- 
olea. This is tho principle of the Wilson Cloud Chamber. With the 
help of this apparatas the path of <-rays can be photographed. Again, 
it <-particles fall on a xine sulphide screen or on a plece of diamond, 
weintillstione are produced. By counting the seintillations, the 
number of <-partioles omitted per second by a radio-aotive substance 
oan be determined. For this dotormination now-a-days generally 
Gleger Counters aro used,the scintillation method being loss reliable. 
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(2)! Beta-rays (f-rays).—These are negatively charged particles 
(electrons) projected with very great velocity. 

The velocity of the B-rays may be even as high as 0°95% of the 
velocity of light. Kaufmann and others determined the value of e/m 
of these particles and concluded that they are nothing but high speed 
electrons, In spite of their tremendous velocities, as fhemasses of the 
particles are very small, the attending kinetic energy is also small. 
Bo these particles cannot produce sufficient ionisation in gases. But 
owing to their smaller masses they have much higher penetrating 
power than the «-rays. 


(3) Gamma-rays (y-rsys).— They are neither deflected by an 
electric field nor by a magnetic field. They are not charged particles 
but they closely resemble X-rays and have much greater penetrating 
power than the f-rays or the X-rays. 

They can penetrate even a sheet of iron of thickness nearly 30cms. 
They may have a wavelength ae low as '07 À.U. The y-rays produce 
rather scanty ionisation in a gas, but it was by this ionising property: 
the rays were first detected by Villari. They can affect the photo- 
graphic plates and can also produce fluorescence on certain substances. 

In Therapeutics these rays are also used for treatment of acute 
eases of cancer. 


178. Comparative Study of «, B, y and X-rays 
pia diua oec usta ane eaae al odia c RN 


Properties «rays B-rays Y-rays X-rays 
Character Positively Electrons mov-| Electro-mag- | Electro-mag- 
charged He ing with high | netic wave netic wave 
nuclei speed 
1. Mass 9:644x107** | 9°106 x 107** No mass No mass 
2.0 8m. gm. 
Nature of Positive Negative. Neutral Neutral 
Charge 
Quantity of 9:605x107*9 | 4:8025 x 10716 Nil Nil 
charge €.5., esu. 
Velocity 1'4 to 23Xx10*| 1-10 to 796x | 3x10! 3x109 
cms,/sec. 10*°cms,/sec, cms./sec, cms,/sec, 
Range 2110 8°62. CMS.) 5 mm, of alu- | 30 cms. of Several in- 
air dus a iron ches of flesh 
m m. of lead 
Wavelength Nil Nil 1365 x 107" 107° to 10-* 
to T1x107* mm, 
cm, 
Specific charge! 4826 x 10* 1:7592 x 10° Nil Nil 
coulomb/gm. | coulomb/gm. 
Effect of mag- | Deflected Deflected Nil Nil 
netic field 
Effect of Elec- |-Deflected Deflected Nil Nil 
tric field 


179. Methods of detection and measurements of the radia- 
tions from radio-active substances :— 


Various methods have so far been devised for debcoting;the radiations 
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from the radio-active substances as algo for measuring the properties 
of these radiations, Some of the important mebhods are given below : 

(1) Electroscope method. 

(2) Photographic method. 

(3) Scintillation method. 

(4) Wilson Cloud Chamber. 

(1) Electroscope method.—A charged gold-leaf electroscope is 
quickly discharged when a source of « or f-rays is taken to it. The 
time of discharge will depend on the energy of the rays and their 
distance from electroscope. 

Explanation.—When the radio-active rays pass through a ohar- 
ged electroscope, the sir particles inside are ionised. An atom be- 
comes positively charged when it loses an electron by the impact. 
This. free electron will either remain isolated or will combine with a 
neutral atom. If the electroscope is charged positively, it will 
attract the negative ions and the leaves collapse. Similarly, the nega- 
tively charged leaves of an electroscope will attract the positive ions 
and will collapse. 

(2) Photographie method.—Both < and P-rays have strong 
action on photographio emulsions and their tracks can be easily tra- 
ced on the developed photoplates. But the action of y-rays on the 
photo-emulsion is rather weak and a reinforcing screen like a cal- 
cium tungstate goreen is to be used. This fluoresces under the 
y-rays with the emission of violet and ultra-violet rays which have 
a strong action on the photo-emulsions. But this method is less 
genaitive than the ionisation method. 

(3) Scintillation method : Spinthariscope-—It depends on the 
fluorescence produced by the radio-active emanations on a fluorescent 
screen of barium platinocysnide, calojum tungstate or zine sulphide. 
Crooke devised an instrument known as.spinthariscope based on this 
principle. , It consists of a light-tight box B at the bottom of which 
ia placed a flourescent screen S. A pin is 
introduced into the box and its tip 7 is 
costed with a radio-active substance (Fig. 
174). The «-rays emitted from T produces 
visible sointillations on the screen which 
can be observed by a microscope fitted on 
the upper lid of B. The duration of the 
sointillations is very small and a trained 
eye can count about 90 to 95% of the im- 
pacts made on the screen. 

(4) Wilson Cloud Chamber.—It is a 
known fact that if airsaturatedwith water 
vapour be suddenly expanded, a cloud con- 
sisting of water droplets will be formed. 
This is due to the adiabatic expansion 
which causes a considerable fall ia tem- Fig. 174 
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perature and the space becomes supersaturated with aqueous vapour. 
The excess quantity of water Vapour condenses as water droplets 
forming the cloud. If the air be perfectly dust-free no cloud will be 
formed even if the space ig considerably supersaturated since the excess 
water finds no surface or condensation nuclei to condense on. O.T.R. 
Wilson showed that charged particles or ions serve as the centres of 
condensation of molecules of water round them. Wilson found that 
if V, be the initial volume of air and Vs the volume after expansion, 
the negative ions act as 
condensation nuclei 
when V/V; ia greater than 
1°25 and the positive ions 
Serve ag the condensation 
centres when this ratio is 
greater than 1°31, When 
Vs[V; exceeds 1°35, 8 dense 
cloud is formed even in 
absence of any nuclei. On 
this principle bas been con- 
structed the cloud chamber 
of Wilson, an earlier form 
Fig. 175 of which is shown in Fig. 
175. The apparatus consists of s closed cylindrical metal chamber 
the top of which is a glass plate. Inside this chamber operates a 
blackened piston, which can be suddenly forced downward by a spring 
when a catch is released. Moiat air inside the chamber ig thus 
expanded and suddenly 
cooled resulting in con- 
densation of the water 
vapour. The expansion 
is stopped just short of 
a poiát at which the 
formation of fogoccurs. 
Almost at the end of 
the expansion, « or 
B-rays from a radio- 
active source are’ 
allowed to enter the 
chamber through & 
mica window and a 
slit. Since the space 
inside the chamber is 
supersaturated, water 
droplets will condense 
along the tracks of 
these rays. Illumina- 


Y Fai. 167 
ting these tracks by a strong source of lightfrom a convenient lateral 
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direction, photographs can be taken on films from the top of the 
vessel. To have good photographs the illumination should be of short 
duration just after the formation of the tracks. Before taking a second 
photograph, the ions produced at the first supersaturation are to be 
removed by & temporarily established electric field in the air-space of 
the chamber. This field is to be withdrawn everytime at the instant 
when the next supersaturation just occurs. Fig. 176 shows the 
tracks of <-particles 

Now-a-deys various modifications of the apparatus have been made 
wherein quick and repeated exposures are possible by automatic 
arrangements, maintaining the state of supersaturation all the while.* 

180. Radio-active Transformations : Radio-active Series :— 
We know that radio-active substances emit particles some of which 
baye a mass equal to four mass units. Moreover, these partislea 
carry eithar positive or negative charges. So it is quite reasonable 
to expect that on account of this emission there has been a thorough 
echange in the constitution of the nucleus of the emitting atom, 
resulting in the formstion of a new atom. For example, we know 
Radium has sn atomic mass, 996 and an atomic number, 88. But 
after the emission of an <-particle the disintegration product called 
Radon or Radium emanation, is found to be an inert but radio- 
active gas, which can be collected by the displacement of water. This 
é&raneformation may be denoted by the representative equation, 

223 4 


236 
Ra-Hn He 
es 66 2 


This radon gas is similar to. helium in properties wheress radium 
has chemical properties similar to barium. So the nuclear transfor- 
mation definitely occurs due to natural radio-active disintegration. 


is no change in the nuclear. mass in the process, there is definitely a 
change in its net electric charge. So a change in the atomie number 


photographed in bubble chambers devised by Glaser. Its operation is based on the 
instability of superheated liquids against bubble formation. When a liquid is 
heated at a pressure greater than the atmospheric pressure, it su] 


of quiescence, the liquid is subjected to aa ionising agent, the boiling sets ia 
vided degree of pke is above a certain limit. Small bubbles coliais bit 
Werne BOn, Tn n, Bett Dur grow conso, and bape ae 
c acqui y the bubble. grow coni y an lari 
Mb. So i à superheated liquid will have a 


enough. ionising particles passi y 
trail of bubbles in its way which can be easily photographed. 
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ia quite obvious because the atomic number indicates the number of 
net positive charge (in units of eleatronia charge) in the nucleus. So 
the *-emiesion which involves logs of two +ve charge units, pushes 
the daughter element (i.e. product) two places down in the periodia 
table with respect to its mother atom (i.e. origina! element). Similarly 
the B-emission, which iavolves loss of one — ye charge or the equiva- 
lent gain in one positiva charge unit pushes the product one place up 
in the periodic classification. 
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It should be earefally noted that though $- 


iom. TAN modal, bere te ne emis particles are emitted 


noe of free electrons in 
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any of the nuclei so far known. It is, therefore, assumed that in the 
radio-active nuclei these f-parbicles are created when a neutron 
transforms itself into s proton. The reverse process of transformation 
of proton into neutron with the emission of a particle which is 
the positive coun terpart of an electron has also been detected. This 
positive counterpa rt of an electron is known as the positron. 


The sucoessi ye steps of disintegration involying emission of «- or 
B-particle (y-ray s having no effect on the change) take a radio-active 
element through different stages and ultimately converta the original 
substance into a non-radio-active stable form. 


"This transformation is known as the radio-active change. Ruther- 
ford showed that (i) a new radio-active element is formed by the 
disintegration of the parent element at a constant rate and (ii) that 
the product also gradually disintegrates at a constant rate forming 
another daughter element whic’, is also radio-active. In this way 
starting from Uranium, a series of new radio-active elements is 
formed by gradual disintegration until the stable non-radio-active 
element lead is reached," 


If the different radio-active elements, lying towards the end of the 
periodic table, be properly studied, it is found that all of them can be 
traced to originate from the three parent elements, Uranium, Tho 
rium and Actinium. They form three radio-active series and all of 
them after different steps of transformation are ultimately converted 
to stable isotopes of lead. Over and above these three series, there is 
a fourth unstable series mainly comprising the iransuranic elements, 
Here the starting isotope is much short-lived whereas in the first 
three series the starting isotopes are long-lived. This series is known 
as the neptunium series and it starts with Neptunium and ends in 
the stable element bismuth. The three stable radio-active groups 
(Ur., Th. and Ac.) are given in Fig. 177 with their successive steps of 
transformation. From the sbove chart it is evident that in the radio- 
active series there are elements having the same atomic weights but 
different atomic numbers (Z). These have been named as Isobars by 
Soddy, RaB, RaC and EaO' of mass=214 are examples to the point. 


In radio-activity Soddy introduced the term nuclear isomers to 
designate the nuclides which have identical mass number and atomia 
number but have different radio-active properties. The term nuclide 
designates a species of atoms characterised by the constitution of its 
nucleus. So nuclear isomers are nuclides capable of existing in different 
energy states for a considerable time, which. accounts for the diffe- 
rence in their radio-active properties. HaC nuclei are isomeric because 
& part of them emits «-rays while another part emits P-rays. 


181. Radio-active isotopes of lighter elements :—Among the 
elements having atomic numbers less than 81, only a few are known 
to have naturally ocouring radio-active isotopes. Some of these ele- 
ments are Hydrogen, Carbon, Potassium, Rubidium eto. It has been 
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established that these Isotopes are produced by the bombardment of 
nitrogen in the atmosphere by the cosmlo-ray neutrons. 

182. Theory of Radio-active Disintegration: Half-life + 
Average-lite ;—[t iv experimentally found that the rate at whiob « 
particular radio-sctive element disintegrates is only dependent on 
the namber of atoms of the disintegrating element and does not in 
any way depend on the physleal and chemical conditions. The rate 
of disintegration is found to be directly proportional to the actual 
number of atoms prosent, Let dN atoms disintegrate from a total 
number N of the element In time dt. 


Then, NaN; or, - Bean - se (1) 


where 2 is tho disintegration constant for the element. 
So the rate of disintegration or the activity of radio-nctive subt- 


tance is given by a. 7ÀN. The activity of one gm. of pure radium 


la taken as the unit of activity aod is known as one Ourie which 
reprosenta 3'7 X 10*? disintegrations per second. 

From above, ve “A di ; or, integrating, N= Nos ^ — ... (3) 
where No is the number of stome presont at time (90. The eqo, (2) 
shows that number of atoms of a particular radio-sctive element do- 
e exponentially with time provided no new atoms are intro- 

Half-life perlod (or, hal/-value period).—It is the interval during 
which balt of the inisial number of stoms of an element will oom- 
pletely disintegrate. Let T be the half life period of an element. Ab 
the end of this period, N reduces to N,/9. 


.*, Substituting In relation (2) above, gee ^7 or, PT my, 
Aor. ie, E ores (9) 


Thus we get an expression for T in torma of the disintegration 
constant. Ts osa be shown that af the end of an interval 27, ono 
m d heat - it o ha nioma nee It most 

D m possi! prediot when a partioular atom 
will disintegrate beosgso the radio-activo disintegrations ooour — 
E eur NEL Mblite value of Ha is 1590 yours, of Radon 

days, of Th. 1°39 10'* yours and of Th O'8X 10°" seos, only. 

Average lifo- time—Lot N be the number of sto ms existing at th 
eod of «n laterval t. Oct of these atoms, dN atome will only dhilateg- 


rale daring the next Interval di, Mew eof dN indloates the total 
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Thus a the disintegration constant or half-life period from 
Uv. iMt , average (or mean) life time of an element osu bo 
evalua " 

Radio-active equilibrium.—From the above theory of disinte- 
gration it is evident that if a radio-active element disintegrates at a 
certain rate forming a daughter element which la also radio-sctive 
the later. will also disintegrate at ite own characteristic rate, If the 
parent element has a long life so that ite amount is practically 
constant, then after some time « condition of equilibrium 
the parent and the daughter elements will be established when the 
rete of disintegration of activity of both of them becomes Identical. 
Hence the condition of radio-active equilibrium ls given by, 


(ir). Gr). 


This equilibrium is known as secular or permanent equilibrium, 

If the parent laalso short-lived, then permanent equilibrium Is not 
possible. A transient equilibrium condition may, however, be attalned, 
the discussion of which is beyond the scope of this book. 

It there be s pumbor of products in the series, the condition of 
permanent equilibrium will be À, N, «A, Ne =À, Ns eto, 

188. Geological Age of the Earth: Because the<-partioles omitted 
by radio-active substance are heliam nnolel, bellum must bein sprocess 
of formation in all minerals containing uranium or any other radio- 
active substance. Thenumbero! <-particles emitted by gm. of ursntam 
in equilibrium with its prodcote has been experimentally found to be 
9'1X10* per sec. So the number of atoms of helium formed per year 
per gm, of uranium comes to bo 97 X 10°, X 365 x 60 x 60 x 24, Nowfrom 
^ knowledge of Avogadro's number, the volume of helium formed per 
year per gm. comes to an order of 10" *euble mm. The direct measure” 
ment of the rate of formation of bellom ín uranium ores is in fair 
agreement with this estimate. Now supposing all the helium produced 
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during disintegration has been completely occluded by the mineral. 
the ratio of the helium content to the uranium affords us a method 
for estimating the age of the mineral. This estimate qualitatively 
agrees with the geological estimates. The age of the earth estimated 
by this method is found to be about 1'8 billion years. At present 
about three billion years is taken as the estimate of earth age. 

Another way of estimating the age of mineral is from the esti- 
mation of their Pb-contents. Since the amount of Pb formed per year 
from any of the radio-active mineral can be accurately estimated, by 
a method similar to above, the age of the crust can algo be estimated. 
As here there is no loss due to diffusion, the estimateis more reliable. 

184. Cyclotron and the Production of high-speed Particles :— 
For the study of nuclear and atomic disintegration processes high- 
speed particles are essentially necessary. The «-partioles, obtained 
from the radio-active substances, which were used for this purpose in 
earlier experiments, have velocities which are not under control. So 
in 1932 Cockroft and Walton produced high-speed protons in the 
laboratory which could be used for artificial disintegration. Van de 
Graaf generator are also used for producing high-speed particles in 
some experiments. 


In 1934 Lawrence and Livingstone invented the cyclotron, an 
apparatua which could generate very high-speed particles by using 
only a few thousand volts. The principle of the apparatus is illustra- 
ted in Fig. 178. A and B are two metal chambers, generally known 
as the Dees. An altern- 
ating voltage, E, of a few- 
thousand volts and of 
very high frequency is 
applied to A and Banda 
very powerful electro- 
magnet surrounds the 
whole apparatus. At the 
centre O, there is a 
device for generating 
protons, which under the 
action of the magnetic 
field begin to move in 
ciroular orbits. The fre- 
quenay of the applied 
voliage is so adjusted that 
the p.d. reverses every time 
the particles cross from 
A to B and vice versa, Henoa :ne protons are acosleratad in a spiral 
path aod ultimately strike the target at T. Thus the protons, just, 
before striking T', acquire a velocity, which corresponds to tha velo- 


e gi by applying a fay million volts directly between T 
and 0. 
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185. Induced or artificial Radio-activity :—The radio-aotivity 
exhibited spontaneously by the elements of high atomic weights is 
called natural radio-activity. The radio-activity that is produced in 
certain substances by the bombardment cf highly energised particles, 
like X-rays, high-speed protons and neutrons eto., is known as induced 
or artificial radio-activity. 


Lord Rutherford first demonstrated the possibility of nuclear 
disintegration by high-speed particles and hence of producing artiü- 
cial radio-activity. When a swift «-ray from Ra O bombarded a 
nitrogen atom, the latter was transformed into oxygen and a proton 
was emitted according to the equation, 


(Nrt +t) P, (0,77 +p"), 


where the upper subscripts refer to the mass number and the lower 
fo the atomic number of the particles. Here it is fonnd that tem- 
porarily a radio-active fluorine atom is produced which ultimately 
reduces to oxygen by the emission of a proton. 


Similarly, many stable lighter elements have been subjected to 
induced radio-aotivity by the bombardment of «-psrticles or high- 
Speed neutrons. These neutrons may be produced either by the 
action of <-particles on Beryllium or by any other suitable means. 
The high-speed particles producing neutrons may be given the desired 
energy by means of a cyclotron or a Van de Graaf generator, The 
neutrons that come out will have enormous energy and can easily 

' effect neuclear disintegration and artificial radio-activity. When 
Aluminium is bombarded with neutrons, the former is transformed 
into a radio-active isotope of sodium with the emission of an «-part- 
ole. This Radio-sodium retains its radio-activity for about 15 hours 
and by continuous emission of f-rays, it is ultimately transformed 
into a harmless element like magnesium. Radio-sodium may be used 
successfully in therapeutics. 


Fermi and his collaborators firat succeeded in disintegrating 
uranium atom by neutron bombardment. They obtained artificial 
products of higher atomic numbers than 92, which is the stomia 
number of uranium. These artificial radio-active elements are known 
ag the trans-uranie elements. Curium, Americium, Neptunium, 
Plutonium, ete. are included in this trans-uranic group. These are 
useful in the harnessing of atomic energy. 


186. Rutherford's Scattering Experiment :—Lord Rutherford 
was successful in showing the scattering of <-partioles emitted by the 
radio-active elements. 

Apparatus.—Radon, a radio-active element is placed in a cavity 


of a block of lead. The high speed <-psrticles emitted by radon in 
the oavity strikes a thin gold plate perpendicularly. Most of the 
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*-partieles pass straight through the gold plate, but after collision 
Bome of them are deflected in different directions. This deflection 
trom the original path is called Rutherford’s Scattering. 


Method.—A microscope is focussed on the fluorescent screen to 
meazure the angle of scattering. 
The fluorescence of the screen 
on collision with the «-partioles 
is seen through the microscope, 


On meaguring the different 
angles of scattering Lord Ruther” 
ford came to the conclusion that 
if most of the positive charge 
and atomio mass would have 
been distributed throughout the 
entire volume of the atom, the 

angle of scattering would have 
Fig. 179 been a few degrees. But since 
the angle of scattering are comparatively large sometimes excsoding 
90°, Rutherford formulated his new atomia model, to explain this large 
angle of scattering, wherein the 
entire positive charge of the 
atom and most of its mass is 
supposed to be concentrated in 
the nucleus, 80 that the result- 
ing electric field bacomes suffi- 
ciently intense to cause this large 
angle of scattering. 


187. Rutherford’s Model 
of the Atom :—From the experi- 
ments on large angles of scatter- 
ing of «-particles, Rutherford Fig. 180 
had to conclude that practically the whole mass of an atom should 
be concentrated in s very small region, called its nucleus and that 
the nucleus should have all the positive charge also concenbra- 


ted there. This is known as Rutherford's model of the atom. Which 
States that, 


(1) an atom consists of a nucleus wherein lies practically the 
whole mass of the atom together with its total positive charge, and 
the nucleus is a sphere of radius of about 5x 10-2 cm, 


(3) surrounding this nucleus mova t 
trons in their respective orbits, th 
order of 1X 107* to 1'5X 1079 om, 


? tha negatively charged eleg- 
e radii of the orbits being of the 
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(3) as the atom is electrically neutral, the total positive charge 
in the nucleusis equal to the 
total negativa ch arge of the 
orbital electrons. 


(4) sino» & he electrons 
revolve in orbits surrounding 
thenuolous 5h» centrifugal force 
is equal to the eleatr ostatic force 
of attraction, on them due to 
the positively charged nucleus. 
This is why th» electrons do 
not fall on the nucleus. 


188. Drawbacks of the 
model :—(1) Acao rding to the Fig. 181 
classical electromagnetic theory of radiation, s rotating charge, being 
continuously accelerated towards the centre, should radiate energy 
continuously and moreover, of frequency corresponding to the fre- 
quency of revolution. Furthermore, as it looses enerry by radiation, 
it will describs a spiral path of gradually decreasing radius and finally 
the electron should fall into the attracting nucleus of the atom. 
The frequency of revolution increasing meanwhile, £o that the atom 
should disappear. 


(8) According to the Rutherford model, the electrons may move 
in orbita with all possible radii. So they should emit electromagnetic 
waves of all possible frequencies, i.e. the spectrum of the electro- 
magnetic radiation should be continuous. Bot the spectrum of an 
atom, instead of being continuous, consists of a series of lines of 
charaoteristic frequencies. 


To remove these defects, Neils Bohr masterly combined the guan- 
tum hypothesis of Max Planck and the experimental works of Lord 
Rutherford and gave a theoretical picture of the atom, commonly 
known, a8 Rutherford-Bohr model. 


189. Nuclear Structure :—In the interior of the atoms of all ele- 
manta, there is a densely packed central mars, called the nucleus. The 
radius of the nucleus is estimated as nearly 5X 10^**am. The nucleus 
is positively caarged, Now-a-days the scientists are of opinion that 
the nucleus of an atom consists of portons end neutrons, both having 
almost identicil masses equal to the mass of a hydrogen atom nearly. 
The pro;on ia +vely charged with --4'802X107*? eau. of charge 
and the neutron i3 electrically neutral, The number of protons in an 
atomic nucleua is equal to the number of the orbital eleatrons, This 
is ea3ontial to forma neutral atom. Thus the number of protons in 
the nueleus is idantical with the atomic number according to which 
the elements are arranged in s periodic table. Since the protons are 
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-Fvely charged, it is expected that a kind of repulsion between cons- 
tituent particles should exist inside the nucleus. So it should be 
rather unstable. But Gamow showed that there is a type of exchange 


! Fig. 02 — 

force between the nuclear particles which try to maintain the stabi- 
lity of the nucleus. The presence of mesons in unstable form ineide 
the nucleus was advocated by Yukawa in order to explain stability of 
the nucleus. The total number of protons and neutrons in a nucleus 
ig called the mass number of the atom. 

The emission of 6-particles from radio-active substances indicates 
that though there is no free electrons inside the nucleus, during such 
mission a neutron might be converted to & proton thereby releasing a 
B-particle. Thus emission of B-particles indicates an increase in the 
number of protons by one or the increase in the atomic number of 
the element by unity. Again, when an X-par&iele is emitted along 
with ib two protoas will come out, thereby reducing the atoroia 
number of the element by two, The stable <-particles were also a 
problem ta the nuclear physicists, because these particles are never 
found in separate existence inside a nucleus. Heisenberg suggested 
that there is a kind of interacting tendency between neutrons ard 
protons as a result of which these stable groups of <-particles sre 
shot out of the nucleus during radio-active disintegration. 


190, Proton :—Proton is sn essential part of the nucleus of alk 
the elements, It has a charge equal to that of an electron (4:802 
X10719 e.zu.) bub opposite (--ve) in nature and a mass of 176725 
X 107** gm. 

Discovery.— While stadying the posisive rays Thompson observed 
that when the discharge tube is filled with hydrogen, the positive 
raya contained positive hydrogen ions Ht, Hydrogsn atom is unchar- 
ged and has only one electron revolving round iss nucleus. When 
cathode rays a5rike a hydrogen atom, the nucleus is s eparated which 
is a positive hydrogen ion. So, it was considered to be a fundamen- 
tal particle snd was called proton. ^ 
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Uses.— The positive charge in the nucleus ig determined by the 
number of protons (or the atomic number, ż) in it. So the number 
of electrons in an atom should be z. We can represent any element, 
X by X,4 ; where z=atomie number —no. of protons, and A=mass 
number=total no. of protons and neutrons in the nucleus, as for 
example U,,*°*, where z=92 and A={35=no. of protons (92)-+no. 
of neutrons (148) in sn uranium atom. 


By nuclear transformation gold ix obtained when mercury atoms 
are bombarded by protons, 


191. Neutron :—lIt is an uncnarged narticle. slightly heavier 
than the proton, being of mass 1°6748X10~** gm. It is also an essen- 
tial part of the nucleus of an atom, excepting a hydrogen atom, 


In 1930, Boethe and Becker impinged «-psrticles on beryllium 
and obtained a highly penetrating radiation possessing no ionising 
power. Chadwick showed in 1932, that the highly penetrating agent 
was nof s radiation but a highly energised particle having no charge 
on if. This particle was named neutron, and was suggested to bea 
fundamental particle. 


Properties.—(1) As the neutron has no charge and is maesive it 
has no ionising capacity, 


(2) poesessee high penetrating power, 


(3) tracks cf neutrons cannot be seen in a Wilson Cloud 
Chamber. 


(4) these particles being electrically neutral, cause nuclear 
disintegration of other atoms. 


(5) fast neutrons are quickly slowed down by collision with 
hydrogen atoms or bydrogenous materials like water and paraffio,and 


(8) being a constituent of the nucleus of every element it is & 
fundamental particle. 


Uses.—(1) It is used in the work of investigations in chemistry, 
biology, and medical rcience. 


(2) These particles, because of their electrically neutral nature, 
are widely ueed as suitable missiles bo cause nuclear disintegration. 


(3) Boih slow and high speed neutrons are used in different 
types nuclear fission as also in fusion. 


192. Cosmic-rays :—It is now firmly established that the con- 
ductivity of the atmosphere increases with altitude, and thera is no 
difference in its values between day and night. This is due to a radia- 
tion far more penetrating than even the hardest y-rays, which rea- 
ches the earth from the outer space uniformly from all directions. 
The name cosmic-rays has been given to it. In the earth's atmosphere 
these radiations have been found to be a mixture of electromagnetic 
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radiations, electrons and positrons. The penetrating component of 
these radiations is at present thought to be due to corpuscles of masa 


—intermediate between the electron and the proton-—sbout 150— 
950 times the electronic mass. 


Their existence was first sug- 
geated by the Japanese scientist 
Yukawa in 1935 from a purely 
theoretical standpoint. These 
particles are called mesotrons 
or mesons. The charge associa- 
ted with a meson may be either 
positive or negative. Neutral 
mesons have also been discove- 
red. The particle ig very unst 
: : able and readily breaks up into 

Fig. 183 an electron or positron, and a 
proton. Experiments go to confirm that the electronic and penetrat- 
ing radiations are only secondary radiations which originate from a 
primary incident radiationof positive corpuscles from the outer space- 
Eddington suggested that these radiations are the outcome ofa 
continuous trans(ormation of mass into energy somehow taking place 
in the glowing nebu!z, while Blackett is ot the opinion that these 
radiations have been present since the origin of this universe and ia 
persisting by successive reflections from the boundary of the universe. 

193. Positron :—Anderson in 1933, while investigating on the 
nature of the Ney pie discovered the existence of positrons. A 
positron is a particle whose mass is identical with that of an electron. 
Its charge ie also equal in magnitude to the electronic charge but is 
positive in nature. It is the positive counterpart of an eleotron. 
Blackett and Occhialini confirmed Anderson's observations. Curie 
and Joliot showed afterwards that positrons are also produced when 
y-rays fall on lead. Whenever a positron ig ejected, an electron is 
also simultaneously ejected. Dirac mathematically predicated such 
a possibility beforehand. The creation of a pair of positron and 
electron by the action of y-raya may be looked upon as a case of 
transformation of energy into mass. 

194. Identicality of Matter and Energy :—Aocording to th» 
classical ideas, matter and energy are two distinct entities, Albert 
Einstein produced s revolution in Physics, and made one of the 
mightiest contributions to human knowledge by his Theory of Rela- 
tivity, the fundamental idea of which is the identicality of mass and 
energy. According to bim, the mass of a body increases with its 
velocity, and during conversion the energy equivalent E of a mass m 


ia given by, 


E=me* M mtd) 
where c- velocity of light. From the theory of relativity it ia taken 
now-a-days that energy has mass. Einstein predicted that heavenly 


"T.N.T. Even if a fraction of this amount be 
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bodies, which havo enormous mass, should attrach energy toa 

considerable extent by virtue of the Newtonian gravitational forces. 

During the total eelipses of the sun in 1919 and 1942, the rays from 

the stars were actually observed to be attracted while passing by the 

edge of the sun, The greatest contribution of the twentieth century 

tomara the evolution of human knowledge is the birth of Albert 
nstein. 


195. Nuclear Fission and the Atom Bomb.—In Art. 194 it has 
been pointed out that according to Einstein's Theory of Relativity, 
the energy equivalent of mass m is given by the relation, 

E=mc* 
where c=the velocity of light. Thus if a very small amount of masa 
is converted totally into energy, the amount of it will be consider- 
ably high, This type of energy release is found in some processes 
ot nuclear disintegration. 


The disintegration of nucleus is poesible only when a very high 
apeed parbicle—preferably electrically neutral—penetrates through 
the nucleus, The neutron is the most suitable 
particle for such a process. In 1938, Otto Neutron 
Hahn succeeded in splitting the Uranium atom 
by bombarding it with neutrons. This splitting 
process is called nuclear fission. The isotope of 
Uranium of atomic mass 235, when subjected 
to neutron bombardment resulted in the for- 
mation of two atoms of lower atomie numbers, 
Birium (56) and Krypton (36) with ths 
emission of some neutrons, The difference 
between the mass of the original atom and the 
total mass of these newly created particles 
taken together was released in the form of 
energy according to Einstein's equation. A 
calculation shows that if one pound of U-235 
be completely disintegrated the amount of 
energy released would be equivalent to that 
obtained by the explosion of 10,000 tons of 


available as a result of partial disintegration, 
the power at thedisposal of man will be 
greater than any other as yeh known. 

So with the successful disintegration of 
U-235 and along with it the production of the 
further disintegrating weapon, neutrons, began 
an age of new possibilities of creation (by 
harnessing this energy for the service of mankind) as well as of 
destruction (by atom bombs), The neutrons that are released in the 
above process may further disintegrate other U-235 atoms present 
near it provided these neutrons are captured by those atoms. Ib has 
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been found that there ig a critical mass of U-235, in which once the 
disintegration is started, all the neutrons will be captured by the 
mage and cach of them. will again disintegrate a further atom and 
release more neutrons. Thus number of neutrons will go on multi- 
plying and within a short time they wili succeed in disintegrating the 
whole mass, This type of disintegration effected by the internally 
emitted neutrons is called a self-sustained chain reaction, 

(1) Uncontrolled Chain Reaction.—I¢ proceeds very rapidly and 
is completed within a short time beyond imagination. The process is 
utilised in stom bombs, (Fig. 184). 

(2) Controlled Chain Reaction.—Here the production of neu- 
trons In the fission process is controlled by the suitable distribution 
of non-fissionable absorbing materials within the fuel and the chain 
reaction, which is effected by these neutrone, proceeds at a critical 
rate, which is comparatively slower. The energy, thus obtained is 
utilised for the welfare of mankind. This type of reaction is suitably 
applied and carriedon in devices called Atomic Piles or Nuclear Reactors. 

Atom Bomb.—In atom bombs, two separate masses of U-235, 
each below the critical value, are kept inside the shell separated by a 
graphite wall, The two masses together should always be above the 
critical value. When the explosion ia needed, by means ofa detona- 
tor or any other suitable mechanical device the grapbite wall is 
broken and the two masses are brought together. Simultaneously, 
with this process neutrons from an external source are injected on 
to this mass. Once a particular neutron is successful in disintegrat" 

. ing a single U-236 atom, the chain reaction will continue and 
explosion of the bomb will take place within a short time with the 
release of an unimagihable amount of energy. 

Io is quite possible that some of the trane-uranic elements are 
aleo equally effective in producing this fearful man-killing weapon. 


Much more destructive than the atom bombs are the Hydrogen, 
Nitrogen and Cobalt bombs which have been recently produced by 
some of the big powers of the world. In hydrogen bombs, Deuterium 
and a still heavier isotope of hydrogen, Triton, are made to unite at 
an abnormally high temperature to form Helium. Here aleo due to 
thie process of fusion or thermo-nuclear reaction, as itis generally 
called, an amount of energy will be released which is many more 
times greater than that in an atom bomb explosion. It is suggested 
that such kind of reaction is going on in the interior of the sun. So 
to realise the process of fusion, the initial temperature at which 
Triton and Deuterium are made to react should be nearly that of the 
interior of an exploded atom bomb. So for the explosion of & hydro- 
gen bomb, an atom bomb is essential. 

196. Thermo-nuclear Reaction or Fusion: Nuclear fusions 
occurring at abnormally high temperatures (10° °C) are called ther- 
mo-nuclear reaction. A tremendous amount of energy is released 
during the process.” 
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When fission of the nucleus of any heavy element (viz. uranium 
or plutonium) takes place a small amount of its mass (7) is brans- 
formed into energy (E=me*), But when the nuclei of two lighter 
elements sre made to unite, under suitable conditions, to form a 
heavier nucleus, the mass of this new daughter nucleus is found to 
be less than the total masses of the two constituent nuclei. The 
difference of the masses is transformed into energy (H=me"). This 
process is called nuclear fusion. The nature of the thermo-nuclear 
reactions involved in the formation of helium from the protons or 
deuterons may be written as : 

H,*+H,*>H,?+e,°, 
H,?-- H,* Hes? +hv, 
- H,°+H,°>Hes*+H,*+H,*. 

Thus, H,*?+H,*=H.*+hv, 

or, 2'01474-9'0147 — 4'003884- hv, 

Loes of mas2—002554 a.m.u. — hv 

We know 1 a m.u.=931'8 MeV. 

“. ho=0 02554 x 931'8 MeV 

Tt is suggested that such kind of reaction are going on in the in- 
terior of the sun, 

The difficulty in the fusion prosess of two lighter nuclei ia that 
they repel each other when they are brought together. This is over- 
come by the abnormally bigh temperature which creates the favour- 
able conditions for such fusion. 

Two types of thermo-nuclear reactions are supposed to be going 
on in the interior of the sun and other stars, (a) proton-proton 
cbain-reaction and (b) carbon ayole. 


197. Solar Energy :—As has been mentioned above, the energy 
of the sun is due to therm«-nuclear reactions. The temperature of 
sun's interior is about 20 million degrees centigrade. According to 
Boethe, at such a high temperature a process of fusion goes on 
whereby H,* is converted to Ze5* with the help of a C,*?-nucleus 
acting as a estalyst. During this fusion process. the mass difference 
is continuously being transformed into energy which actually almost 
replenishes the energy lost by sun due to radiation. The reactions 
suggested by Boethe are as follows : 

H4! 4-041 5 N373*—0,** e,? 

H, CIN 

Hi +N, 50, Nz +e? 

HSN 0, * tHe: 
These sets of reactions are known as the carbon cycle. The mass of 
He,* i: leas than that of 4H,* by 0'028 a.m.u. and the mass is fully 
converted to energy during fusion. The rate of energy replenished 
in such reactions per sec, actually agrees with the energy loss per 
sec. by the eua due to radiation. These types of reactions are also 
supposed to be continuing in stars, nebulæ etc. 
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198. Harnessing of Atomic Power :—Binee the successful dis- 
integration of U-235 nucleus it has been a problem to the physicists 
as to how this tremendous energy cen be utilised for the welfare of 
human beings. Now-a-days in some of the advanced countries, the 
problem hss been successfully tackled. Electrical energy has been 
generated in some of these countries by using atomic fuels. Atomic 
reactors have been set up in different countries for such vürpomes. In 
Indis also a reactor has been set up st Trombsy, near Bombay and 
there is a proposal for setting up a few more in different parts of the 
country. z 

199, Nuclear Reactor :— A nuclear reactor (or pile) is a system 

in which the fiasionsble and non-fissionable materials are so arranged 
that the fission chain reaction can proceed in a controlled manner. 
Here, the production of neutrons in the fission of U-235 are con- 
trolled by the suitable distribution of non-fissionable absorbing 
materials in the form of contro! rods within the reactor system and 
the chain reaction, which is effected by these neutrons, proceeds at 
a critical rate. The energy that is released during the reaction can 
be used for various industrial purposes. In most of the large reac- 
tors the fissionable material is taken in the form of uranium cylinders 
or uranium oxide cylinders encased in aluminium tubes. They are 
then suitably spaced in a lattice-work inside the moderator of 
graphite or heavy water. The moderator slows down the production 
of neutrons, The operation of the reactor can be controlled by 
control-rods of cadmium or boron carbide (working ss neutron 
absorbers) which can be accurately positioned inside the fuel lattice 
by sliding them in or out. Thus the vigour of the action is properly 
adjusted to suit the purpose for which the reactor is used. In case 
the graphite moderator is used it should be immersed in water to 
keep the temperature of the reacsor low. The whole arrangement is 
to be shielded by Pb, Od and conorete to protect the workers from 
the radiation hazards. A reactor of moderate size can supply power 
upto 50 to 100kW. In addicion a reactor forms the source of different 
kinds of fission products like neutrons, radio-isotopes, eic. 

There are two types of reactor : 

(1) Homogeneous Reactor:—In this type of reactor, the 
nuclear fuel and the moderator are mixed to forma homogeneous 
medium. Heavy water (D,O) is used as tbe moderator. The fuel 
used is uranium in the form of ssolution of uranyl sulphate or 
uranium particles suspended in heavy water. 

(2) Heterogeneous Reactor:—In this type of reactor the 
nuclear fuel and the moderator are arranged in a regular geometrical 
pattern wherein uranium cylinders are suitably spaced in a lattice- 
bos inside im graphio yeu ) 

essential Features :—(1) Fuel—ía) Natural uranium containin 
9228% of U*'? and 0'72% of U*** ; (b) Uranium — 935 (U*95). 
(c) Plutoniam—239 (Pu***) ; (2) Uranium—233 (U***). 
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(9) Neutrons—Neutrons of different energies are required to 
disintegrate the uranium nucleus. 
(a) Low energy or thermal neutrons ; (b) Intermediate energy 
neutrons ; (c) High energy neutrons. 
Moderator :—The moderators of different kinds are used to 
slow down the production of neutrons. 


(a) Heavy water (D,0) ; (b) Graphite ; (c) Beryllium or Beryl- 
lium Oxide ; (d) Water. 

(4) Coolant:—Tbe coolant removes the tremendous heat 
developed during the nuclear fission and thus keeps the temperature 
of the reactor low, which is kept surrounded by the coolant. The 
following coolants are used. : 

(a) Water or such other substances ; (b) sir, carbon dioxide 
(COs) or helium (He) : 

In a heat exchanger the heat of the gas (coolant) is transferred 
to water, which is converted into steam. The steam produced is 
used to drive turbo-generators to produce electricity. 

(5) Control rods:—Control rods of Cadmium (working as 
neutron absorbers) are used to control the operation of the reactor. 


200. Construction of Nuclear Pile :— A nuclear pile consista of 
a graphite block in which the fissionable material (fuel) is teken in 
the form of uranium 
cylinders encased in 
aluminium tubes to 
avoid oxidation (Fig. 185). 
Control rods of ead- 
mium are accurately 
positioned ^ inside the 
fuel lattice by sliding 
them in or out. There 
are safety rods which 
can automatically slide 
inside the reactor snd 
stops the operation 
where necessity arsies or 
to avoid accidents. The 
whole arrangement ie 
shielded by s concrete 
wall of 7 feet thickness 
to protect the workers 
from harmful radiations. Uranium 

Action—The cad- fuel rods 
minm rods are first taken 
out to start the reaction. 
The neutrons present in 


Control 
rods 


Fig. 185. 
the nuclear pile starts to disintegrate the uranium. Asa result of 
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which more neutrons with higher energies are produced. Cadmium 
rods are then introduced inside to slow down and control the 
production of neutrons. The fission of U-235 is thus effected and the 
chain reaction is started. 
Uses, —(1) Radio-isotopes of different elements sre produced which 
are used in scientific experiments, biological scisnce, medicine eta, 


(2) Artificial radio-active elements are also obtained. 

(8) Electrical power is generated by the energy obtained in 
nuclear fission. 

201. Nuclear Reactors in India :— The following reactors have 
been set up at Trombay near Bombay. (25 kms. off). 

(1) Apsara or Swimming Pool Reactor.—The reactor has 
started operation since August 1946. Five to seven pounds of 
U-935, in the form of uranium cylinders are used as fuel. The cylin- 
ders are arranged vertically at the bottom of a well under 20 feet of 
water. This is why it is called a swimming pool reactor. Water 
serves as the moderator, The sample to be irradiated ia placed near 
the fuel under water. 

This reactor was built by Dr. H. J. Bhaba and is used (a) to 
produce radio-isotopes, (b) to test other reactors and medical apparat- 
uses, (c) to irradiate biological samples, (d) to study the structures of 
matters and also used in nuclear physics. 

(9) Zerlina.— This zero energy. reactor is construsted by the 
Trombay Hatablishment in 1961. The power of this type is low (100 
watts). Uranium cylinders, dipped in heavy water are used as fuel. 
Heavy water serves as the moderator. It is employed to test the 
proporsies and stractures of materisls which are used in a reactor. 


(3) Canada-India Reactor :— This reactor ia built up in 1960 at 
Trombay in collaboration with Canada. Natural uranium is used ag 
fuel and heavy water serves at the moderator. Neutron is produced 
in a special manner in this resctor. The enormous heat developed 
during the chain reaction is absorbed by the water. 

202, Atomic clocks ‘—Another useful application of atomic 
energy is in an atomic clock which is an electronic device far more 
accurate than any of the conventional clocks, now in use. Some of 
these have errors of less than + 1 sec. in 30,000 years. The fre- 
quency of an atomio clock is supplied by the constant natural fre- 
quencies of atoms or molecules of substances like cæsium, rubidium 
hydrogen, efe. These frequencies range from about 1,400 HZ to 
24,000 HZ, The vibration of atoms in the ammonia moleonlea are 
also employed for the purpose. This vibration is transmitted to an 
oscillator, which is finally used to drive the clock. Tue General 
Conference of Weights and Measures accepted the unit of time inter- 
val ġo be the second as given by an atomic clook, in the International 
System of Units (S.I). The atomic second is defined as the time in 
which exactly 9, 192, 631, 777 oycles of the hyperfine resonance 
frequency of the caesium-133 atom in the ground state, occur. 
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The atomic clocks are now in use in navigation and aviation 
for the determination of the exact position of ships and aircrafts 
to avoid accidents, in space communications which require very 
high stability of frequencies. A test of the general theory of rela. 
tivity, which requires a very high accuracy in the determinationof 
time is now made possible with the help of atomie clocks. 

203. Atomie Spectra and Bohr's Explanation :—It has been 
stated in Art. 8 (Electrostatics) that an atom consists of a positi- 
vely charged nucleus having a charge equal to + Ze, where Z is 
the atomic number, and +e is the charge of a proton and that 
surrounding this nucleus electrons are revolving in different 
orbits. 

This simple picture of an atom could notbe properly explained 
from classical theory. An electron moving in an orbit is attended 
with an acceleration. Such an accelerating electron is equivalent 
to a current and as such there should be a continuous dissipation 
ofenergy from the electrons. So it will describe a spiral path of 
gradually decreasing radius and ultimately fall to the nucleus. But 
actually electrons are never found to do so. This anomaly was 
solved by Bohr by supposing that there are certain discrete orbits 
round an atom which are called stationary orbits. The electrons 
moving in these orbits do not radiate energy accordingto classical 
theory. The electrons moving in these orbits have definite ener- 
gies of their own. 

To explain the origin of spectral lines Bohr further assumed 
that whenever an atom is excited to emit radiations by the appli- 
eation of an external agency (e.g. by a flame or an electric arc), 
some of the orbital electrons will be driven from their original 
orbits on to some outer possible orbits, But as such states are 
rather unstable, an electron will try to jump back to its initial 
Orbit. The excess energy which is acquired by the electron during 
excitation will be given out in the form of radiation, either visible 
or invisible, during the reversion of the electron to its fixed orbit. 
The spectral lines that are obtained when an element is excited to 
emit a spectrum, are originated in this way. Priorto Bohr's theory 
Rydberg, Ritz, etc. deduced an empirical relation for these -spec- 
tral lines, in which the reciprocal of the wavelength of a line is 
given as the difference of two terms. According to this relation, 


foe (daa d 
1 a) 


where R is a constant, called the Rydberg’s constant and n, and 
n, are two integers, n, being always higher than 74. 

Bohr also from theoretical considerations deduced a relation 
exactly similar to relation (1). According to his theory n, and n, 
represent the successive orbital numbers in an atom. 

201. Bohr’s Theory of Hydrogen Atom :—Accepti»g the Ruther- 
ford's model of the atom, the following postulations are made — 
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(1) The nucleus of an atom is positively charged. If Z be 
the atomic number, the charge on the nucleus is equal to Ze, 
where e is the electronic charge. 


(2) There are certain discrete orbits round an atom which are 
called stationary orbits. The electrons moving in this orbit do 
not radiate energy (as is required by the classical electromagnetic 
theory). 

(3) The force of attraction between the positive charge and 
the negative charge in the stationary orbit is equal to the centri- 
fugal force. : 

(4) Allorbits are not possible for the electron. It can revolve 
in a stationary orbit in which its angular momentum, Jo is an 
integral multiple of 4/27 ; or Lo-mr ni. ; where v=velocity 
Of an electron, r=the radius of the orbit, n=1, 2, 3, 4 «etc. and 
h- Planck's constant. 


(5) When the orbital electron jumps over from its original 
Orbit on to some outer possible orbit, it absorbs energy. But as 
such states are rather unstable an electron will try to jump back 
to its initial orbit The excess energy acquired previously is given 
out in the form of radiation. Whatever the case may be, either 
of absorption or of radiation, the quantum of energy is Av ; where 
v=the frequency of radiation, 

If E, and E, be the energies of the electron in the orbits n, and 
n, respectively, then E, — E, —hv. If it is in the state E, it can by 
radiation of energy Av jump to the state E,. 

205. Bohr' Theory of Hydrogen. Spectrum :—If r, be the 
radius of the orbit z in which an electron moves with a velocity v, 
then according to Coulomb's Law of Inverse Squares (F=q1q,/d*) 


the force of attraction between the proton and electron, F =m" $ 
n 


where q,=Ze=the charge on the nucleus and g,=e=the 
electronic charge, 


The centripetal force =” smt Ze" 
r Ea n 
For hydrogen, Z=1, 
my" e*t e? 
UR rS zy 3 OF, ger (1) 


We know, angular momentum, Io =mvr —mor?, [.' veor, 


Ak where w=angular velocity] : 
Substituting r, for r, we get, 


Io-myr,—mowr,* =o mU ee Gh (2) 
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Comparing eqns. (1) and (2) we get, 
et ake 
Mn ax? mr,” cà (8) 
where m and v are respectively the mass and velocity of an electron, 
So, its kinetic energy, K.E. -imo 


i (2) 


Potential energy of an electron, — The potential energy, P.Z. 
at a distance rm from the charge Ze of the nucleus Q[r- Z^ per 
n 


unit positive charge. But the charge of an electron=—é, 80 the 
potential energy at a distance fn from the nucleus, 


_(Ze\ (> ,\ Sate A ab E 
P.E. E y e) er r [ for hydrogen Z—1] 
The total energy En — K.E.-- P.E. 
NM E E, 
or, Be SAM exu 


Substituting the value of rn in the above equation, we get 


--f[eee 22 9r*e*m fas 
a ben 7 unt a 


It the electron jumps from the orbit nz to 1, where E , and E; 
are ibs corresponding energies, then ho=E,- Ey. 


_ 2a etm _ (—9n*e*m 
DC Mnt Vins 
atten 3,1) 
h ny fs" 
" OS. - 1] 
h* dn n 


It is customary to express ‘the result in terms of wave number, 
which means the number of waves per centimetre. Ifv be the fre- 
quency of radiation, its wave-number, y zvle ; 
where c=the velocity of light. We know c=vA; where A is the 
wave-length of the radiation. 


. Loter adatom +4] 
: c ch? Uni? m, 
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LE 
where, BH m is called Rydberg constant, 


206. Spectrum of Hydrogen :—The spectrum of hydrogen as 


obtained from the equation »'— Eg [3-1] consists of several 
1 2 
series of lines (Fig. 186), known as, 


(1) Lyman series.—In case of hydrogen Bohr showed that when 
fi,—1 and n,=2, 3. 4 ebo. a series of lines are expected. Here the 
first orbit, which is left vacant due to the removal of electron from it 
during excitation, is filled by electrons jumping down from any other 
higher orbit. 


In the above equation, if n, —1 and na=2, 3, 4 ete. then 


» — RH [4-4] This series of lines was first detected in the 


ultra-violet region by Lyman. 


(2) Balmer series.— When an electron jumps over to the second 
orbit from an outer one, 
another series is obtained. 
Here n, =2 and n5 —3, 4, 
5 etc. This was long 
before studied by Balmer, 
Fowler and others and 
is known as Balmer'a 
series which lies in the 
visible region. 
# 3) i Paschen porien; 
n —Similarly, when n,= 
Fig. 186 and mg=4, 5, 6...eto. a 
third series of lines is obtained in the near infra-red region. 
(4) Brackett series—When n,=4 and n,=5, 6, 7...ete, the 
series of lines lies in the far infra-red region. 


(5) Pfund series.— There is a fifth series still farther away from 
the infra-red end of the spectrum, when 74 =ő and n5 —6, 7, 8:--eto. 


(6) Humphree series.—Here n, =6 and n, —7, 8, 9...eto. 


In order to explain the line spectra of other elements, slight 
modification is necessary in the original theory of Bohr but the 
nature of argument as to the origin of the lines remains. the same. 


207. Sir Earnest Rutherford, Lord Rutherford (1871—1937) :— 
He was born s& Nelson in New Zealand. Atter studying at 
the Canterbury College in New Zealand he came to the Cavendish 
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Laboratory of Cambridge to work under Sir J. J. Thomson. In 1898 


he became & professor at Mon- 
treal, bere Soddy worked under 
him. He came to Manchester 
in 1907 as Director of the Phy- 
sical Laboratories, In 1908 he 
was awarded the Nobel Prize 
for Chemistry. In 1919 he 
joined the Cavendish Labora- 
tory as its Director. He was 
elevated to the Baronage in 
1981. 

Modern Nuclear  Physios 
owes much of its development 
to the genius of Rutherford, 
together with Sir J. J. Thom- 
eon and Neil Bohr, he shares 
the credit for our present know- 
ledge of the electronic structure 
of matter. He discovered the 
X, B and y radiations in radio- 
activity and is the discoverer of 
transmutation of matter. 


Albern Einstein 


Lord Rutherford 
208. Albert Einstein :— A mathematical genius for all times, 


and a scientific wonder of the 
twentieth century. He was 
born in 1879 inthe city of Ulm, 
Wurbtemburg, Germany, & 
German Jew. After studying 
at Munich and Zurich he join- 
ed the Switch Patent Office as 
an Engineer where he served 
upto 1909. Then he became 
a professor in which capacity 
he served at Zurich, Prague 
snd Berlin. During the per- 
secution of the Jews in the 
Hitler regime, he sought refuge 
in America and became a pro" 
fessor at the Princeton College, 
United States. It is im- 
possible to narrate, in this 
elementary treatise, any sccount 
of tne different types of work 
done by him. His name will be 
written in letters of gold for 
his work in photo electricity, 
Brownion motion, quantum 
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laws of emission and absorption of radiation, specific heat, and most 
of all, for his theory of relativity, or, briefly, for the advancement of 
Modern Physics. His recreation was music, and he was a great 
violinist. He died in 1955. 


Questions 


1. Describe the general character of the discharge in a vacuum tube. 
2. Show how Cathode-rays and X-rays may be obtained, and mention the 
characteristics of these rays. (C. U. 1949) 
3. Describe briefly what happens when an electric discharge is passed 
‘through a vacuum tube in which the pressure is being gradually reduced. How 
do you prove that the discharge from the cathode consists of charged particles ? 
What are Crooke's dark space and Faraday's dark space ? 
(C. U. 1933, *36, '39 ; R. U. 1950) 
4, A glass tube having a side tube connected to an air-pump is fitted with 
two electrodes at the two ends, How would you arrange to pass an electric 
discharge through the tube ? Describe what happens when the discharges are 
passed with the exhaust pump running. (Pat. 1936) 
5. What are Cathode-rays and how can they be produced ? What are the 
properties of these rays and how can they be verified experimentally ? 
A (R. U. 1952) 
6. Write a short essay on “X-rays”, (U. P. B, 1947) 
7. Explain briefly how X-rays are produced. 
(All. 1926, '29, '32 ; cf. R U. 1950) 
8. Describe an X-ray bulb and explain how it is worked, Mention some of 


the properties of X-rays. 
(C. U. 1934, '38 ; cf. '49, '53 ; R. U. 1948 ; A. B. 1952) 


CHAPTER XI 


Wireless Telegraphy and Telephony 


209 Carrier Waves :—We have scen that in the case of ordinary 
telephony, a current of electricity passes between the transmitting 
and receiving stations, and this current acts as a carrier of pulsa- 
tions which make the diaphragm of the receiver move in unison 
with that of the transmitter, But how is sound carried in wireless 
telephony ? We know that sound is produced by the mechanical 
vibrations of material things and is carried through the air by 
waves, which, falling on suitable bodies at some distance, generate 
exactly similar vibrations and thus reproduce the same sound made 
atthe source. Owing to the rapidly increasing area over which 
the sound-wave spreads, as it radiates from the source, the inten- 
sity of the wave becomes rapidly diminished, and so sound cannot 
be transmitted to a very long distance. By the use of electricity, 
however, ordinary restrictions of distance have been overcome in 
the transmission of sound ; and though in wireless telephony no 
electric current flows between the transmitting and receiving 
instrument, as in wire telephony, its place as a carrier agent of 
sound fluctuations, is taken by electro-magnetic waves which are 
like heat and light waves, but of longer wavelengths, 


These electro-magnetic waves, set up in the ether, radiate in 
all directions with the enormous velocity of 186,000 miles per 
second. The frequency of the electric (ether) waves is about 
1,000,000 cycles per second, while that of the sound waves is only 
something ‘between 50 to 15,000 cycles per second, The trans- 
mitter of an wireless set is an apparatus for producing a conti- 
nuous succession of electro-magnetic waves, known as the carrier 
waves, by creating oscillating electric currents 1n an earth- 
connected long wire, called the Aerial. 

210. Oscillatory Circuit :— Before considering how oscillating 
electric current can be produced, let us take a mechanical illus- 
tration. Every one must have seen that when a spring door is 
deflected from its normal position of rest and then released, it 
returns to its position of rest, but having acquired some speed it 
‘over shoots the mark’, and cannot stop at its position of rest 
due to inertia. The door then continues to move to-and-fro 
severa] times, the amplitude of vibrations gradually becoming 
less and less until it finally comes to rest. Instead of releasing, 
the door all on a sudden from some distance, it can be gradually 
made to stop at the position of rest by continually offering 
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resistance to its movement. So it is seen that there are three 
necessary conditions for this oscillatory movement— 

(1) There must be a return force ; that is, one which tends to 
restore the door to its original position ; or, in other words, it 
must have «Jasticity. 

(2) It must have inertia. 

(3) The resistance must be low. 

These three conditions must be fulfilled by any type of oscilla- 
tion, and so the above conditions must be met by an electric 
circuit to be oscillatory, The first of the above conditions, i.e. 
elasticity, is supplied by a condenser. A condenser consists of two 
or more tin foils separated by a dielectric, e.g glass or mica. 

The tinfoils merely act as a means of distributing the applied 
electro-motive force uniformly over the surface of the dielectric, 
If the two ends of a charged condenser are joined by a conductor 
of low resistance, say, a thick copper wire, a quantity of elec- 
trons, much greater than the required number to discharge the 
condenser, rush in from one of the plates to the other, and the 
charges on the plates are momentarily reversed, i.e. the positive 
plates receives more than the required number of electrons 
(negative charges) to be discharged and so it becomes negatively 
Charged, and ‘negative plate by losing more than the required 
number of electrons becomes positively charged for the moment. 
Now a quantity of electrons again rush into the negative plate, i.e. 
in the opposite direction, and the charges are again reversed. 
This process is repeated several times like the oscillations of the 
spring door until the condenser is finally discharged, but each 
time the quantity of the electrons transferred is much less than 
the preceding discharge, and in this way the electric oscillation is 
rapidly damped down as the oscillatory spring door gradually 
Stops at its normal position. 


Besides the above quality of a condenser as equivalent to" 
‘elasticity’, an oscillatory circuit must also possess the property 
equivalent to ‘inertia’ in ordinary matter by virtue of which every 
body tends to oppose any change of state. Ifa coil of wire is 
included in the electric circuit, the self-induction of this coil gives 
‘inertia’ to the current in the circuit ; for when the current begins 
to flow, there will be an induced electro-motive force of self- 
induction, which opposes the flow; and after the current conti- 
nues to flow, the electro-motive force of self-induction opposes 
the stopping of the current.. For the same reason that the spring 
door swings past its positions of equilibrium, the inertia |self- 
induction) of the current flowing in any circuit consisting of a 
condenser and a coil of wire prevents the current from stopping 
at the exact, moment the condenser is fully discharged i.e. the 
self-induction of the coil causes it to ‘overshoot’ the mark and 
thüs the discharge become oscillatory. 


WIRELESS TELEGRAPHY AND TELEPHONY 289 


Fig. 187 shows the essentials of an oscillatory electric circuit 
which consists of a condenser, a coil of wire and a short spark gap, 
the two ends of which are joined to the terminals of an induction coil. 
On passing s current through the induction coil, a succession of 
sparks will pass through the gap. It has already been explained that 
the discharge of a condenser may be compared to the Swinging of a 
spring door, when taken to one side from its equilibrium position and 
released all on a sudden. Due to elasticity the door will continue tc 
move to-and-fro séveral times, the amplitude gradually becoming less 
due to friction and also due to resistance offered by air, until it will 
finally come to rest. The movement in this case is oscillatory. 
Similarly, when the condenser is discharged in this manner, the 
electricity does not rush across in one direction but surges back“ 


Condenser 
+ = 
[3 
2 
Spork gap 8 
VU HIT Ti 
HHO | ime 
Coi! 
Fig. 187—An Oscillatory Circuit. Fig. 188 


wards and forwards, first charging up one plate and then the other, 
i.e, the charges are momentarily reversed until its energy is damped 
down and finally exhausted by the circuit. The current passing 
between the terminals may be represented graphically by Fig. 188. 
An oscillation of this type is called damped oscillation. 


Of the three necessary conditions of an oscillatory motion, for 
which a simple arrangement ‘is shown in Fig. 187, low resistance in 
this case of spark discharge is obtained by having. the spark gap as 
short as possible ; the capacity of the condenser is equivalent to the 


‘quality of ‘elasticity’, and as a coil of wire has gota better inductive 


property, če. ‘inertia’, than a straight wire a coil of wire bas been 
introduced in the cireuit (Fig. 187). 


Ordinarily, electric lines of force connect the plates of a charged 
condenser, but, during discharge, these electric lines of force collapse, 
and they are replaced by circular lines of magnetic force lying in 
planes perpendicular to the conducting wire, which are set up by the 
current surging through the circuit. So when an electric discharge 
passes through the spark gap (Fig. 187), the to-and-fro motion of the 
current causes the radiation into space of electric and magnetic lines 
of force. These groups of electric and magnetic lines of force follow- 
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ing one another in rapid succession give rise to what are termed 
electro-magnetic waves which are capable of travelling through 
space in every direction with an enormous velocity, i.e. the velocity 
of light (186,000 miles per second}, and hence can reach any part of 
the world in only a fraction of a second. 


It should be noted that the only difference between the waves get 
up in the above manner and light itself lies in their frequency, t.e. 
the number of vibrations per second. So they differ in wavelength 
and in the manner of their detection. These electro-magnetic waves 
are detected by special apparatus, whereas, light waves are percel- 
ved by the eye and possess much greater frequency. Their differen~ 
ces are thus merely of degree. 


211. Magnetic and Electric Strain in the Ether (Electro- 
magnetic waves) :—In order to understand more fully the radiation 
of electro-magnetic waves by means of 
an oscillatory electric cirouit we should 
consider the condition of the medium 
in which the electric oscillations take 
place. 

We know that a suspended magnet 
is attracted by another magnet and 
begins to move towards if even when 
the other magnet is some dirtance 
away. The suspended magnet must be 
moving due to some force and the force 
must be aeting through some medium. 
If we wish to move a body from one 
place to another, it can be done by 
pushing it with a rod or by pulling it 
3 hy means of a rope, that is, in either 

Fig. 189 case there must be a medium through 
which the force is transmitted ; and.the medium which inthis case 
is the rope, or the rod, must be under strain at the time of trans- 
mitting the force. - 


Similarly, the force, iu the case of the magnets referred to, is 
transmitted through a medium whichis ether (and uot air, as the above 
magoetie phenomenon takes place also in vacuum) and the ether is 
strained at the timo of transmitting the force of attraction from one 
magnet to the other. The lines of magnetie force (Part V) are all 
lines of magnetic strain in the ether by which magnets and mafuetic 
substances are affected. In the same mauner we have lines of electric 
strain in the ether between two charged bodies, on» positively aud the 
other negatively. We bave seen in Art. 16 that when a current flows 
in a wire, lines of magnetie force appear round the wire in concentric 
circles. These are lines of magnetic strain in the ether, and it should 
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be noted that a magnetic field is created by an electric current in 
motion and there is no nagnetic strain line in eth \r when electricity 
is at rest, though there are electric strain lines present. In Fig. 189(a), 
the ether between the two charged bodies A and B, one positively 


and the other negatively, is electrically strain- 
ed and there are electrical strain lines (indica- 
ted by dotted lines) between them. Now, if A 
and B are discharged by a spark passing from 
A to B, there will be a flow of electricity from 
A to B (but according to the electron theory it 
is from B to A) and so magnetic strain lines 
will at once appear round the path of the spark 
and it should be carefully noted that these 
magnetic strain lines (indicated by continuous 
lines) are at right angles to the electric strain 
lines [ Fig. 189(5)]. 

In au oscillatory circuit, as soon as a dis- 
charge takes place, the electric lines of force 
will rapidly contract and so will bein motion, 
thus constituting the electric current, and they 
will give rise to ciraglar lines of magnetic force 
[Fig. 189(b)]. The discharge being oscillatory, 
the charges on the knobs will be reversed and 
the lines of electric force will re-appear with 
their directions reversed. Now at the time of 
contraction, those lines do not approach the 
rods as rapidly as their opposite ends move 
along them, and so they assume a pear shape, 
as shown in Fig. 190(a) Ata later instant, 


— 


* 
Se TA 


Fig. 190 


the ends of the lines will overlap, as shown in Fig. 190(b), and the 
main length of the line will be separated and thrown off as an inde- 
pendent closed loop of electric strain [Fig. 


electric radiation. 


190(c)]. The detachment of loops constitute 


In this way a series of detached electria 
loops will travel outwards with a velocity of 
186,000 miles per second, the direction of the 
electric strain being opposite in successive 
loops. These loops in travelling cutwards 
with the velocity of light will give rise to 
loops of magnetic strain which are also in 
opposite directions in consecutive loops. The 
magnetic strain is always at right angles to 
the direction of the electric strain (Fig. 191). 
These two sets of strain, electric and magne- 
tio, constitute the electro-magnetic wave. 


This wave is transmitted with an energy, 
which is partly electric and partly magnetic, in a direction perpendi- 
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cular to the plane containing both the directions of electric and 
magnetic strain. 


212. Historical :—Sir Oliver Lodge first showed that when-a 
spark passed across an air gap in one circuit, another spark jumped 
across another gap in a separate circuit placed at a little distance, 
provided the second circuit was "in tune" with the first i.e. the 
natural frequency of electric oscillation of the second circuit was the 
same as. that of the arriving electric waves. In 1888 the famous 
German saientist Hertz first showed that the disturbance in the 
intervening medium was of the nature of wave motion traversing the 
ether. He generated electro-magnetic waves, detected them ata 
distance, measured their wave-lengths, and also proved that they 
could be reflected and refracted like waves of light. Sir J. O. Bose 
of Caleutta also produced and detected these waves at about the same 
time. Signor Marconi discovered means of transmitting and receiv- 
ing these electro-magnetic waves over long distances. 


218. Transmission of Electro-magnetic Waves :—Fig. 192 
represents a simple wireless transmitting 

A circuit. At each discharge along the spark 

f gap S, obtained by the induction coil I. C. 

oscillations occur, due to which electro- 

magnetic waves are generated and emitted 

by the serial A, which travel through 

Coit space with the velocity of light. By 

ike altering the capacity of the condenser C 
and also by altering the number of turns 

of wire in the coil, 7e. the length of the 

coil, included in the oscillating circuit, the 

frequency and hence the wave-length of 

waves generated, can be changed and thus 

the circuit can be ‘tuned’ (vide Art. 214), 


Emm as itis called. Ita key is included in the 
Fig, 192—A Transmitting “battery circuit of the induction coil, 
Circuit. `  Bparks can be generated by means of it ; 


the number cf these sparks depends on the duration of the depre- 
ssion of the key and signals based on these sparks can be transmit- 
ted, as done with the Morse code in ordinary telegraphy. Marooni 
first showed that in order to increase the radiating property of the 
circuit by retting up much stronger waves by a comparatively sma- 
Ilor strength of current i.e. to radiate out more energy in the form of 
waves so that the waves are capable of detection at greater distances, 
one plate of the condenser should be connected to along wire, called 
the aerial, and the other to the earth, as shown in Fig. 192. It is 
found that the long wire itself can serve as one of the plates of the 
condenser, so the aerial and the earth may be considered to form 
two opposite plates of a huge condenser. 
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214. Wireless Telephony :— Wireless telephony which is the art 
of wireless transmission of speech, or music, has been possible owing 
tothe discovery of methods for generating electro-magnetic waves 
which are uniform in amplitude and not broken into isolated groups 
as those generated by sparks, Such waves are termed continuous 
undamped waves. Because of their uses in the transmission of 
Speech or music, they are also called Carrier waves. The difficulty 
with the spark-method of transmission is that the note due to the 
sparks themselves will be always audible in the telephone of the receiy- 
ing circuit ; for, the sparks to be inaudible have to be produced ata 
frequency greater than 16,000 which is impossible to be attained in 
Practice. Moreover, sparks being intermittent in character are 
incapable of transmitting the continuous waves which are character- 
istic of sound. s 

If the waye-form characteristic of any note can be superimposed 
upon a system of radiating electro-magnetic waves of the continuous 
type then wireless telephony becomes a possibility. The process is 
called Modulation. ^ The continuous electro-magnetic waves may be 
generated from an aerial by using a Poulson arc system, or by means 
of triode valves, the latter method being almost universal (vide Arb. 
233). . The characteristics of the sound may he superposed on the 
carrier waves by the following simple method. 

Suppose a microphone is directly inserted in the aerial of an 
wireless transmitter ; any sound-waye falling on the diaphragm of the 
microphone will cause fluctuations in the current oscillating in the 
serial, but it will not affect the frequency and wavelength of the 
radiated waves. Tho modulated waves will cause similar fluctuating 
currents to be produced in the receiving aerial of a distant station and 
the receiving telephone will reproduce the original sound. The above 
method of inserting the microphone directly in the aerial is applicable 
with dmall currents only in the aerial. Other methods are used in 
modern broadcasting stations. 

215. Tuning :— We have seen in Art. 46, Part III, that it two 
tuning forks mounted on resonance boxes, have the same frequency of 
vibration by striking one of them, the other responds in sympathy. 
This phenomenon of resonance is due to the fact that sound-waves 
starting from the first fork impinge upon the second one, which gives. 
out waves of the same frequency ; but the second fork will remain 
unaffected, if the frequency of the impinging waves is different. 

The same thing happens also in the case of electro-magnetic waves. 
When these waves cut across the aerial ofa receiving station, an 
E.M.F.is set up in the long wire, as we know that when a conductor 
cuts across s number of magnetic lines of force, or magnetic lineg, of 
force cut across a fixed conductor, an induced E.AM.F. is set up in the 
conductor. The direotion of the induced E.AM.F. will be rapidly chang- 
ing owing to the rapid change of direction of the magnetic lines of 
force. The oscillating E.M.F. seta up a feebleoscillating current in the 
serial. In order that the receiving circuit may respond efficiently to 
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the incoming waves, it is necessary to adjust it so that the natural 
frequency of the circuit as a whole corresponds with the frequency of 
the waves, or in other words, the aerial and other parts of the eircult 
should be properly ‘tuned’. 


216. Reception of Electro-magnetie Waves : Crystal Receiving 
Set :— Fig. 103 represents a simple receiving get which contains three 
essential parts namely, the aerial A, the rectifier D, and the telephone 

T. In the aerial, oscillatory currents 

A are set up by the incoming waves. 

These induce oscillations in: the coil 

of the eecond orcillatory circuit which 

is to be ‘tuned’ with the oscillatory cir- 

D cuit at the tranemitting station, that is, 
the capacity and inductance of the cir- 

c cuit are adjusted so that the natural 
T frequency of the circuit asa whole corres- 

ponds with the frequency of the incoming 

waver, As the telephone included in the 

circuit will not respond to all such rapid 

alterations of currefit of the oscillating 


E oa a certain crystal, such as Galena 
Fig, 193—Crystal Receiving OY Carborundum, is to be included in 
3 Circuit. the circuit, which conducts electricity in 


one direction only. Thue the crystal acts a8 a rectifier by converting 
the oscillatory current into a unidirectional current, which acts on 
the diaphragm of the telephone and produces sound. The telephone 
converts the variations of the unidirectional current into sound. The 
process of converting a high frequency oscillatory current into a 
unidirectional current is known as rectification. 

217. Thermionic emission :—It is a known fact that the 
conduction in metallic conductors is mainly due to the ‘free’ 
electrons present in them. These free eleotrons or corduction 
electrons move about inside the metal obeying the ordinary laws of 
Kinetic Theory of gases. So these are sometimes called as electron 
gas, When a fine metallic wire (e.g. Tungsten wire) is heated to a 
high temperature in vacuum, some of these free electrons acquire 
suficient kinetio energy to penetrate through the surface layer of 
the metal. These electrons are then emitted out from the hot wire 
and this phenomenon of emission is known as thermionic emission. 
The minimum energy required by these electrons to penetrate through 
the surface is known as the work function. O. W. Richardson exten- 
sively studied this phenomenon from the theoretical as well from the 
praqtical standpoints and found that the number of electrons emitted 
per second per om,?. of a conducting surface depends only on the 
temperature of the conductor. The thermionic vacuum tubes or valves 
are constructed on this principle of thermo-emission. 

218. The Thermionic Valve:—A thermionic valve: is an 
essential part of all modern wireless sets. The Fleming Valve, a 
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discovery of Dr. J. A. Fleming in 1904, consiste of a vacuum electric 
lamp with its tungesten filament F surrounded by a hollow oylinder 
of copper or nickel P supported from a platinum wire sealed through 
the glass (vide Wig. 194). Conventionally, this metal cylinder is 
represented by a flat plate placed above the filament as in Fig. 195. 
The filament is such that it can be made incandescent by two or three 
accumulators. 


Action of the Fleming Valve.—To understand the action of the 
valve it is only necessary to remember that a current through the 
filament means the flow of millions of electrons along it at an enor- 
mous speed ; the speed being very great, some of the eleatrons escape 
from the filament just as particles of steam are 
evaporated from the surface of heated water. 
Thespace around the filament thus becomes more 
or less occupied by the emitted electrons. This 
constitutes what is called the Space-charge. 
Suppose, then, that a positive charge is given to 
the plate. Some or all of the electrons in the 
space-charge will be attracted to the plate. This 
flow of electrons towards the plate is equivalent 
to an ordinary electric current in the opposite 
direction. If the plate should be charged up 
negatively, the electrons would be repelled and 
no current will pass. If the potential given to 
the plate due to positive charges be gradually 
inoreased, the electronic current will also in- 
creage, more and more electrons being attracted Fig. 194 
to the plate ; but ultimately, a potential msy be attained when all the 
electrons emitted by the filament will be attracted to the plate at the rate 
at which they are emitted and the current will assume & limiting stage 
when the current will not increase any further on further increasing 
the potential. This value of the potential of 
the plate is ordinarily referred to as the 
Saturation potential. ‘The valve is called a 
thermionic valve because its action depends 
on the electrons, i.e. particles charged with 
electricity emitted by a hot filament. 

In Fig. 195, it has been shown how the 
positive charge on the plate P may be 
maintained by connecting it to the positive 
terminal (through the galvanometer G) 
of a battery of cells B, the negative of 

Fig. 195 which is connected to the negative of a 
battery A used for heating the filament F. As explained above, a 
current will pass through plate circuit, the circuit between filament 
and the plate being completed by the electrons emitted by the filament. 


Copper 
cylinder 


Tungsten 
filament 
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This current will be readily detected by the galvanometer G. 
Suppose, now, the battery Bis reversed having its negative terminal 
joined to the plate P. There will be no current flow now, because the 
electrons will be repelled by the negative charge of the plate.? 


Thus the valve allows the current to pass in one direction only 
and may therefore be used to act in the sameway as a crystal reotifier, 


219. The characteristic of a diode :— As has been stated above, 
no anode current. Ia, flows when the anode potential Vz of the diode 
is negative with respect to the filament. Fig. 196 illustrates a circuit 
for determining the characteristic 
(Ia-Va) curve of a diode. The 
anode A is maintained ab a 
positive potential relative to F' by 
means of a H.T. battery of several 
huadred volts. The H.T. negative 
terminal is connected to F, so 
that the reading of the voltmeter 
V is the potential of the anode A 
relative to the filament F which 

Fig. 196 is adjusted by means of a potential 
divider (BRC). The anode current Iais read on the milliammeter 
in the circuit. When anode potential Va is positive the electrons 
travel from F to A, and return to the filament through the potential 
divider. - Fig. 197 illustrates the characteristic curve of the diode for 
different values of Vs. 


The nature of the curve can be explained as follows : the number 
ot electrons reaching the anode per second depends on the itensity 
of the electrostatic field round the’ filament. When Va is zero, the 
electrons emitted at F will 
make the filament positively 
charged and will hence 
be attracted back again 
to F. Bo no anode current 
Ia is obtained. When Va 
is made positive some. eleo- 
trons always reach A and 
the electrostatic field round 
the filament is then deter- 
mined by V, and the effect 
of the electrons moving at 
any instant between A and 
F. The cloud of electrons 
inside the valve gives rise to 
a negative charge, known ag Fig. 197 
the space-charge, which, becauee it has a repulsiveeffeaton electrons 
emitted from F, produces an intensity round F opposite to that due 


— 


^ 
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to the positive anode potential Va. Owing to the space-charge the 
number of electrons per second reaching the snode when Va i8 positive 
is not the same as the number emitted by F per second, the remainder 
returning to the filament from the space-charge. This is why the 
expected thermionic current as given by Richardson's equation, 
namely 1,— AT?b elk, ie not wholly collected by the plate (anode). 
In this equation A is a characteristic conatant of the emitting surface, 
$ is the thermionic work function, k is the Boltzmann constant and 
T the absolute temperature of the emitter. Only when the saturation 
condition is reached, the current Ia becomes equal to Is a8 given by 
the above equation. As Va is increased, the increasing attraction on 
the electrons emitted results in more and more electrons reaching the 
anode and Ia increases until all the electrons emitted by F reach A. 
The current then becomes constant no matter how much Vo is in- 
creased. This current is known as the saturation current. Along 
OAB (Fig. 197) the current is said to be ‘space-charge limited’ and 
is given by the Child-Langmuir relation, Z5^ KVa*!" where Kis a 
constant. The saturation current can be decreased or increased by 
altering the temperature of the filament (as shown by thedotted curve) 
and is effected in practice by varying the voltage applied to the 
filament. 


220. Slope Resistance, Rp :—If for a small change (Va) in the 
plate voltage Va, the corresponding change in the plate current Za i8 
ôTa, then the ratio 9Va/2Za is called slope resistance. 


ie. Slope resistance, B= t= A. 
a 


221, Half-wave rectification :—One of the important uses of 
the diode is rectification of an alternating voltage to a direct voltage. 
The principle of this rectification is 
explained below. 


Fig. 198 illustrates a transfor- f 
mer with an a.c. voltage applied to output 
the primary. A part of the secon- i 
dary winding is used to provide the 


000000000000 


necessary voltage to the filament 

T and the rest is connected to the aera 
anode A with a resietance R in [ m ws joe 
series, The  wave-form of the AC 


alternating voltage across the 
secondary is shown in Fig. 199(a). Fig. 198 


On the positive half of the oycle the anode potential becomes 
positive relative to F. On the negative half of the same oyele, A 
becames negative relative to F. Thug the valve conducts during the 
positive half of the cycle and does not conduct during the negative half. 
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Fig. 199(5) shows the current in R (Fig. 198) andthe voltage acrose 
R. So on the average, there is a voltage iu one direction across R, 


t 


Time ~> 


(a) (6) 
Fig. 199 
and a voltmeter placed across R would register a deflection. Thue an 
alternating voltage is converted to a voltage operating in one direc- 
tion. But the rectification here takes place only during one half of the 
cycle and the applied a.c. voltage during the other half is not utilized. 
So this method gives half-wave rectification only. Moreover this 
reotified voltage is fluctuating in nature. It has a de. component and 
an attending a.c. or ripple component. 


Bo to obtain a fairly steady vectified voltage across R, a filter 
circuit should preferably be arranged. In tha simple form it con- 


slats of two suitable conden- 
gers in parallel to R and placed 
in between R and the plate. 
Between these two eondensera, 
a suitable inductance is to be 
included in series with the 


Ld Ice i 
Vourage == C; ŠR 
VULT E ME, 


line wire (Fig. 200) It can 


Fig. 200 
be shown that with proper * 


222. Full-wave rectification :—In the above method of recti- 
& fication only one half of 
the applied alternating 
voltage wave is utilised. 
tput In order to obtain a 
Steady voltage, full-wavo 
a ca is necessary 
and both halvas of an 
Direction of electron flow alternating voltage wavo 
"e us 201 are to be utilised. 
lg. Usfrates the essential Arrangements that are used to 
obtain a steady D.C, voltage. It ooneieta of 8 transformer with a 
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centre tap T in the secondary windings X. The anodes 4;, As of a 
double-diode (a duo-diode) valve are connected to the two ends ot X. 
The duo-diode actually consists of two diodes contained in one glass 
envelope. A emall secondary winding provides the necessary voltage 
for the filament. The point T of the secondary coil can be conei- 
dered as the zero potential point for the slternating voltage in the 
secondary. At any instant when the upper end of X has a positive 
potential relative to T, its lower end shall! have an equal negativo 


+ 
S Time 
EA LI 
H i 
Sr 
* - 
(o) 
Fig. 202 


potential relative to T. In this case electrons are drawn towards Ai, 
but not to Ay and hence there is a current in R and a voltage across 
it. During the other half of the same eyole of the alternating vol- 
tage, Ag acquires a positive potential and 4, s negative potential, 
and hence eleotrong are collected by As and not by 4;. Thus a 
voltage across R is again obtained, and sa the electrons flow through 
R in the same direction as before, the voltage across E is in the same 
direction, Thus the optput voltage across Z? is fluctuating in nature, 
but it is always in the same direction as shown In Fig. 202(b), and to 
eliminate the variation a filter circuit is used. This filter circuit 
essentially consists of ‘suitable capacitance and inductance included in 
the output side of the cirouit to smooth out fluctuations. 

In Fig. 203 it hag been shown how s Fleming Valve may be used 
as a rectifier in a receiving cirouit. The olrouit is similar to that 
in Fig. 198, the Fleming valve taking 
the position of the crystal rectifier 


D; The oscillations picked up from herit 
the aerial charge up the plate alter- Oscillating Fleming 
nately, . positively and negatively. circuit volve 


When the charge on the -plate 
is positive acurrent traverses the 
telephone but no ourrent passes 
when the charge is negative. 

228. The Triode (or Three- + 
electrode) Valve :—The Fleming 
valye was greatly improved upon by 
Dr. Lee de Forest in 1907, who 
inserted a third electrode known as Fig. 203 
“grid” between the plate and the 
filament, Fig. 204 represents a Triode valve, The filament is 


Telephone 


300 INTERMEDIATE PHYSIOS 


horizontal and is of tungsten and is surrounded by a spiral of moly- 
bdenum wire which acts as the grid, and around these is the plate 
which ig a thin cylinder of nickel. A slight positive charge on the 
grid increases the upward fiow of electrons from the filament: to the 
plate through the grid and thus the current strength is increased ; 
but when the grid has a negative charge, electrons may be driven 
back and the current flowing through the plate may thus be regula- 
ted, Thus a very small change of potential on the grid causes a 
great difference of the current strength in the telephone. So the 
grid helps to magnify or amplify smaller oscillations. In practice, 
the grid G is connected to the aerial A (Fig. 205)and any feeble 
oscillations which reach the valve create small but rapid alterations 
of potential in the grid. The grid is thus automatically charged 
positively and negatively each time the current the aerial reverses, 


Fig. 204—Triode Valve Fig. 205—Triode Valve used 
in a Receiving Circuit. 


and hence rectifies the current by allowing current in one direction 
only. Soa greatly amplified direct current is produced in the plate 
filament cireuit by which the telephone is worked. 


224. Static characteristics of a Triode :—In a diode valve there 
are two factors, I, and Va, only which control its character. Ina 
triode valve there are four such controlling factors, namely, Ie, Va, 
Vo and Ig where Vg and To are grid potential and grid current res- 
nectively. When the grid potential is negative relative to the cathode 


potential, no electrons would flow in the grid circuit. Ig will then 
be zero. 


Anode charaéteristics.— When the grid voltage V, is ke t cons- 
tant and the anode voltage V, is changed, the SER SERR I. will 
also change. The curve showing the relation between I, and V, is 
known as the anode characteristic corresponding tothat Vj. When Vg 
is changed to another constant value and I s and V, are varied, 
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another anode characteristic is obtained. In thi 
characteristic curves may be obtained. e 


Fig. 206 illustrates a circuit for obtaining the anode characteris- 
ties of a triode. A poten- 
tial divider- arrangement 
is used across a H.T. 
battery and algo across a 
smaller battery known [^ 
the grid bias (G. B.) 
battery. The current, I,' 
flowing through the valve 
is ordinarily of the order 
of milliamps and is mea- 
sured by a milliammeter 
mA. It should be noted Fig. 206 
that the G. B. positive terminal and H.T, negative terminal are both 
connected to the filament of the valve, thus obtaining negative grid 
voltages and positive anode voltages from the corresponding batter- 
ies. 

When V, is kept constant at zero volt by properly moving the 
sliding contact on the potential divider, curve (1) is obtained when 

; a Va is varied (Fig. 207) This is 

: explained by the inorease in the 
electrostatic field round the cat- 
hode as V is increased positively ; 
more and more electrons are 
drawn towards the anode until the 
negstive influence of the space- 
charge is completely overcome, 
when the saturation current is 
resched. This corresponds to a 
in Fig. 207. As with the diode, 


o [e Oi — V3 the saturation current is measu- 
j red by the number of electrons 
Fig. 207 emitted by the cathode per second 


at a particular temperature. : 


When the grid voltage is altered to — 1 volt and maintained cons- 
tant, as Va is varied the anode current varies as shown by the curve 
(2). Unlike the case when Vg was kept at zero, no current is recor- 
ded until an anode voltage corresponding to OO; is reached. This is 
explained by the fact that a potential of —1 volt on the grid opposes 
the electron flow from cathode to anode. The curve (3) is obtained 
when V, is kept at — 2 volts. Here no current flows until the anode 
voltage exceeds OO. 


The anode characteristics are curved at the lower ends and are 
fairly straight and parallel along the major parts- 
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Mutual characteristics —With the circuit arrangements in Fig 
206, Va can be kept constant and Vo varied. Fig. 208 illustrates the 
Ia—Vo curves obtained 
when V , is kept constant 
at the voltages indicated 
in the figure. These 
curves are known as 
mutual characteristics 
of a triode valve. When 
Va is constant say, ab 
1207, increasing the 


A negative grid voltage 
Nye DUK o ut causes a gradual fall in 
the number of electrons 

Fig. 208 arriving at the anode 


until the point A is reached, when current totally stops. A is known 
as the cut off point of the characteristic. In the same way, when V, is 
kept constant, say, at 100V and V, is increased negatively, the anode 
current gradually decresses and finally falls to zero at D. Similar is 
the curve Klm corresponding to an anode voltage of 80. As the grid 
voltage is increased on the positive side, each of these ourves will 
first run parallel and then approach the saturation value. The mutual 
characteristics are curved at their lower ends and are fairly straight 
and parallel along their major parts. 


The constants of a valve.— When judged by the effect of the grid 
and anode potentials on. the flow of anode current, every valve has 
three ‘constants’. These are (i) the anode slope resistance or A. C. 
resistance (Ra), (ii) the mutual conductance (gm), and (iii) the ampli- 
fication factor (¥). 


(i) Anode slope resistance or A. C. resistance Ra—This cons- 


tant is defined by Ra =a where 8/4 is the changein anode current 
a 


when a change 9V, is made in anode voltage, keeping Vy constant. 
Ra is occasionally called the impedance of the valve too. When the 
valve is operating in a circuit, changes in Va generally takes place 
along the straight part of the characteristic and hence the ratio 


Ve 


aT, is usually calculated along that part of the characteristic. As 


evident from Fig. 207, since 9V, — NL and 87, — KL, Ra is calculated 


from the Z, — V, curve as the ratio A. Ji, is expressed in ohms 


when 9V, is in volta and $7, is in amperes. 
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(i The mutual conductance gm, of a valve is the ratio 


D j 
T when Va is kept constant, It is & measure of the chango in anode 


current when s change in grid voltage ia made. As with anode slope 
resistance, the mutual conductance is also calculated from the 
straight portion of the characteristic. When 57% is measured in 
milliamperes and 5V, in volts, the mutual conductance ig expressed in 
milliamps- per volt or in mhos. 


(iii) The amplification factor, # of a valve is defined as 
= 8V a (Vg remaining constant), 

SV, (V. remaining constant) 
the changes Vc, óV, being such as to make the same change 87, in 
the anode current. So it follows that in order to keep OI, constant 
when 9V, is increased, the value of V, must be diminished or the 
negative grid voltage is to be increased. Thus #=(8V0/81'), Ia is 
intrinsically a negative quantity. 


u 


From cases (i) and (ii) we have, 8V a = Ra X9I. 


and 8V,=24*, Thus #=ReX0m 


Im 
From the definition of p it is evident that the amplification factor 
isa measure of the relative efficiency of the anode and the grid in 


altering the anode current. 


225, Triode as an A. C. generator and voltage amplifier :—A 
triode valve generally handles alternating voltages applied in the 


grid filament circuit. This 7 Vo—^ 
gives rise to varying current j 
in the anode circuit too as will 
be evident from the following 
discussions. Tig. 209 shows HT 
a simple triode cireuit with an H 
alternating input voltage Vs vi 
and a resistance R in the form H 
of a load in the anode circuit ii 
across which an output vol- + 

tage Vo is secured. An. H, T. Fig. 209 

battery allows the valve to function and steady grid bias (G. B.) 
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battery in the grid circuit supplies a negative bias to the grid. 
Suppose this bias voltage is represented by OP in Fig. 210, which 
corresponds to the point JM onthe straight portion of the I, — Vg 
curve, It OP- —6 volts, and alternating voltage V, has a peak 
value of 4 volts, the sctual voltage is (—6--4)— —9 volte at the 
positive peak of V4. At the negative peak of V, the grid voltage 
becomes (—6—4)— —10 volts. Other actual grid voltages can be 
similarly deduced by adding —6 volts to the corresponding values of 
V. The actual grid-voltage variation with the variation of V; is obtai- 
ned by drawing the wave-form of V, about the grid bias line MP. 


When V, is zero, i.e. when no signal is received by the valve, fhe 
anode current is given by OD. For all values of Va it can be repre- 
sented by the line MDE. This is the pre-signal value of Iz, When a 
signal is received, the anode current varies in response to the actual 
variations in the grid voltage. As the anode current varies along the 
straight part of the characteristio, its wave-form is exactly the same 
as the wave-form of Vy The output current wave-form is thus un- 
distorted with respect to the input wave form. Here as the straight 
portion of the characteristic is utilised, the output supply will be 


Fig. 210 


amplified more and more as the steeper characteristics are chosen. 
Thia is evident from Fig. 210. Here a small change in grid potential 
from OS to OQ causes a comparatively bigger jump in the plate 
current from SL to QH. The steeper the characteristic, the more 
pronounced will be this change. 


a 
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226. The Triode Valve used as Oscillator in a Transmitting 
Cireuit:—In Fig. 911 it 
has been shown how by 


means ofa reaction coil in "Aerial 
the plate circuit of a triode 

valve it is possible to gene- => 
rate undamped high fre- & 


quency electro-magnetic 
oscillations. The windings 
of the coil in the plate cir- 
cuit, and coil in the grid 
circuit can be so arranged 
that an increase in the 
plate current will cause a 
fall in the potential of the 
grid which will therefore 
diminish the plate current ; 
* similarly, a fall in the plate 
current will cause an in- 
crease in the grid potential Fig. 211—Triode Valve used as 
to be followed by aninorease Oscillator in a Transmitting Circuit- 
in the plate current. It is 
thus clear that once the oscillations are started, they will be main- 
tained constant as long as the energy supplied by the battery is 
maintained. 

These undamped oscillations may be modulated, in wireless tele- 
phony, by modulating the current of the coupled aerial by inserting 
in it a microphone. The method described is only suitable for trass- 
mifters of small output. In actual transmitters used in broadcasting, 
ordinarily modulation of the plate current is used. 


227. Somiconductors and Transistor :— 


Semiconductors are crystalline solids having their electrical 
properties intermediate between those of conductors and insulators, 
The electrical conductivity of these semiconductors ranges from 107° 
to 10° ohm.^* cm^*. Their conductivities are atrongly dependent on 
temperature according to the relation, e=AeF/KT, where A and E 
are constants, % is Boltzmann constant and T is the absolute tem- 
perature. So, as the temperature increases, the electrical conducti- 
vity of a semiconductor inoreases and its resistance diminishes. The 
conductivity is also strongly dependent on the impurity contained in 
the semiconducting material. In the pure state most semiconductors 
behave as insulators particularly at low temperatures. At low tem- 
peratures the energy levels (or bands) of such substances are either 
completely: filled up or totally empty with intervening gaps between 
these two types of bands. As at low temperatures the electrons of 
the semiconductors are held in valence bonds, noconduction electrons 
are available, under normal circumstances, to conduct electrigity, lt 
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Reaction coil 
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however, by supplying external energy in the form of thermal energy 
or by the action of light, these valence bonds are broken, the elec- 
trons may be set free. The supplied energy should correspond to the 
gap between the filled and the empty bands. The energised electrons 
would then cross the gaps. The space that is left unoccupied when 
‘an electron eseapes from a valence bond is known as a hole, which is 
veadily filled up by an electron from an adjacent atom, where ir & 
new hole is thus created. . This process continues and it seems that 
the holes also move about in the atom in the same manner 88 the 
electrons. We know that the electrons drift towards the positive 
terminal, Bui these holes move towards the negative terminal and 
a conduction effec; apparently of positive sense is created. If the 
semiconductor contains some impurity (to the extent of 1 atom per 

` 10 millions of pure semiconductor atoms), it becomes conducting even 
in absence of any external energy supply. This is because of the fact 
that the impurities are so chosen as to have their energy levels in 
between the energy bands of the semiconducting material. The 
choice is made in two ways. The energy levels of the impurities may 
be either just below an empty energy band or just above an occupied 
energy band of the semiconducting material. 

It the requisite minute amount of phosphorus (ag impurity) is 
added to silicon, the phosphorus atoms would replace some of the 
silicon atoms from its regular array in the crystal. Now the energy 
Jevel of phosphorus being just below an empty band of silicon acd one 
of the vaience electrons of the former being loosely bound, this elsc- 
tron would readily occupy the vacant band. This electron donated 
by the impurity, is responsible for the conductivity of silicon. So the 
impurity bere acts as a donor and as the current here is mainly due 
to the drift of the negatively charged electrons such semiconductors 
(Si with P) are known as n-type semiconductors. When boron is 
added to Siin minute quantities, the energy level of boron lies just 
‘above a filled up band of silicon. As the valence bonds of silicon are 
not exactly satisfied, the boron readily accepts an electron from 
silicon and serves as the acceptor. Here tbe conductivity of the 
semiconductor ig due to the sgo-ealled drift of the holes whieh are 
attributed with positive charge. So silicon with boron as impurity 
forms a p-type semiconductor. 


Thes above oroperties of semiconductors have been utilised in the 
zons+ruction of a transistor, which is one of the most important deve- 
lopments in electro ies in recent years. It is a simple and &mall 
device which can serve the purpose of a number of tubes in a radio- 
get. -It consists of a smail semiconducting bead of germanium or 
silicon erystsl containing the requisite amount of im:urity. Two fine 
wires of phosphor bronze are sealed in this bead. One of the wires 
serve as the emitter (E) and the other as the collector (C). A third 
electrode called the base (B)is also inserted at the bottom of the bead. 
In a transistor, the emitter, the collector and the base serve the same 


——— 


MS 292. 
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purpose as the anode, grid and the cathode in a triode tube. The 
transistors may be of different types according to v.e different ways 
adopted in their construction. In one form (point-contact type) as 


Input side 


S Source 


Seals 4l 


Fig. 212(a) Fig. 212(b) 

shown in Fig. 219(a) the two embeded points of the emitter and the 
collector are only z$ of an inch apart. The input power is delivered 
to the emitter as shown in the circuit diagram [219(b)) Thie is then 
amplified and transmitted to the collector when small bias voltages 
are supplied by batteries. The current taken is very small and am- 
plification may be about 100 times. If the crystal of semiconductor 
used in the above transistor be of n-type, then due to the passage of 
a large momentary current across the psints of contact, heat is 
produced there. The thermal energy drives a few electrons away from 
the regions surrounding these contact points whereby holes are 
created in these regions converting them into p-type semiconductors. 
The region surrounding the base-contact, however, remains n-type. 
So a p-n-p type transistor is formed. Similarly by properly selecting 
the type of crystal a n-p-n typ of transistor can also be produced. In 
the p-n-p type the emitter injects the holes into the base whereas in 
tha n-p-n type, the emitter injects the electrons into the base. So 
the circuit connections are to be reversed in the two types. 

As the power and voltage can be successfully amplified by a tran- 
sistor and as it occupies a very small space, it is rapidly replacing the 
valves in a radio-set. Moreover, the heat produced in a valve-set is 
practically absent in a transistor get, So in the construction of pocket 
or other small radio-sets transistors are always preferred. They are 
also used in modern electronic computors. Since the transistors can 
operate even ab a frequency of 3000 million cycles per second, the 
fields of television and ultra-high frequency may also utilise them 
successfully. E 


228. Hall Effect :—Hall in 1880, found that if a strip of conduct 
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ing material carries a current flowing in the OX-direction (Fig. 213) and 
a constant magnetic field is applied in the direction OY at right angles 
to the face of the strip, a potential difference is created in the 
direction OZ, say between two points P and Q, which in absence of 
the field were at the same potential. This is known as Hall effect. The 
magnitude of the p,d. developed ia strictly proportional to the current 
density (ie. current flowing per unit sectional area) I and to the 
transverse width dz (perp. to the field) of the strip. It is also 
generally proportional to the magnetic flux density B but not always 
rigidly so, Hence the pd. 
deyeloped,.V = RBI dz, where 
R igaconstant of proportion- 
ality, generaliy known as.the 
Hall coefficient. The effect 
is found to be very much 
pronounced in materials like 
bismuth, antimony and 
tellurium. For ferromagnets 
the effect varies in a way 
similar to the permeability, 
disappearing at the Curie 
temperature, If the relative 
s directions of the current and 
Fig. 213 field be as shown in the 
figure, Q will be ata higher potential than P and the Hall effect is 
Baid to be positive and vice versa. The effect oan be qualitatively 
explained from the electron theory. Free electrons moving in the 
direction opposite to the conventional current along X-axis, when 
subjected to the magnetic field along Y-axis, will be deflected in a 
' direction perpendicular both to the direction of motion and that of 
the applied field. It v be the drift velocity of the electrons and n their 
number per c.c. of the material, the current density, 


T=nev (where e=clectronic charge in e.m.u.) 
Hence, ?— [ne 54 naar): 


The foree experienced by a moving electron in the magnetic field ig 
given by F=Bev along the Z-axis. According to the direction of the 
field applied, these electrons may move towards the upper or the 
lower face normal to Z-axis. ‘Hence there will be a gradient 
of electron concentration in the direction of the Z-axis. This 
variation of electron density gives rise to the potential difference 
- between the two faces. Due to this p.d, a field X, is established 
along the Z-direction which exerts a foree eX, on an electron. When 
this force exactly balances the force due to B; an equilibrium 
condition is reached and 


&Xz- Bev ; or, Xz=Bv= BI[ne 
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.. The p.d. developed between the two faces normal to 
Z-direotion is, V-— X,4dz — BIdz/ne 
—RIBdz, R being the Hall Coefficient. 


Hence, R= ay 
ne 


This relation is found to be valid only for conducting materials. 


Though the Hall Effect exhibited by most of the substanges (Zn, 
Sb, Te etc.) are positive and the p. d.'s are set up in the direction 
expected from electrom theory, there are a few substances te. g. Bi) 
where an opposite p.d. is set up. This reverse effect may be 
explained if, instead of electrons as carriers, the current is supposed 
tobe carried by positive holes, The effect is rather small in most 
metals and is more significant in many semiconductors and the 
value of R ag yielded by the theory of semiconductors is found 
to be R=8z/(8ne). So the study of the corresponding Hall Effect 
should enable the scientists to study the properties of the semiconduc- 
tors particularly with reference to the carriers involved in electric 
conduction. 


229. Photo-electric Effect :— Hertz, in 1887, found that the spark 
gap of an induction coil became more conducting when one of the 
terminals of the gap was illuminated by ultra-violet light. Later 
Hallwachs showed that a negatively charged plateof Zinc gradually lost 
its charge when illuminated by ultra-violet light. LenardandThomson 
by actual measurements showed that slow-moving electrons were almost 
instantaneously ejected from a metal plate when the latter was illu- 
minated by light of certain definite wavelengths. This effect is known 
as the Photo-electric effect or Hallwachs effect. The emitted electrons 
are called photo-electrons. Even in cases of non-metals and gases the 
photo-electric emission is found to occur. 

It has been found that for each metal, there is a maximum 
wavelength of the incident light, known asthe threshold wavelength, 
for wavelengths above which no electrons are emitted from the 
surface. Photoelectrons are copiously emitted from surface of alkali 
metals like Sodium, Potassium, Caesium, etc. even when these 
surfaces are illuminated by visible rays. 


This phenomenon could not be successfully explained from the 
wavetheory of light. So Einstein put forward an explanation of the 
phenomenon based on the Quantum theory. This explained all the 
observed facts associated with the phenomenon. 


230. The Photo-electric Cell :—This consists of a vacuous bulb on 
halt the wall of which there is a cleandepositofsome alkali metal such ag 
sodium, potassium or caesium. Two wires are sealed into the bulb, one 
end almost at the centre of the bulb, forming the anode aud the other 
connecting the metal deposit serving asthecathode. When indarkness, 
no current flows in the bulb, but, when exposed to light, the metal 
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sodium or potassium as the case may be, emits electrons which travel 
to the anode, and this stream of electrons constitutes an electric 
current. The intensity of this current being directly proportional to 
the intensity of the light incident on the metal, the current can be 
modulated. This current, though very feeble, can be amplified by a 
series of valves arranged ss in a wireless circuit. This modulated 
amplified current passing through a loud-speaker of a talkie-machine 
produces the sound. The photo-electric cell (which is not really a 
generator of current like other cells) is an extremely sensitive instru- 
ment which has hecome very important commercially in not only 
talkie pictures but also in Television. By television not only the 
speech is transmitted by wireless waves but the picture of the speaker 
is aleo transmitted along with his speech. It has been made possible 
by the invention of the photo-electric cell. These cella are also used 
for the detection of burglars. 


281. Sound Films :—In “talkies” a sound record is made on a 
film, and it is generally the edge of the film that carries the sound 
record. Sound waves falling on the diaphragm of a microphone produce 
variations in the current strength of the microphone circuit and this 
modulated current operates an electric bulb whose luminous flux 
yaries accordingly. So the current of varying strengths causes light 
in varying amounts to pass and excite narrow bands of the film. 
On developing the film, the density of the excited bands of the 
successive portions of the film will vary according to the amount of 
light falling there, and a dark band of varying densities will appear on 
the edge of the film. 


Film sound 


Fig. 214 

When a film is being shown, a beam of light is directed through the 
film on to a photo-electric cell, and a variation of electric current is 
produced in the olreuit of the photo-cell corresponding to the varying 
illumination coming through the excited portionsof the film (Fig. 214). 
The varying currents are amplified and passed through the coil of a 
loud-speaker, whereby the resulting vibrations in the diaphragm 
reproduce the original sounds. : 

232. Cathode Ray Oscillograph (C.R.0.):— It is essentially 
a Thomson apparatus in which electron emission is effected by a hot 
filament. Instead of magnetic field, eross-fields are provided with 
two pairs of condenser plates set at right angles to each other. It is 
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used for studying various types of periodic phenomena like alternating 
currents, magnetic cycles, sound waves etc. 


Here a beam of electrons possessing high energy is focussed on to 
a fluorescent zinc sulphide screen attached to the end of the tube 
which is opposite the cathode, A greenish blue spot of light is 
obtained on the sereen. Since the electron beam is very light, if can 
easily respond to the high frequenoy variation of an electric or mag- 
netic field near it. The nature of this variation can be visualised by 
the movement of the spot of light on the screen. 


In the attached figure (Fig. 215) C is the oscillograph tube which 
is highly evacuated. The electrons are supplied by the flament F 
which serves as the cathode and is heated to a high temperature by 
passing a desired current through it, Now-a-days an indirectly heated 
cathode is more commonly used. G is a metal cylinder having an 
opening in front of F for the passage of electrons. Gis maintained 
at a negative potential with respect to F and this potential can be 


Fig. 215 


varied by some suitable arrangement. 4; and A, are two metal cylin- 
ders serving as the anodes and kept at high positive potentials relative 
to F. The components F, G, A, and Aa together form the electron- 
gun of an oscillograph. S is the flucrescent screen. The interior of 
the tube is coated with a conducting paint, with the help of which, S 
is connected to Ás Thus S and A, are maintained at the game 
potential. This makes the electron beam approach the sereen without 
any change in the associated kinetic energy. YY and XX are two 
pairs of plates known a& the deflecting plates. These are placed 
between S and As. YY-plates, when connected to a voltage source, 
deflect the beam in the vertical direction and similarly. X X-plateg 
deflect it in a horizontal direction. 

The intensity and hence the brilliance of the spot on the screen 
depends on the number of electrons reaehing S per second i8., on the 
beam current. So the brilliance can be partly controlled by adjusting 
the flament current and the p.d. between the anode and the cathcde, 
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which supplies the energy of the electrons producing fluorescence on 
the screen. Again as G is at a negative potential with respect to the 
filament F the magnitude of the potential applied to G evidently 
controls the number of electrons passing out of the opening in G. 
Moreover, the fluorescent material used in the screen should have a 
high conversion efficiency and spectral response so that spot brilliance 
may effectively increase. 

Focussing cf the spot of light on the ecreen is mainly effected by 
applying suitable voltages to A, and A, which serve as an electron 
lens system. The focussing can also be done with the help of magnetic 
fields in place of electrostatic fields. If the spot of light is not at 
the centre of the screen, it can be easily brought to the centre by 
applying a small suitable voltage to either of the two pairs of plates as 
the occasion demands. 


233. Time Base Circuit :—In some experiments, it is necessary 
to keep the variation of any of the parameters in any direction (often 
horizontal) fixed with the cbange of time, i.e. proportional to time. 
For this purpose 2 particular voltage obtained with the help of a 
condenser and a neon lamp is applied to the X-plate of the C.R.O. 

Uses.—(1) Electrical measurements,—It is used in the measure- 
ments of small alternating currents and voltages, the effects of induct- 
ance and capacitance, the phase angle, power factor eto, in an a. c. 
circuit and also inductances of coils, dieleatrie logs etc, 

(2) Radio engineering—To test the radiotransmitter and 
receiver. 


(3) Radar and television,—It is an essential part of radar and 
television sets. 

(4) Electrical engineering.—To detect faults in a running 
dynamo and electric motor. The magnetic properties of steel etc. 
are also studied. 


(5) Medicine.—To study the actions of the heart and other parts 
of the body. 


(6). Industry.—To find the mechanical pressures, indicator dia- 
grams of internal combustion engines, the humidity in a room etc. 


(7) Measurements of short intervals of time.—In the measure- 
ment of time even less than a microsecond. 


234. Television.—The principle of television, which combines in 
itself the principle of wireless transmission and reception together 
with that of photo-electric emission, can be best explained 
by describing an earlier system wherein the picture is first 
analysed and then re-assembled by means cf -a rotating diso, 
known as Nipkow's scanning disc. This dise consists of a series 
of holes arranged in the form of a spiral as shown in Fig. 216. 
A small spot of light passing successively through the holes of the 
rotating scanning dise rapidly plays across the object again and 
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again till the whole object has been scanned from top to bottom. The 
object is ecanned about thirty times per second. The Scanning spot 
of light is reflected from the white surfaces and absorbed by the black 
or shadow regions. The reflected light falls on a photo-cell and a 
current flows which, after being duly amplified, is transmitted from~ 
the aerial. So the complete record of the appearance of the objectis " 
transmitted as electrical impulses in the modulated wireless waves. 
At the receiving station, the received signals arə demodulated and 
amplified. Then these received electrical pulses are sent through a 
neon discharge tube which glows in response. These glows in the 
neon tube are observed through a rotating viewing dise similarly 
constructed as the scanning one and synchronised with respect 
to that. Thus an integrated picture identical with the original 
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Fig. 216 


one is seen. In recent types of instruments the scanning and 
viewing discs together with the photo-cell and the neon tube have 
been replaced by specially constructed cathode ray tubes having 
photo-sensitive plates inside them. These are known as Zworykin's 
iconoscope. By this method the reproduction has been made more 
exact. 


235(a). Ieonoscope.—It is also called an emitron camera, There is a 
mica plate Minit. Globules of silyer and caesium are deposited on 
this mica plate, Because the globules are separated from one another 
by the mica and each of them is coated with the photo sensitive 
material caesium, they act as a number of tiny photo-cells. A nickel 
plate, N is attached to the other side of the mica sheet. This forms 
a condenser in which two metal plates (silver and nickel) are separa- 
ted by the dielectric material mica. 
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A specially desinged cathode-ray oscillograph (C.R.O.) forms ano- 
ther part of this inetrument which projects a stream of cathode rave 
on the mica plate, M. 
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The image of the object, O to be transmitted, is focussed on M 
through the lens, L. When light waves fall on the caesium-silver 
globules, electrons are emitted from each of the globules. The globu- 
les are thus become positively charged. The nickel plate on the 
other side of mica is thereby charged negatively and forms a conden- 
ser. Or, it may be said that an electrical image is formed on the 
plate, Af. 

A very narrow beam of electron stream ia made to traverse the 
whole picture on M from one end to the other on succession from top 
to bottom. For the act of this scanning a high frequency s.c. voltage 
is applied in the coils C,, Cs in the cathode-ray tube. The globule on 
which the cathode ray impinges, loses its positive charge. The cathode- 
ray falls on each of the globules nearly twenty times per sec, and the 
duration is 10°° sec. As the positive charge on the globules is lost the 
negative charge on the nickel plate is separated from the plate. The 
plate N is connected to an amplifier, which amplifies the electrical 
pulses generated by the globules, 


In radio transmission, sound waves are transformed into eleatro- 
magnetic waves and is transmitted to a very long distance, with the 
help of carrier waves. Similarly, in television the amplified electrical 
poraga are modulated by eleotromagnetic waves and sent to a distant 
place. 

235 (b). Kinescope—It is a modified form of a cathode-ray oscillo- 
graph. The aerial at the receiving station receives the television radio 
waves. Similar to the tuning of signals by a radio receiver, the 
television receiver also tunes the received signal and the received 
eleotrical impulses are sent to the grid of the C.R.O, The number of 
electrons emitted by the filament, F of the oscillograph varies with 
the electrical impulgeg at the grid. 
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The stream of electrons which constitutes cathode-rays can easily 
be bent or moved in any desired direction by either an electrostatic or 
an electromagnetic field, or by both ; where a set of deflecting plates 
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Fig. 218 


and a set of deflecting coils are mounted In the same plane on the neck 
9f the tube, on the outeide of the glass wall. By setting these two 
deflectors, one electrostatic and the other electromagnetic in the same 
plane, the movement of the beam in two directions at right angles to 
each other can be achieved. When a single field is applied either an 
electrostatic or an electromagnetic, two pairs of plates or coils at 
right angles to each other are to be used for the purpose. 


In order to build up the picture, of conree, it is necessary to deflect 
the beam in synchronism with the motion of the light beam across 


the object. 


For the transmission of the complete picture, three seta of signals 
are required : (1) picture signale, (2) horizontal scanning frequency 
and (3) impulses for framing (i. e. synchronising between individual 
pictures). Zworykin combined all the three signals andsent them over 
a single channel. To do this, the output of the photo-electric cells is 
first amplified to a sufficiently high level for transmission. There is 
then superimposed upon this signal a series of high audio-frequency, 
impulses, for a few cycles only, The picture frequencies, together 
with the superimposed horizontal scanning and framing frequenoies 
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are impressed upon the signal and the entire spectrum of singnals is 
then caused to modulate the radio carrier wave. 


At the receiving end, the detected output of the radio receiver 
after amplification is divided into two parts, one the horizontal 
scanning frequency which is applied to the deflecting coils of the 
kinescope, as Zworykin calls it, after amplification and the other, the 
picture and framing frequencies, is applied directly to the control 
electrode (grid) of the kinescope- 


In this way a fully automatic synchromisation is obtained. 

The electron beam thus modulated by the electrical picture 
impulses traverses the fluorescent screen again and again from top to 
bottom at the same ratio as at the transmitter. White and black spots 
are thus formed on different points of the screen corresponding to the 
white and black regions of the object. Thus the whole picture 
identical with the Griginal one is seen due to the persistence of vision. 


Uses :—(1) A theatre or cinema show, acircket match etc. can 
be viewed on a television sereen in our home. 


(2) Teaching is conducted in schools, 


(3) The use is very timited as the picture cannot be transmitted 
to long distances (not more than 50 miles). For long distance 
transmission a number of relay stations are required. 


286. Radar.—The principle of radar (Radio Detection and 
Ranging) or radiolocation resembles closely the determination of 
distance of an obstacle by timing the sound wave in passing from 
its source to the obstacle and back to form an echo. Ina radar, 
however, the waves are short electromagnetic waves emitted in a 
short burst. These waveson reflection from an electrically conduc- 


ting object returns back to the base after an interval of 2D 
c 


where D is the distance of the object and c the velocity of the waves. 


To make the location exact the waves used must be of short 
wavelength. The waves of a few centimetres length and of 
sufficient power me made by Boot and Randall with the help of a 
magnetron. Here an electron beam is made to rotate by means of a 
magnetic field. This beam in passing out of the mouth cf a cavity in 
a aopper block produces sufficiently strong electric oscillations for the 
purpose. 

The working of a radar can be explained in the following simple 
way. Here a narrow beam of very short electromagnetic waves 
is sent out from the transmitting equipments (T). This beam strikes 
the obstacle (say, an aeroplane) and is reflected back from the 
highly conducting surface of the obstacle. This reflected beam is 
then received by the receiver arrangements (R) located near the 

transmitter. A cathode-ray oscillograph is included in the receiver 
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circuit which enables the observer to detect the obstacle and also to 
determine accurately the distance between the obstacle and the receiver. 
To understand the method of exact estimation of the distance, let the 


Fig. 219 Fig. 220 


electron stream in the cathode-ray oscillograph at the receiving station 
be set moving horizontally on the screen at the rate of one inch per 
microseconds, just at the moment when a radio-beam is sent from 
transmitter. If the distance of the obstacle (or target) from the 
transmitter or the receiver be such that the beam requires y /-secs. 
for each way journey, then during the time (2y #-aecs), required by 
the beam to complete its outward and return trip, the cathode-ray 
stream would move through 2y[r inch on the screen which can be 
easily determined. At the time of transmission as well as at reception, 
the electromagnetic beams sent and received are partially applied on 
the horizontal electron beam on the goreen, whereby vertical Bumps 
or pips are produced at a and b. Thus knowing the distance between 
& and b on the soreen and the speed of the electron beam, the time 
interval is obtained accurately. Then from a knowledge of the 
velocity of the electromagnetic waves, the distance of the obstacle 
can be exactly estimated. 

By adopting the rotating device both for the radar aerial and the 
electron beam, even an outline of the target or obstacle can be 
obtained on the C.R.O. screen. 

Uses.—(1) To detect the enemy planes and locations of ammuni- 
tion factories during war. 

(2) To locate the positions of obstacles (like mountains ete.) by 
planes in a foggy westher, also ships can locate the existance of 
floating icebergs in darkness and sub-merged rocks. Radar is thus 
used.to gave the planes, ships etc. from accidents. 
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(3) In a foggy weather, planes can also safely land on the runway 
following the direction sent by means of radar signals from the airport. 

(4) The magnitude and distance of a rain cloud can be known by 
the reflection of radio waves from the water droplets in the cloud. 
An approaching cyclone can also be detected. " 

(5) Radar is also nged to find out the locations of useful materials 
like metal ores and oils etc. inside the earth. 

237. Electromagnetic Spectrum :—All electromagnetic waves are 
similar to the visible light rays and their velocities are the same 
(i.e. c— 9 X 10! 9 ema/aec), The only difference lies in their frequencies 
and wavelengths, All the raya starting from the Hertzian waves to 
the cosmic rays are shown in Fig, 221. The extent of the wavelengths 
of these rays varies from 13 X 10 ^* em. to 10° ems. or even more 
and it is called electromagnetic spectrum. 


T ‘Hertzian 
waves 
Cosmic (to 10"ems. ) 


rays 


197 16" 1979 45 109 107 109 10° we 
1 Wave length in cms, 
Fig. 221 


The distribution of wavelengths is as follows :— 

(1) Cosmic rays—The wavelength of these rays is minimum 
(nearly 2X 107 ** em.) but the frequency is maximum (15 X 10** c.p.s.). 
They are supposed to reach the earth from outer space. 

It is now known that they are not fully electromagnetic waves but 
consist of high energy fundamental particles such as electrons, protons 
and the secondary particles, positron and meson which are detected 
in the cosmic rays. 

There is evidence that a few particles enter the earth's atmosphere 
from outer space which consist of positively charged atomic nuclei, 
called Primary particles. Together with the electromagnetic waves, 
they produce the primary rays. They react with the nuclei of atoms 
in the atmosphere and produce various kinds of particles, called 
showers of secondary particles. Of these secondaries two are of 
particular importance ; they are the positron and the meson. 

(2) Gamma rays—They are emitted by the natural as well as by 
artificial radio-active elements. ¥-rays are emitted by the nucleus 
alter the f.rays have been emitted. The frequency of radiation is 
9X10'? to 2x 107° cycles per sec. where the wavelength is as Tow as 
1X10^'" to 1'4X 107? em. They possess a high penetrating power much 
greater than the ordinary X-rays, and can produce fluorescence. They 

can be detected by the Compton Effect and by the photo-electrie effect, 
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(8) X-rays.—X.rays are produced when the fast-moving electrons 
are madeto strikeasolidmetal target. They are emitted when the inner 
orbit of a heavy atom loses an electron and captures another onefrom 
an outer orbit. The frequency of radiation ie 3X10'^ to 5x 10%* 
cycles per sec., whereas the wavelength ranges from 6107? to 
14X107" cm, They possess a high penetrating power. They produce 
fluorescence and affect photographic plates. They can alaoionise a gag. 


(4) Ultraviolet rays—They consist of wavelengths (1X10^^ to 
4X 107" cm.) even less than that of the violet rays in thevisible range. 
They are invisible and are detected by their chemical and heat effects, 
They can be produced by electrical discharge and by the electric 
Sparks in vacuum. They are absorbed by glaes and can be photographed 
by reflecting gratings. 


(5) Visible rays.—They are produced by hot bodies and electric 
bulbs. Visible light consist of seven colours (violet to red) and extend 
over the wavelength range from 4X10"° to 8x 107° em. of the 
spectrum. Reflection, refraction, defraotion, polarisation ete. are 
some of the well-known properties of visible rays. 

(6) Infra-red rays.—They are emitted by red-hot bodies, Infra- 
red rays are invisible and can pass through fog or mist. Tho waye- 
length ranges from 8X 1075 to 4 X 10^? cm. 


Hertzian waves.—They are produced when electrical sparks 
pass across an air gap. When a high frequency oscillatory current is 
passed through an electric circuit and an electric discharge passes 
through the spark gap, the to-and-fro motion of the current causes the 
radiation into space of eletromagnetic waves which consists of 
Hertzian waves of long wavelengths ranging from 4X 10^? to 3X 10° 
oms. Similar to light waves they possess the properties of reflection, 
refraction, polarisation etc. 

(8) Wirless waves.—These are Hertzian waves of very long 
wavelengths extending from 6 X 10° to about 3X 10° oma, They are 
used in radio tranemiesions of sound and picture. 

288. James Clerk Maxwell (1831—1879) :—He was born in 
Edinburgh, Scotland, on the 13th Novembér, 1831. His father 
Jobn Clerk was by profession an advocate, a member of the 
Scottish Society of Arts, and of the Royal Society of Edinburgh. 
The famoua family of Clerks of Glenlair to which he belonged 
produced many talents not a few of whom were eccentric ; so was 
James Clerk. The surname Maxwell was added to bis old family 
name Clerk as he succseded to the estate of a Maxwell. [is 
mother died early. Whex about ten years old he entered th 
Edinburgh Academy for school edueation. At the middle of i; 
school carcer he began to show marks of superior telents in Math 
matics and English verse composition. When barely fiftees. he 
produced a paper, ‘On the description of oval curves, and those 
having a plurality of foci, with remarks by Pref. Forbes". He next 
entered the University of Edinburgh for higher studies where he 
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became a close associate of Prof. Forbes and Prof. Kelland. Here 
he read extensively many impor- 
tant works on Mathematics and 
Physics inspired by his com- 
patriot and subsequent neigh- 
bour Thomas Carlyle. While 
studying in this University he 
spent his long vacations at 
Glenlair where he set up a small 
laboratory of his own. Two 
important papers "The Theory 
of Rolling Curves" and “The 
Equilibrium of Elastic Solids” 
were published by him from 
Glenlair. At the age of nineteen, 
on thé pursuit for a mathemati- 
eal career. he entered St. Peter's 
College of the Cambridge Uni- 
versity where he had his old 
school fellow Tait. After one 
year he migrated to Trinity 
College, a college associated with 

James Clerk Maxwell the memories of Newton. Here 
he had Willam Hopking as his tutor. He passed as a second 
Wrangler but later won the Smith's prize bracketted with Routh, 
who became famous for his treatise on Rigid Dynamics. In 1356 
he became a Professor of Physics in Marischel College of the 
Aberdeen University. Next year he was married to Miss Katherine 
Dewar, sister of James Dowar of Dewar's flask fame, In 1857 
he won the Adam's prize for his essay on "The Motion of Saturn's 
Rings". He next accepted an appointment in King's College,sLiondon. 
Here he made three important investigations; one regarding the 
mixing of pure colours of the Spectrum ; the second on the motion of 
à countless horde of small solid bodies—s fore-runner of his Kinetic 
Theory of Gases, an idea originating from his investigations on the 
stability of the Staturn’s Rings; the third, on the construction 
of a standard ohm for the British Association. The c. g.s. 
system of units is due more to him to any body else, In 1900 the 
international Electrical Congress very rightly named the unit 
for ‘magnetic flux a mazwell; When retired to Glenlair during 
the period 1865—1870, he published the two volumes of his 
clebrated “Treatise on Electricity and Magnetism” in which he 
has given a conneoted mathematical theory of ail phenomena of 
electricity and magnetiem. Ha Started from the facts revealed 
by Faraday's experiments. This work set the starting point 
for many advances made in recent years. The électro-magisetic 
theory he proposed, has had wonderful applications. As a 
consequence of his theory, we have known that the velocity 
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of propagation of electrical disturbances ig the same as the velocity 
of light, that light itself is an electro-magnetic phenomenon, and 
also that the ratio of electro-magnetic units to electro-static unite 
is the same as the velocity of light in vacuum. He predicted that 
when a Leyden jar is discharged, electric waves would be produced 
in the ether. This was actually verified by Hertz in 1879. Modern 
wireless telegraphy ig based on this discovery. Maxwell can thus 
be truly called the scientific ancestor of Hertz, if Hertz was of 
Mareoni and others in wireless telegraphy. The origin of the 
method of Vector Analysis is also due to him. The Duke of 
Devonshire founded a physical laboratory, the Cavendish laboratory, 
after the family name of the Devonshirea which was opened in 
4874, and a chair of Experimental Physies—the Cavendish Professor- 
Ship. Maxwell as the first Cavendish Professor, had the honour 
of completing the construction and equipment of that great labora- 
tory in. 1877.. As the Cavendish Professor, he delivered in 1873 
his famous "Discourse on Molecules” before the British Association, 
No a in 1879 when he completed only the 48th year of 
s life, 


239. Heinrich Hertz (1857—1894) :—He was born at Hamburg 
Partly of Jewish blood, son of a German lawyer and senator. 
After studying in Munich and Berlin, he first became an aeietapt 
to Helmholtz in Berlin. Three years latter he entered Kiol Univer- 
aity where he stayed for two years. Inthe mean time some of hie 
research papers were published and he left for Karlsruhe where he 
became Professor of Physics 
ab the technical high school. 
It is here that he.did the most 
famous work of his life, but 
published the results, ‘‘Princi- 
ples of Mechanics, presented 
ina new form", when in 1889 
he went to Bonn ag. successor 
of Clausius. He actually de- 
monstrated the existence of 
electric waves in ether which 
Maxwell had predicted earlier 
in his electro-magnetic theory 
of radiation: He produced 
electric waves of different 
length and showed that they 
obeyec the same laws of re- 
flection and refraction as ordi~ 
nary light. The velocity of 
transmission of these waves 
was also proved by him to be 
the same as that of light. In E 
order to prove the presence of the invisible waves seb up by rapii 
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*lectric oscillations in conductors excited by spark discharge, Hertz 
‘made use of the principle of electrical resonance. His work has opened 
Up a world of phenomena which ia fast growing in importance 
every day. In connection with his experiments on electric 
oscillations he had to observe constantly small electric sparks 
produced by the resonators. He noticed in this connection (1887) 
that the sparks produced were longer when the light of another 
tpstk, or any kind of ultra-violet light, fell upon the negative 
electrode. A new phenomenon, namely phoio-electricity he thus 
discovered, which is relatively no leas important in its applica- 
‘pions to-day than his former discovery. The life of this scientific 
genius terminated at the early age of thirty-seven due to blood 
poisoning. 

240. Signor Guglielmo 
Marconi (1874—1937):—He 
was born at Bologna, son of 
a wealthy Italian. Herts’s 
demonstration of electro- 
magnetic waves inspired 
him to concentrate on 
studies in wireless, In 1899 
he came to England with 
an imporved apparatus for 
transmitting wireless sig- 
nals, and with the patronage 
of the British Government 
succeeded in establishing 
wireless communications be- 
tween England and France. 
In 1901 he sent wireless 
signals between Eogland and 
America, & distance of more 
than 2000 miles. Commercie! 
wireless telegraphy mw thus 
^ d E made possible by him. In the 

Signor Guglielmo Marconi firat world war he acted as a 
technical expert in the Italian Army. He was awarded the Nobel 
Prize in 1909 jointly with F. Braun. 


Questions 
1. Explain the principle of wireless telegraphy. (Pat. 1947) 
2. Describe a simple wireless receiving set. (All. 1935; U. P. B. 1947) 
3. Describe a triode valve. (All. 1945) 


4. Describe the construction and action of a triode valve and explain how 
it can be used for the detection of electro-magnetic waves. Mention other uses to 


which ue can be put in edic = receiving radio circuit, (R. U.1952) 
5 rite an essay on wireless telegraphy and telephony. . 1944, '46 
6. Write a short note on "Wireless", ur : (o. y 3. 1942) 
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APPENDIX 


PHYSICAL TABLES 


(1) REFRACTIVE INDEX OF SUBSTANCES 
AT 15°C. 


[With respect to air for Sodium light (A=5893A)) 


Solids Liquids 
Alum 1456 Alcohol (ethyl) 
Diamond 2:417 Aniline 
Felsper r52 Benzene 
Fluorite 14339 Canada Balsam 
Glass (Crown) 
ordinary 1:48—1:54 | Cedar oll 
dense 1:58—1:64-] Carbon bisulphide 
Glass (Flint) | Ether 
ordinary 1:53—1'67 | Glycerine 
dense 1:62—1:96 | Kerosene 
Ice r31 Olive oil 
Mica 156—160 | Paraffin oil 
Rock-salt 1:544 Turpentine 
Ruby 176 
Water 
———— — 1 se 
Cal 0°C. 
'alespar 40°C 
ordinary ray 16584 
extraordinary ray 14864 
Quartz 
ordinary ray 1:5443 
extraordinary ray 1:5534 


(2) CRITICAL ANGLES FOR SODIUM LIGHT 


Crown glass ++ 4145° Turpentine ES 


Diamond se 2425'* Water 
Rock-salt ve 40930* 


te m o 


menm 
-hh 
S285 


Lobe sear 
BESLEGAG 
5£5káh522 

Ba 


1333 


1331 


- 
m 
p 
N 


4315* 


+ 485* 
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(8) WAVELENGTH OF BRIGHT SPECTRAL LINES 


Substance 


Argon Hydrogen Blue (7) 
ear) 
Red © 


Yellow 


Helium 


Bombay 23:5 0:365 
Calcuita 2:99 0:372 
Dacca 324 0:371 
Dehara Dun 449 0:330 
Delhi 410 0:340 
Karachi 342 0:346 
Lucknow 399 0:385 
Madras 546 0:369 
Patna 409 0:361 
London 670 0185 
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(5) DIELECTRIC CONSTANTS 


Glass (Crown) ose a § to. 7 
» (Flint em Sa e n) 
Mica - -— 571007 : 
Ebonite (mean) E ow 3 
Paraffin Wax DU 72 to23 
Rubber E - o0 2511023 


Primary Cells 


Bichromate 


Bunsen 


(6) E.M.F. OF CELLS 


BMF. — EMF. 
(volts) (volts) 
Lead-acid 19—22 
Nickel-iron 
(alkali celly 1'1—14 
Standard Cells D 
Weston Cadmium 1:01824 
(normal) (20*C.) 
Int. volts 
Latimar Clarke 14326 
+ (15°C) 
Int. volts 
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(7) WIRE RESISTANCES 
(Ohms per Metre) 


German 
Silver 


(8) RESISTIVITY (SPECIFIC RESISTANCE) AND 
TEMPERATURE COEFFICIENT OF RESISTANCE 


Other 
substances 


resistance 
(per °C) 


Aluminium 
Antimony Carbon lamp 
Bismuth filament 
Cobalt Constantan 
Copper (or Eureka) 
(drawn) German silver} 16 to 40 ,, 
old 2 Glass 
Iron (cast) 74^ . (Ce HOD) 
u onan 139-15 (others) 
208 4X0 , | Graphite 
su ik 
Nickel 
Platinum Nichrome 
Silver Phosphor- 
Steel (soft) Bronze 
Steel (glass Platinoid 
hard) 
Tungsten 


Zinc 


PHYSICAL TABLES ; $27 


(9) E.M.F. OF COMMON THERMO.COUPLES 


(Values of a end b in the equation, E —at--bt* when one junetion 
is at O"C, and the other at t°C) 


4+0°0445 x 107* 
—0:0137 x 107* 


3T.54x 107* 
13:401 x 107* 


Copper constantan 


Iron-copper 


The values given above are only approximate. In commercial 
specimens the values of.a and b may differ considerably. 


(10) ELECTRQ-CHEMICAL EQUIVALENT (E. O.E.) 


Atomic Weight Chemical 
(0-16) | vate Equivalent | 


Element 


. Hydrogen 1 1008/1 | 000001045 
Oxygen 2 16/2 | 000008293 
Sodium 1 22:997/1- | 00002384 

\ Copper 63°57/2 | 00003295 
Zine 6538/2 | 00003387 
Silver 107:88/1 | 00011183 


(11) ELECTRICAL UNITS 
—————— 


Quantity Practical Unit Value in. cas. 
Units 
' Resistance 10° 
Current ampere 10 
E.M.F. volt 10* 
Charge coulomb jo~: 
Tnductance henry 107° 
Capacity farad 107* 
microfarad 10-14 


398 .. i INTERMEDIATE PHYSIOS 
(12) SOME IMPORTANT CONSTANTS IN MODERN PHYSICS 


Velocity of light in vacuum (0)=2'998 x 107° om. gec.^* 
Atomic Mass Unit (a.7i.u.) — zy of the mass of the atom of Qt 
: = 16603 X 107?* gm.—931'8 MeV. 
Avogadro's Number (N)—6'023 x 10*5 gm. mol," * 
Charge on an electron (e) — 4:802 x 107192 5.551 
71802 x 107*?e, m. unit 
71602 X 107*? coulomb. 


Mass of electron (m,)—9'109X 107** gm=5"'488 x 10-* amu, 
Mass of proton (Mass of a hydrogen stom my)=1'v73 X 107 3* gm. 
Mass of neutron (m4)— 1678 X 10-?* gm 
v^. Specific charge of electron (e/m)=5'37 X 101 esiu, gm. 
71759 X10" em.«u, gm.^? 
717759 X 10° coulomb gm.~? 
Ratio of mass of proton to that of electron (mp/m,) = 1837. 
Planck's constant (h)—6'695:« 10777 erg.-sec. 
Rydberg’s constant (E57) —1097 x 105. om. * 
Electron Volt (eV) —1'602 x 1073? erg. —10739 x 107? amú. 
Key =10°eV j 
MeV =10°eV = 170739 X 137? a.m.u. 
BeV — 10? eV. (American ueage) 
GeV 77 10"eV. (British usage) 
Coulomb --0*1 e. m. us of ebarge 3X 10? e.s.u. of ch irge. 
Faraday (7)—96591 coulombs 
Curie (c)=3°7 X 10*? disintegrationa per second. 
1 X Unit (XU)-— 100204 X 107** em. 
1 Volt — s3s e.s.2. of potential, 
Volume of 1 gm-mol. of a perfect gas at N.T.P. 
7224207 om’, 
No. of molecules in 1 c.c. of 
Hydrogen at N.T.P. — 9105 x 102” a 


(18) ELECTRO-MAGNETIC WAVES 


ee 


Kind of waves Wavelength in cm. Detector 

a i v EM E CUR —ÓM —Á0 

Electro-magnetic waves 2'5x10* to 5x 102 Radio set 

(used " Radio) ) o 
3j (in Television 10x 10* to 5x 102 Televisi 

Short T M. waves k AD pot i Ret l 

Infra-red waves "04 to 8 x 107* Heati 

Visible light waves 8x10~* to 4x 10-5 Eye 6e 

Ultra-violet waves 4x 107* to 14x 10-5 Chemical action 

X-rays 1x107* to 6x 10-10 Phosphorescence 

Gamma-Rays 14% 10-* to 1x 19-10 Ionisation 
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Aberration, spherical, 53, 133 $ 
chromatic, 214 

A, C. supply, advantage of, VII 
234 


Aclinic line, V 90 

Accommodation, 184 

Accumulator,VII 12, 156 

Actinic rays, 201: 

Action of points, VI 177 

Aerial, VII 287 

Alpha rays, VII 259 

Alternating, current, VII 198 ; 

* quantity, VII 199 

Ammeter, VII 81, 107 

Ampere, VII 16, 31 ; rule; VII 16 
theorem, VII 23,-turns, VII25 

Angle, of Deviation, 102; criti- 
cal, 88 

Angstrom unit, 204 

Anions, VII 145 

Atmospheric Refraction, 83 

Atom bomb, VII 276 

Atomic Power, VII 278 

Atomic spectra, VII 281 

Aurora Borealis, VI 178 

Astatic, galvanometer, VII 35; 
Needles, VII 35 3 

Atomic, number, VI 101 ; weight 

I 100 


Attraction and repulsion of curr- 
ents, VII 30 

Available volts, VII 62 

Ayrton's Universal shunt box, 
VII 79 


Back e m.f, VII 8 

Ballistic Galv,, VII 50 

Barlow's wheel VII 28 j 

Bell, electric VII 188 , calling, 
VII 189, Graham, VII 195 

Beta rays, VII 260 

Bichromate cell, VII 7 


Binocular vision, 189 

Biot's expt. VI 110 

Board of Trade Unit, VII 131 

Broad-side on position, V 54 

Bunsen, 227 ;-cell, VII 10; photo. 
meter, 18 f 

Calorescence, 226 ( 

Camera, pin-hole, 8, 182 ; photo- 
graphic, 179 j 

Candle, standard, 13 ; -powers, 

3 


1 

Candela, 15 

Capacity, electrical, VI 152 

Carrier waves, VII 287 

Cathode, VII 144 ; -rays, VII 241 

Cells; io series, VII 71; in 
parallel, VII 72 ; grouping of, 
VII 71; primary, VII 12; 
secondary, VII 12, 156; dry, 
VII 10, polarisation of, VII 7 $ 
voltaic, VII 4, VII 7, stan- 
dard VII 11; mixed circuit, 
VII 73 

Chromosphere, 204. 

Cinematography, 189 

Cinema tricks, 191 

Coercive Force, V 33 

Collimator, 206 

Colours, of bodies, 219 , of pow- 
ders, 220; primary and 
compiementary, 221, of 
paints or ‘pigments, 221 , of 
sky, 222 ; of sunset, 222 

Connection between static and 
current electricity, VII 55 

Commutator, Pohl, VII 85; 
Quadrant, VII 84_ 

Compass, needle, V 26, ship's 
V 90 


Concave, lens, 125, 131 ; mirror, 
47 
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Condensers, VI 152, capacity of, 
VI 155, grouping of, VI 166 

Conductance, VIL 57 

Conjugate arms, VII 89 

Consequent pole, V 7 

Controlling force, VII 34, 
Couple, VII 48 

Convex, lens, 124, 129 ; mirror,47 

Coolidge tube, VII 254 

Cork screw rule, Maxwell's, 

VII 18, Corpuscular theory, 241 

Cosmic rays, VII 273 

Coulomb, VI 116, VII 59 

Critical angle, 88 

Current, extra, VII. 171, 
primary and oscillatory, VII 
287 , sensitivity VII 51 , 

Cycle of Magnetisation, V 32 

Cyclotron, VII 268 


Daniell cell, VII 9 

Dangers from electricity, VII234 

Darkspce, Crooke's, VII 240 ; 
Faraday, NI 240 

Dead beat Galv., VII 50 

Declination, magnetic, V 79 

Defects of vision, 185 

Desecng force, VII 34 ; couple, 
VII 5 


Deuterium, VII 148 

Deuteron, VII 252 

Deviation angle of, 107; angle of 
minimum, 104; without 
dispersion 212 

Di-electric, VI 157 

Diplogen, VII 252 

Dioptre, 141 ; metre, 146 

Dip, magnetic, V 79, V 80; 
circle, V 83 

Discharge, VII 178, dark VII 240 

Dispersive power, 208 

Dispersion, of light, 195, without 
Deviation 209 

poule Theory of Magnetism, 


Duperrey's lines, V 90 
Dynamo VII 197 
Earth, as a magnet, V 4 ; direct- 7 


tive couple of, V 80 ; inductor, 
VII 19 


Eclipse, 6 

Edison Cell, VII 159; Thomas A. 

Edison, VII 195 

Eddy-currents, VII 172, VII 217, 

Eddy-current loss, VII 217 

Effective value, of current or 
EM.F, VII 203 

Einstein, Albert, VII 285 

Electric bell, VII 188; circuit, 


VIL 13, current VII 1, 4; 


field, VI 110; machines, VIE. 


172, motor, VII 227 ; poten- 
tial, VI 123, power, VII 130; 
wind, VI 178 

Electro-chemical equivalent, VII 
151 e 

Electrodes, VII 144 

Electrolysis, theory of, VII 145; 
laws of, VIE 150; uses of, 
VII 162 : 

Electro-magnet, V 6, VII 26 

Electro-magnetic induction, VII 
165 ; theory, 255 

Electro-motive force, VIL 4, VII 
59 ; Back, VII 6 

Electron, VI 99, VII 24 281; 
theory, VI 91 

Electrophorus, VI 172 

Electro-plating, VII 159 

Electroscope, condensing, VI 
166; gold-leaf, VI 96; pith- 
ball, VI 95 

Emission theory of light, 240 

End on positions V 53 

Energy, electrical, VH 130 

Epi-diascope, 178 

E.M.F. and P.D. VII 62 

Equator, magnetic, V 90 

Equipotential surface, VI 132 

Equivalent, chemical, VII 150; 
Electro-chemical, VII 151, 
lens, 143 

Ewing's theory, V 15 

Extra current, VII 171 

Eye, human, 183; the advan- 
tages of two eyes, 189 
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Farad, VI 152 

Faraday, VII 27; Mihael, VII 176 

Faraday's ice-pail expts, VI 108 
laws of electrolysis, VII 150 

Faraday dark space, VII 240 

Far-point, 185 

Fatigue, retinal, 221 

Fermat’s Principle, 30 

Field of view, 159 

Figure of merit, VII 51 

Fleming's left-hand rule, VII 27 ; 
right-hand rule, VII 170 

Floating battery, De la Rive’s, 
VII 25 


Fluorescence, 224 

Fluorescent Lamp, VII 181 
Flux, magnetic, VIT 168 
Foucault current, VII 217 
Fraunhofer, Josef, 226 ; lines, 201 
Fuses, VII 186 


Galilean telescope, 173 

Galvani, VII 52 

Galvanometer, the astatic, VIT 

35 ; the sine VII40 ; thetangent, 
VII 36 ; the moving coil, VII 
51 ; constant VII 37 

Gamma rays, VII 260 

Gauss, V 41 

Geissler Tubes, SVII 243 


Hamilton’s Mill, VI 178 
Heating effect of current, VI 126 
Heliograph and heliostat, 192 
Henry, VII 171 

Hertz, Heinrich, VII 321 

Huygens’ Principle, 242 
Hypermetropia, 186 
Hysteresis, V 32 


Ice-pail expt. Faraday’ s, VI 108 

Identification of, mirrors, 70; 
lenses, 132 

Illumination, 11 

Illumination power, 11 

Image, real and virtual, 31, 
inclination or dip, V 79 
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Inclined mirrors, 36 

Induced current, VII 165 

Induction coil, VII 172 

Inductance, mutual, VII 171 ; 
seif, VII 171 

intra red, 204 

Ion, charge on an, VII 152 

Ionisation, VII 257 ; current, 
VII 257 

Isodynamic lines, V 90 

Isotope, VII 251 


J, determination of, VII 127 
Joule's Law, VII 126 


Kathode, VII 240 ; rays, VII 240 
Kaleidoscope, 38 

Keepers, V 2 

Kelvin, Lord, VII 140 

Keys, VII 84 ` 
Kilowatt-hour, VII 131 
Kirchhoff, 228 

Kirchhoff's law, 204, VII 80 


, 
Lamp and scale arrangement, 
46 


arc, VII 184; electric, 

179 ; Fluorescent, VII 181 

Laplace's theorem, VII 20 

Law of, magnetic force, V 40; 
electric force, VIE 114-115; 
electrolysis, VII 144; reflec 
tion, 28 ; refraction, 75 

Least distance of distinct vision, 


E VII 
"M 


185 

Leclanche cell, VIT 8 

Lenses, 117 , achromatic, 216 

Lenz's Law, VII 169 

Leyden jar, VI 160. 

Lightning conductor, VI 179 

Lines of force, magnetic, V 24; 
electric, VI 114 

Lines of, Induction, V 29 ; magne- 
tisation, V 30 

Local action, VII 5 

Long sight, 186 
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Lord; Kelvin, VIL 140, Ruther- 
ford, VII 285 

Lost volts, VII 63. 

Lumen 16 t " 

itc Flux, 10 ; Intensity, 
1 3 


Magnifying power, 160, 166 

Magnet, artificial V 1; bar, V 2 
‘horse-shoe V 2 

Magnetic, axis, V 3; elements, 
V 79; lines of force, V 4; 
field, V 41 ; flux, V 4; Intensi- 
ty, length, V 4, meridian, V 
41; maps, V7 ; moments, V 
50; Poles, V 2; substances, 
V 8 ; saturation, V 7 

My rr V 60; Searle's, 


Marconi, Signor Guglielmo, V11322 
Mariner's compass, V 90 
Maxwell, James Clerk, VII 319 ; 
; Unit Tube, VI 115 
Mesotrons, or Mesons, VII 274 
Metre-bridge, VII 89 
Michelson, Albert Abraham, 257 
"Microphone, VII 193 
Microscope compound, 
„simple, 158 
Minimum Deviation, angle of, 
104 
Mirage, 98 
Mirror, rotation of, 34 ; cylindri- 
cal, 70 ; parabolodial 68 
Moment, comparison of 
maganetic, V 65, of inertia, 
V 64 


165; 


Motor, electric, VII 224 

Motor Starters, VII 227 

Multiple images by a thick 
mirror, 39 

Myopia, 187 


Near-point, 185 

Neon-Lamp, VII 
VII 243 

Neutral point, V 27, VI 121 


243; signs, 


Neutron, VI 99 
Newton's disc, 219 
Nuclear,  Fission, 
structure, VII 271 
Nucleus, VI 99 


Oersted, V 41, expt, VII 17 

Ohm, G. S., VII 121 

Ohm's Law. VII 55 

Opera glasses, 174 

Optical, bench, 16 ; centre, 119, 
lantern, 177 


VII 275; 


Parallax, 32 : f 
Paramagnetic and diamagnetic, 


V 33 
Peltier effect, VII 135 
Penumbra and umbra, 5 
Permeability, V 31 
Periscope, 38, 91 
Persistance of vision, 189 
Phase Difference, VII 202 
Phospborescence, 225 


Photo-electric, cell, VII 68; 
effect, VII 68 

Photometers, 19 

Photosphere 204 

Platinum-resistance thermo- 


meter, VII 67 

Plucker Tubes, VII 243 

Polarisation, VII 6 

Pole finding paper, VII 56 

Poie, equality of, V 49 

Positive, column VII 240; rays, 
VII 250 

P.O Box VII 93 

Positron, VII 274 

Potential, electric, VI 114, VI 
121; difference of, VI 124 
V 42, magnetic, VII 60; 
diagram, VI 134; of the 
earth, VI 123 

Potentiometer, VII 97 

Power of a lens, 141 ; electric, 
VII 130 

Presbyopia, 185 

Re axis, 120; focus, 45, 
21 
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Prism, 101; angle of, 101; 
erecting, 91 ; angle of mini- 
mum deviation of a, 104; 
limiting angle of a, 112; 
totally reflecting, 90 

Proof-plane, VI 104 

Proton, VI 100 


Quantum Theory of Light, 256 


Radio-active, VII 259; graph, 
VII 256 ; induced VII 269 

Radio-active, | Transformation, 
VII 263 

Rays, cosmic, VII 273 ; Gamma, 
VII 260; ultra-violet, 201; 
violet, 195 

Re-combination of colours, 218 

Reduction factor; VII 38, 154 

Reflection, laws of, 28 

Refraction, laws of, 75; illus- 
trations of 82 ; cause of, 78 ; 
cases of, 87 

Refracted ray, deviation of a; 
81 


Refractive index, 76 

Regulator, VI] 87 

Relative Aperture, 121 

Residual charge, VI 162 

Resistance (electric) and tem- 
perature, VII 67 

Resistance, VII 55, 57; inter- 
nal, of Cells, VII470; in 
series and parallel, VII 75; 
Specific, VII 58; measure- 
ment of, VII 87 

Retina, 183 

Retinal fatigue, 221 

Reversibility of light, 30 

Rheostat, VII 87 

Roget’s vibrating spiral, VIL 31 

Rotation of Currents VII 19 

Rómer, Olaus, 257 ; velocity of 
light, 231 

Ruhmkor ffs Coil, VII 172 


Rumford's photometer, 17 , 
Count 23 r 
Rutherford, Lord, VII 284 


Screen, electrostatic, VI 138; 
magnetic, V 39 

Search-light, 169 

Secondaty Cells, VII 12, 157 

Seebeck effect, VII 133 

Selenium Cell, VII 67 

Self-induction, VII 172 

Sextant, 35 

Shell, magnetic V 18 

Short-sight, 187 

Shunt, VII 77 

Sight, long 186 ; short, 187 

Sine galvanometer, VII 40 

Snell's Laws, 76 j 

Solenoid VII 24 ; field inside a, 
VII 25 


Spark, energy of, VI 174 

Spectrometer, 205 

Spectroscope, direct vision, 210 

Spectrum, pure, impure, 196; 
virtual, 198 ; different kinds 
of, 201 ; analysis of, 207 , 

Speed of a lens, 122 

Spherical aberration, 52, 133 

Stereoscope 176 

Strain, electric and magnetic, 

II 290 

Striation, VII 240 

Structure of atoms, VI 98 

Susceptibility, VI 37 

Suspended coil! galvanometer 

VII 50 

System of Distribution, VII 235 


Talkie, VII 310 

Tangent, galvanometer, VII 36, 
Law, V 51 ;sensitiveness of, 
VII 39 

Telegraph, VII 189; wireless, 
VII 287 

Telephone, VII 192, wireless, 

VII 92 
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Telescope, astronomical, 168 
Galilean. 173 , reflecting, 175 ; 
terrestrial, 170. 

Television, VII 340 

Terrestrial magnetisation, V 78 

Theories of light, 231; electro- 
magnetic, 255 ; electricity VI 
98; magnetism, aV 45 

Thermo-couple, Vil 1335 
Thermopile, VII 138 

Thomson effect, VII 136 

Three-wire Distributors, VII 235 

Total internal reflection, 89 

Tram car, VII 228 

Transformer, VII 228 

Transmission of electric, energy, 
VII 233 ; wave, VII 292 

Tubes of force, electric, VI 119 

Twilight, 41 

Ultra-violet, 199 

Umbra, 5; pens, 5 

Unit of Current, VII 20 


Valve, Fleming, VM 295; ther- 
mionic, VII 294;triode, VII 299 
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Velocity of light, 231, Fizeau,234 
Foucault, 238 ; Michelson, 239 ; 
Römer, 231. ` 

Virtual, 
198, value, VII 205 1 

Volta, VIL 14 ; Pile, VII 2 

Voltameter VII 144 ; copper, VII 
145 ; silver, VII 147 ; water, 
VII 147 

Voltage, drop, VII 64; sensiti- 
vity, VIL 51 

Voltmeter, VII 107 


Wait,the, VII 130 ;-hour, VII 131 

Waber theory, V 14 

Welding, electric, VII 186 

Wheatstone, bridge, VII 88 ; Sir 
Charles, VM 121 

Wimshurst machine, VI 174 

Wiring house, VII 237 

Wireless, VII 287 


X-rays, VII 253 


Zero-potential, VI 124 


image, 31; spectrum, | 
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